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Mr Abbott's book on physics, taken to the 
Ordinary Level of the General Certificate of 
Education, should be welcomed by teachers of 
physics for its combination of theoretical and 
experimental work, and for its practical outlook, 
which should make the course interesting also 
for those students who will not take physics 
beyond the Ordinary Level. The well-illustrated 
references to the application of physics in industry 
should also appeal to the more practically minded 
student. The author has rightly included an intro- 
duction to atomic and nuclear physics. 


COVER PHOTOGRAPHS 
Front Testing a model of the Concorde. Colour schlieren photographs 
obtained in the Wind Tunnel at the Royal Aircraft Establishment, Bedford. 
By using three-colour filters in the schlieren system areas of increasing 
pressure are seen as red schlieren and areas of decreasing pressure as blue 
schlieren, against a green background. 


Back Close-up of proton beam in a gas-filled irradiation cell in use at the 
Atomic Energy Research Establishment, Harwell. 


In the brief period since the first edition of this book was published 
elementary physics teaching has undergone momentous changes. 
Thus, while the basic structure and approach of the book have been 
maintained a great deal of revision has been undertaken, obsolete 
topics dropped, and much new material added. It is hoped that this 
will not only have taken account of recent syllabus changes but also 
anticipate important developments in the near future. 

While the primary aim is to suit the requirements of G.C.E. ordi- 
nary level and similar school syllabuses, careful attention has been 
paid to the needs of students in technical colleges. Experimental work 
has been presented as an integral part of the course. In addition to the 
table of contents a list of experiments, selected as suitable for class 
work has been included. 

Many teachers feel that the time taken up at the beginning of prac- 
tical periods in dealing with the presentation of results could be more 
profitably used, Full details regarding routine matters of this kind 
have therefore been given for each experiment. 

Throughout the text, all definitions and laws which must be 
memorized have been printed in bolder type. For revision purposes 
these have been listed in a separate index. All the line diagrams have 
been redrawn in a new style. The new format has brought improve- 
ments in the textual display and also has allowed for a considerable 
increase in the number of photographs. 

Priority is given to the SI system of units throughout, and the 
original policy of using only those terms, definitions and unit symbols 
recommended by the International Organization for Standardiza- 
tion (ISO) and adopted by the General Conference of Weights and 
Measures (CGPM) has been continued. The Imperial system has 
therefore been excluded. For convenience, however, metric gravita- 
tional units of force have been retained for the initial laboratory 
work in mechanics. Some reference to the CGS system of units has 
been made to help the student to understand original scientific 
literature in which the system has been used. The chapter on 
illumination has gone, together with calorimetry in thermal units, 
quantitative liquid expansion, and a number of other topics. 

Many of the remaining sections have been rewritten. Force of 
gravity, weight and weightlessness are dealt with more precisely, and 
relative density is now placed in its proper context as a convenient 
approach to the measurement of density. More emphasis is placed on 
molecular interpretation of phenomena, and the newer and more 
difficult concepts are treated as simply as is possible at this level. 
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The concept of the mechanical equivalent of heat has been rele- 
gated to its historical setting and the dynamical theory of heat is now 
interpreted in accordance with present views on the subject. Thus, a 
clear distinction has been made between internal energy, work and 
heat in thermodynamic processes. 

In electricity and magnetism the concept of magnetic flux has 
replaced that of lines of force. Nevertheless in certain instances it has 
been considered wise to bring in Faraday lines as a useful model for 
those who find the flux vector difficult on first acquaintance. The 
traditional molecular theory of magnetism has given way to simple 
treatment of the domain theory of ferromagnetism and, for complete- 
ness, there is a brief explanation of paramagnetism and diamagnetism. 

Among the new material will be found a chapter dealing with water 
waves and light waves, and another devoted to electrical calorimetry. 
The chapters concerned with the nature of matter have been expanded 
by the introduction of photoelectricity, the cathode ray oscilloscope, 
and some basic experiments on radioactivity. 

The whole text has been planned and revised, not only as a firm 
basis for the studies of future physicists and engineers but also to 
present physics to the general reader as a human intellectual discip- 
line, with deep roots in the past, and largely responsible for the 
development of our technological culture. 

My co-author, Mrs. U. P. Abbott and I are indebted to many 
who have helped at various stages in the preparation of the book. 
Dr. J. W. Warren of Brunel University, not only made many sugges- 
tions for the improvement of the original edition but has afforded 
invaluable help in the new sections of the present one. 

The stimulating discussions held over many years with Mr. 
K. J. B. Constable, M.Sc., and Mr. J. Underwood, B.Se., have been 
most valuable. Both of these colleagues made constructive 
suggestions which we have used in the textual revision, and Mr. 
Underwood again took over the task of providing answers to the 
problems. 

We shall always be indebted to Mr. E. J. Wheeler, M.Sc., of Surrey 
University, who read the typescript of the original edition and also to 
Mr. J. H. Avery, M.A., of Stockport Grammar School who read 
both the new as well as the original typescripts. Mr. C. F. Tolman, 
M.A., of Whitgift School very kindly made a thorough scrutiny of 
both the typescript and proofs, thereby enabling us to make many 
additional improvements. 

Finally, we are indebted to the late Sir John Cockcroft for his in- 
valuable criticism of the text of the original edition, particularly of 
those chapters dealing with atomic and nuclear physics. 

The present edition was produced entirely under the direction of 
Mr. Tim Wakeford whose expert advice and assistance we greatly 
appreciated. 

In this reprint, certain sections have been amended and new 
material added to Chapters One and Nine. We are grateful to the 
many correspondents whose helpful comments made these improve- 
ments possible. Especially, our thanks are due to Mr. H. Lodge of 
Altrincham Grammar School and Mr. E. J. Hay of the Technical 
Correspondence Institution, War Whetu, New Zealand. 


April 1970 A.F.A. 
ULP.A. 
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To measure the weight of a metre rule using a single 
known weight 


|. To study the simple pendulum. Measurement of g 
. To verify experimentally that F oc ma 
. To verify the conservation of momentum for interacting 


bodies moving in the same straight line 


. To measure personal power 
. To study the variation of mechanical advantage and 


efficiency of a pulley system with load 


. To measure the relative density of a liquid 

. To measure the relative density of a powder 

. To study the variation of pressure with depth in a liquid 
. To measure the density of dry air 

. To compare the densities of two liquids by means of 


Hare's apparatus 


. To verify Archimedes’ principle for a body in liquid 
. To measure the relative density of a solid by using 


Archimedes’ principle 


. To measure the relative density of a liquid by using 


Archimedes’ principle 


. To measure the relative density of a body which floats 
. To verify the law of flotation 
. To measure the relative density of solids and liquids by 


a balanced lever 


. To study Brownian movement 
. To measure the approximate length of a molecule 
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Heat 
28. To measure the coefficient of linearexpansion ofametal 174 
29. To verify Boyle's law for air 185 
30. To measure the number of joules equivalent to a calorie 

by the shot-tube method 216 
31. To measure melting point from a cooling curve 221 


(Measurement of specific heat capacities and specific 
Jatent heats will be found under Electricity) 


Light 
32. To verify the laws of reflection of light 243 
33. To study the image formed in a plane mirror 244 
34. To measure the focal length of a concave mirror 256 
35. To verify Snell's law of refraction 265 
36. To measure refractive index by the real and apparent 
depth method 269 
37. To measure the critical angle and refractive index of the 
material of a prism 271 


38. To study the deviation of light by a triangular prism 274 
39. Experiments to measure the focal length of a converging 


lens 282 
Wave Motion and Sound 
40. To construct a transverse wave model 304 
41. To study water waves with a ripple tank 305 
42. To measure the wavelength of light by a simple 

diffraction grating experiment 321 
43. To construct a longitudinal wave model 332 


44. To measure the velocity of sound by anecho method 335 
45. To verify that the frequency of a stretched string is 
inversely proportional to its length 349 
46. To measure the frequency of a tuning fork by using a 
sonometer 350 
47. To measure the velocity of sound in air by using a 
resonance tube 353 


Electricity and Magnetism 


48. To magnetize a steel bar by an electrical method 361 

49. To magnetize a steel bar by the methods of single and 
divided touch 361 

50. To study the magnetic properties of iron and steel 364 


51. Toplot magnetic flux patterns by theiron-filingsmethod 367 
52. To plot the magnetic flux pattern of a bar magnet in the 


earth’s field 371 
53. To plot the magnetic flux pattern near the base of a 

vertical magnetized iron pillar 376 
54. Experiments with a gold-leaf electroscope 382 
55. To study the simple cell 418 
56. To measure the internal resistance of a cell 434 
57. To measure the electrochemical equivalent of copper 455 
58. To measure resistance by the substitution method 481 
59. To measure resistance by the ammeter-voltmeter method 481 
60. To measure the resistivity of constantan 486 
61. To compare the e.m.f.s of two cells by using a potentio- 

meter 488 
62. To measure the specific heat capacity of a metal by the 

solid block method 504 


63. To measure the specific heat capacity of a liquid 505 


xxii 
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64, To measure specific heat capacity by the method of 
mixtures 507 
65. To measure the specific latent heat of steam (approxi- 
mate value) 
66. To measure the specific latent heat ofice by directheating 511 
67. To measure the specific latent heat of ice by the method 
of mixtures 512 


The Nature of Matter 


68. To plot the characteristic curve for a thermionic diode 547 
Experiments to study radioactivity begin on page 564 
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What is physics ? 


Until the end of the eighteenth century, the study of material things 
was treated as a single aspect of human thought and called natural 
philosophy. But, as knowledge increased, it was found necessary to 
divide the study of nature into two main branches, the physical 
sciences and the biological sciences. The biological sciences deal with 
living things, while the physical sciences are concerned with the 
properties and behaviour of non-living matter. 

The two main physical sciences are physics and chemistry. It is 
difficult to make a clear-cut distinction between the two, but, broadly 
speaking, chemistry deals with the action of one kind of substance on 
another while physics is concerned mainly with matter in relation to 
energy. It is the purpose of this book to explain what we understand 
by energy, to describe the various forms it can take and to show how 
its laws have been investigated. For elementary purposes, the study 
of physics may be grouped under such headings as mechanics, proper- 
ties of matter, heat, wave motion, light, magnetism, and electricity, 
but this list is by no means exhaustive. At a higher level we have 
particle physics which is concerned with the ultimate particles of 
which matter is composed; nuclear physics which deals with atomic 
nuclei, and plasma physics which relates to research on the produc- 
tion of energy by processes similar to those believed to be responsible 
for the sun’s energy. 

Since it is the most fundamental of sciences, physics finds numerous 
applications in other fields. Thus we have those branches of science 
known as physical chemistry and biophysics. Physics has also come 
to play an important role in medical and surgical research. 


The nature of physical knowledge 


In physics, certain properties of matter are measured and the results 
examined to see if there is any mathematical relationship between 
them. It is important to grasp the true meaning of the equations we 
find in a physics book. They do not tell us what things are in them- 
selves, but are simply a convenient way of expressing the laws 
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governing their behaviour. This is the main purpose of science, to 
seek out the laws of the universe and, if possible, to express them in 
precise mathematical form. Technologists use this information for 
such purposes as designing electric dynamos and motors, radio, 
television and radar installations, artificial satellites and spacecraft, 
nuclear power generators and so on, all of which have helped to make 
our material way of life so different from that of our forefathers. 


Measurements in physics 


All measurements in physics, even of such things as electric current, 
are related to the three chosen fundamental quantities of length, mass 
and time. Until about the year 1800, workers in ‘various countries 
used different systems of units. Thus, while an Englishman used 
inches, a continental scientist would measure lengths in centimetres. 
Fortunately, this unsatisfactory situation has now been changed by 
the efforts of various international committees of scientists who have 
met for discussion regularly over many years. 

In 1960, the General Conference of Weights and Measures recom- 
mended that everyone should use a metric system of measurement 
called the International System of Units (abbreviated SI in all lan- 
guages). The SI units are derived from the earlier MKS system, so 
called because its first three basic units are the metre (m), the kilo- 
gramme (kg), and the second (s). These will be explained shortly. 

At the present time, however, we still have to consult books and 
scientific and technical papers which use the older centimetre-gramme- 
second system (CGS units). Some mention of these units will there- 
fore be made later on so that the reader may be enabled to under- 
stand scientific Jiterature in which they have been used. 


Work of national physical laboratories 


Throughout history man has always realized the need for standard 
weights and measures, and from time to time these standards have 
been revised, improved, and established by law. 

In most big countries of the world there are laboratories, supported 
largely by government funds, in which scientists are at work on 
problems of industrial and national importance. In England we have 
the National Physical Laboratory at Teddington. These institutions 
are also responsible for maintaining and improving the standards of 
all the important physical quantities. Scientists from the various 
countries compare their results and regularly meet for discussion, 
and often they are able to announce new definitions of the basic units. 


Measurement of length 


Fig. 1 gives a glimpse of some landmarks in the history of length 
measurement. The SI unit of length is the metre, originally defined as 
the distance, at 0°C, between two lines on a platinum-iridium bar 
kept at the International Office of Weights and Measures at Sévres 
near Paris. Copies of this standard were made and sent to other 
countries. 

Now the trouble with metal standards of this kind is that they are 
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Modern end standard 


Fig. 1. Stages in the history of linear measurement. A1 metre interference 
comparator made by Carl Zeiss to a design based on a prototype deve- 
loped at the Physikalisch-Technische Bundesanstalt (the NPL of 
Western Germany). It is used at the National Physical Laboratory, 
Teddington, for highly precise calibrations of all sizes of end standards 
up to 1 metre length, in terms of the fundamental wavelength standard 
of the orange light from the gas krypton-86 on which the definition of 
the metre is now based. End standards calibrated in this manner are used 
as the practical standards of length for reference purposes in precision 
engineering. 


6 MECHANICS AND HYDROSTATICS 


28:35cm 
correct 
5 28-°45cm 
am A = 
4 yi 
Sa eaest “ 
» \ me 
i} 


Fig. 2. Parallax error 


Fig. 3, Engineer's callipers 


liable to undergo minute changes in length as the years go by. For 
instance, tests have revealed that the imperial standard yard shown 
in Fig. 1 has shrunk by a few parts in a million since it was made in 
1845. Small though this error is, the exacting requirements of modern 
science demand something better. The standard metre is, of course, 
open to the same objection. It was therefore decided to choose the 
wavelength of light as a length standard which we believe to be fixed 
and unalterable. So, in 1960 the metre was redefined as equal to the 
distance occupied by 1 650 763-73 wavelengths of a specified orange- 
red light from the gas krypton-86. 

These figures are given for interest only: one is not expected to 
memorize them. We cannot go into the details of the interference 
comparator shown in Fig. | but some simple experiments for 
measuring the wavelength of light will be described in chapter 26. 

Various other metric units of length are related to the metre by 
either multiples or submultiples of 10. Thus, 


1 kilometre (km) = 1 000 metres (m) 
1 metre (m) = 100 centimetres (cm) 
1 centimetre(cm)= 10 millimetres (mm) 


Very small lengths are measured in micrometers (um) and nano- 
metres (nm). 


= 1000 000 (or 10°) um 
= 1000 000 000 (or 10°) nm 


For day-to-day work in elementary physics laboratories we use 
metre and half-metre rules made of boxwood. They are graduated in 
centimetres and millimetres. Care should be taken to avoid damage 
to the ends of these rules, as they do not have a short ungraduated 
portion at the ends to take the wear. However, since a small amount 
of wear is almost inevitable, it is best, whenever possible, to measure 
from the 10 cm graduation and subtract 10 cm from the reading at 
the other end. 

Owing to the thickness of the wood, the eye must always be placed 
vertically above the mark being read, in order to avoid errors due to 
parallax (see page 244). Fig. 2 shows a millimetre scale giving a 
reading of 28 cm 34 mm. Since, in science, we invariably use decimals 
rather than vulgar fractions, we write this as 28-35 cm. The last digit 
has to be estimated. 


1 metre 


Use of callipers 


Fig. 3 shows a pair of engineer's callipers used for measuring dis- 
tances on solid objects where an ordinary rule cannot be applied 
directly. They consist of a pair of hinged steel jaws which are closed 
until they touch the object in the desired position. The distance 
between the jaws is afterwards measured on an ordinary scale. 

For some purposes, slide or vernier callipers are preferred (Fig. 4). 
These consist of a steel scale with a fixed jaw at one end. The object 
to be measured is placed between this and a sliding jaw. The callipers 
shown in the illustration also have inside jaws so that they can be used 
for such measurements as the internal diameters of tubes. 

The short scale of 10 divisions seen on the sliding jaw is called a 
vernier, This is named after its inventor, Pierre Vernier, a French 


MEASUREMENTS 


INSIDE 
JAWS 


OUTSIDE 
JAWS 


Fig. 4. Slide callipers 


technician who lived in the seventeenth century. The vernier enables 
us to obtain accurately the second decimal place in centimetre 
measurements without having to estimate fractions of a division 
by eye. 


How to read a vernier 


For use with a scale of millimetres, the vernier is a short scale 9 mm 
long divided into 10 equal parts, so that the difference in length be- 
tween a vernier division and a scale division is 0-1 mm or 0-01 cm. 
The vernier slides along the scale until its zero mark just touches the 
end of the object being measured (Fig. 5). 

The diagram shows a scale and vernier giving a reading of 5-34 cm. 
The fraction of a scale division shown as x is given by the second 
decimal place. Looking along the vernier, we notice that the fourth 
vernier mark coincides with a scale mark. Counting back from this 
mark towards the left we see that the differences between successive 
vernier marks and scale marks increase by 0-1 mm or 0-01 cm each 
time, finally giving the distance x as being equal to 0-04 cm. It follows 
that the second decimal place in the measurement made is given by the 
number of a vernier mark which coincides with a scale mark. 

Besides callipers, many other instruments are fitted with verniers 
(see pages 125 and 157). 


The micrometer serew gauge 


For measuring the diameter of a piece of wire and similar small 
distances, a micrometer screw gauge is used. The first person to think 
of using a screw for this purpose was an astronomer named William 
Gascoigne, who was killed at the battle of Marston Moor in 1644. 

The chief features of the instrument are shown in Fig. 6. The most 
important part is a screwed spindle which is fitted with a graduated 
thimble. The screwed portion is totally enclosed to protect it from 
damage. The pitch of the screw is 0-5 mm, so that the spindle moves 
through 0-5 mm or 0-05 cm for each complete turn. 


Here the 4th 
vernier mark 
coincides with 
a scale mark 


SCALE 


VERNIER 


Fig. 5, How to read a vernier 
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When taking a reading, the thimble is turned until the object is 
gripped very gently between the anvil and spindle. Some gauges are 
fitted with a spring ratchet which prevents the user from exerting 
undue pressure. The sleeve shown in the diagram has a scale of half 
millimetres, each of which represents one complete turn of the screw. 


Anvil Spindle Sleeve Thimble Ratchet 


Sleeve reads 0-55 cm 
Thimble reads 
12 divisions = 0-012 cm 


Frame Total reading = 0562 cm 


Fig. 6. Micrometer screw gauge 


Fractions of a turn are indicated on the thimble, which has a scale of 
50 equal divisions. Each division on the thimble, therefore, represents 
a screw travel of one-fiftieth of half a millimetre or 0-001 cm. Express- 
ing the result in centimetres and remembering that 0-5 mm = 0-05cm, 
it follows that the sleeve reading gives the units and the first two 
decimal places, while the thimble reading gives the third decimal 
place. 


Mass and weight 


The mass of a body is the quantity of matter it contains, and the 
basic SI unit of mass is the kilogramme. The standard kilogramme is the 
mass of a certain cylindrical piece of platinum-iridium alloy kept at 
Sevres. Its various multiples and submultiples are given below: 


1 tonne (t) = 1000 kg 
1 kg = 1000 grammes (g) 
1 g = 1 000 milligrammes (mg) 
1 g = 1000 000 microgrammes (ug) 


The kilogramme was originally intended to be equal to the mass of 
1 000 cubic centimetres (cm) of pure water at the temperature of its 
maximum density, 4 °C. But a slight error was made at the time and 
the kilogramme is actually equal to the mass of 1 000-028 cm? of water. 

The weight of a body is the force it exerts on anything which sup- 
ports it and, normally, it exerts this force owing to the fact that it is 
itself being attracted towards the earth by the force of gravity. All 
this will be discussed in more detail in later chapters. 

In everyday conversation the distinction between mass and weight 
is relatively unimportant: a butcher who had not studied physics 
would doubtless be surprised if a housewife who had done so, asked 
him what was the mass of her week-end joint. In science, however, 
we must be careful to distinguish between them. Formerly this was 
done by adding the word “weight”. Thus, the weight of a body of 
mass 5 kg would be written 5 kg wt. At the present time, it is more 
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usual to use the word “force” instead of “weight”. Hence, we now 
say 5 kilogrammes force and write it as 5 kgf instead of 5 kg wt. 


Measurement of mass 


Since weight is proportional to mass, we can measure the mass of 
a body by comparing the earth’s pull on it with the pull ona standard 
mass. For this purpose we use a beam-balance and a box of “weights”. 
Strictly speaking, these weights ought to be called “standard masses”. 

The balances used in laboratories differ from those used in shops 
in that they are more sensitive. This means that they respond to much 
smaller changes of weight in the pans. The bearings of the beam and 
seale-pan stirrups are made either of agate (a very hard, semi- 


= vay 


Beam bearing Stirrup bearing 


Stirrup Beam Balancing screw 


\ 
Hook— 


Plumbline 


Arrestment knob —/ Levelling screw 
Fig. 7. Laboratory balance 


precious stone) or synthetic sapphire (Fig. 7). The beam is pivoted 
about an agate knife-edge resting on agate planes, while the stirrups 
have V-shaped agates resting on knife-edges at the end of the beam. 
Bearings of this type possess very little friction, and so the beam 
swings freely without sticking. Also, the accuracy of the balance is 
improved, since the sharpness of the knife-edges ensures that the 
distances between the stirrup bearings and the beam bearing remain 
constant as the beam swings. 
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Naturally, the knife-edges are fragile and are easily blunted if the 
balance is jolted. Hence, when the balance is out of use, or before 
anything is placed on or removed from the pans, the beam is brought 
to rest by turning the arrestment handle or knob. This lowers the 
centre bearing and brings the knife-edges out of contact with their 
planes. 

Fig. 7 shows the main features of an ordinary laboratory balance. 
However, some are fitted with rider or chain attachments for reading 
fractions of a gramme. The balancing screws at the ends of the beam 
occasionally require adjustment to allow for changes in the mass of 
the pans brought about by cleaning or wear. 


How to use a balance 


Before attempting to weigh something, the levelling screws at the 
base of the balance must be adjusted until the plumb-line hangs 
centrally through its ring. If the beam is now raised, the pointer 
should swing through equal numbers of divisions on either side of the 
central mark. If it fails to do so, the balancing serews may need slight 
adjustment, but first make sure that the stirrups have not been 
displaced. 

The object to be weighed should always be placed in the left-hand 
pan. Even the cleanest fingers are slightly greasy, and so forceps are 
always used for handling weights. Having found a weight which is 
slightly less than the weight of the object, extra weights are added in 
decreasing order of magnitude until the pointer swings equal numbers 
of divisions on either side of the central mark. Beginners soon learn 
that random choice of weights is a waste of time. Do not forget to 
lower the beam every time before weights are added to or removed 
from the pan. To set the beam swinging, a pan may be gently fanned 
with the hand. 

Having completed the weighing, write down the result and then 
check it carefully before replacing weights in the box. Do not try to 
weigh hot objects and always wipe the outside of a bottle or beaker 
containing liquid before placing it on the pan. 


Volume of liquids 


The volume of a liquid is measured in /itres. The litre has had an 
unfortunate history. 

The litre is 1000 cubic centimetres (cm*) and, when the standard 
platinum-iridium kilogramme was constructed in 1889, it was intended 
to be the mass of | litre of pure water at the temperature of its 
maximum density, 4°C. 

The litre was then officially defined as the volume of | kg of pure 
water at 4°C. This is where the trouble began. In 1907, careful experi- 
ments showed that a slight error had been made in constructing the 
standard kilogramme. It was found to be the mass of 1 000-028 cm* 
of water. Consequently, as defined above, 


1 litre = 1 000-028 cm? 


At the time it was decided to leave the matter as it stood and to 
divide the litre in 1 000 equal parts called millilitres (ml) so that, 


1 cm* = 0-999 972 ml 
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Scientists thereupon began to use burettes and other liquid- 
measuring vehicles calibrated in ml instead of cm}. 

At the present time we are almost back where we started. In 1964, 
the General Conference of Weights and Measures redefined the litre 
as equal to 1000 cm’. This means that the /itre is, by its new definition, 
related directly to the metre and not the kilogramme. 

However, vessels calibrated in ml are likely to continue in use for 
some time but except for very accurate analytical work we may 
assume that 1 ml = 1 cm’. 

Fig. 8 shows a selection of graduated vessels in common use. The 
measuring cylinder is for measuring or pouring out various volumes 


20 
mi 


4) 


Measuring Measuring Pipette Burette 
cylinder flask 
Fig. 8. Volumetric glassware 


of liquid; the measuring flask and the pipette for getting fixed pre- 
determined volumes. The burette delivers any required volume up to 
its total capacity, usually 50 ml, and is long and thin to increase its 
Sensitivity. Burette divisions generally represent 0:1 ml, but measuring 
cylinders may be graduated at 1, 5 or 10 ml intervals according 
to size. 

Readings on all these instruments are always taken at the level of 
the bottom of the meniscus or curved surface of the liquid. Mercury 
is an exception, as its meniscus curves downwards. Care should be 
taken to place the eye correctly so as to avoid parallax errors (Fig. 9). 
When taking readings, the pipette and burette must be upright and 
the cylinder and flask must stand on a horizontal bench, otherwise 
errors may arise from tilting. 


Measurement of time 


Everyone knows that a day is divided into 24 hours, each contain- 
ing 60 minutes of 60 seconds each. At first, water clocks were used 
and later on mechanical clocks were made to measure time in these 
units. Until recent years the accurate measurement of time has not 
been easy. For reasons which we need not discuss, the length of the 
day varies throughout the year, so that an average value has to be 
taken. 

At the Royal Greenwich Observatory there are a number of very 
accurate clocks which are checked daily against astronomical ob- 
servations. These clocks are similar to ordinary electric clocks but are 
controlled by the vibrations of quartz crystals. These quartz clocks 


Fig. 9 
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Fig. 10. Scale and vernier model 
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are themselves checked by the caesium atomic clock at the National 
Physical Laboratory. 

The atomic clock is too complex a device to be described in detail, 
but briefly it is a radio transmitter giving out short waves (about 
3 cm long), the frequency of which is controlled by energy changes 
in gaseous caesium atoms. The great advantage here is that the 
frequency (i.¢., the number per second) of the changes is constant and 
not subject to error. 

By using a caesium clock time intervals can now be measured with 
an error of not more than one second in 3 000 years! This is so much 
better than results obtained by astronomical observations alone, so 
in 1967, the second was redefined as the time interval occupied by 
9 192 631 770 cycles of a specified energy change in the caesium atom. 


Unit symbols and physical quantity symbols 

In this chapter we have mentioned some unit symbols; e.g., m for 
metre, kg for kilogramme, s for second and so on. We shall meet 
others later on. It is important to note that these symbols are always 
printed in roman (upright) type. 

In contrast, the symbols used to represent physical quantities are 
printed in italic (sloping) type. Thus, the symbol m represents a 
particular mass in kilogrammes, while t represents a time in seconds. 
Now these italic symbols represent not only the numerical value of 
the quantity but a/so the unit in which it is measured. In order to 
avoid confusion in certain cases it is therefore advisable to specify 
the unit being used. Hence, for example, when referring to a radius r 
it is wise to add (in m) or (in nm) as the case may be. 

It is not an accepted convention to write rm or r nm, since as we 
have stated above, the italic symbols alone represent both the 
numerical value of a quantity as well as the unit in which it is 
measured. 


To construct a model scale and vernier 


Using stiff paper or thin card, construct a model scale and vernier 
in which the scale divisions are 1 cm long, and the ten vernier divi- 
sions are each 9 mm long. This will enable you to measure lengths to 
an accuracy of 1 mm (Fig. 10). 

If all the dimensions of your model were reduced to one-tenth of 
their size you would then have a scale and vernier like the one on 
this page which measures to within 0-1 mm. The large scale model will, 
however, enable you to see and understand the principle more 
clearly. 


QUESTIONS: 1 
1. Write down the vernier readings in Fig. 11 (i). 


2. What are the micrometer readings shown in Fig. 11 (ii), in which the 
horizontal scale is in mm above and half mm below. 


3. Name the instruments you would use for the following measurements: 
(a) diameter of a piece of wire; (6) internal and external diameter of a tube 
of about 5 cm bore; (c) average thickness of a page of this book. 


One thing to which a student must become accustomed is that 
many words of everyday conversation have a special meaning when 
used in a scientific sense. Take the words “force” and “power”, 
for example. Most dictionaries describe these words as meaning the 
same thing. In physics this is not so, as will be explained in due 
course. 


What is force? 


The word “force” generally denotes a push or a pull. Now it is not 
possible to describe a force as we can describe some material object 
such as an apple. We can only say what force can do. When a body 
is acted upon by a resultant force it will begin to move. If the body 
is already moving a force may alter its speed or alter its direction of 
motion or else bring it to rest. We therefore define force as follows: 

Force is that which changes a body’s state of rest or of uniform 
motion in a straight line. 

The relation between force and motion will be discussed more fully 
in a later chapter. 


Gravitational force 


The force of which we are constantly aware in our daily lives is that 
which pulls us towards the earth. This is called gravitational force. 
Sir Isaac Newton came to the conclusion that gravitational force 
exists between all bodies. Thus, two stones are not only attracted 
towards the earth but also attract each other. Normally, we do not 
notice this force owing to its smallness, although it can be measured 
with sensitive instruments. Nevertheless, two 50000 t ships lying 
side by side attract each other with a force of about 18 kgf. 

Newton's law of universal gravitation states that any two particles 
of matter attract one another with a force which is proportional to the 
product of their masses and inversely proportional to the square of their 
distance apart. Strictly, this law applies only when the distance is 
large compared with the dimensions of the particles. 

Newton realized that gravitational attraction applied not only to 
bodies on the earth but was also responsible for holding the moon in 
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its orbit about the earth and also the earth and its fellow planets in 
their orbits round the sun. 


Centripetal force 


It is important to grasp the idea that, to keep a body moving ina 
circle there must be a force on it directed towards the centre. This is 
called the centripetal force. Before Newton's time it was believed that 
invisible spokes radiated out from the sun and pushed the planets 
round. Newton’s insight into the problem convinced him that a push 
such as this was not necessary. The planets, carrying their atmo- 
spheres with them, go on moving in their orbits because the great 
vacuum of space offers no opposing force to their motion. Centri- 
petal force is, however, required to produce the continuous change 
of direction which occurs in the orbit and this is provided by gravita- 
tional attraction. 

We can try a simple experiment to demonstrate centripetal force by 
securely tying a suitable mass on the end of a string and swinging it 
round, The pull in the string which is providing the centripetal force 
can easily be felt and we notice that it varies according to mass, speed, 
and path radius. 

In a laboratory experiment, of course, the circular motion of a 
mass on a pivoted arm will, if left to itself, rapidly come to rest owing 
to air resistance and so on. No such resistance is offered to the planets 
as we have already said; so they continue to move. 


Weights as units of force 


On page 8 we described the weight of a body as a force which the 
body exerts on its support. The weights of a kilogramme or gramme 
(kgf and gf), are used as units of force in elementary work but they 
are unsuitable for accurate scientific work since the weight of a body 
depends on where it happens to be relative to the earth. 

The earth is not a perfect sphere, but bulges at the equator so that 
if a body is taken from a pole to the equator its distance from the 
centre of the earth will increase. Consequently, in accordance with 
Newton’s law, the gravitational pull on it will get less. 

However, there is another factor causing the weight to decrease, as 
we shall now explain. 


Relation between total gravitational force and weight 


If we stand on a spring weighing machine, the force or weight we 
exert on it comes from the earth’s gravitational attraction on us. But 
the weighing machine does not measure the fofal gravitational force. 

Owing to the rotation of the earth on its axis we happen to be 
moving in a circle dependent on our geographical latitude. Conse- 
quently, part of the gravitational attraction has to provide centripetal 
force required to keep us moving in that circle. The remaining part 
of the gravitational force simply presses us down on the earth’s 
surface. This part of the gravitational attraction we call our weight, 
and this is what the spring weighing machine measures. 

Only at the poles, where there is no motion in a circle, would it be 
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true to say that weight is equal to the total gravitational force. We 
must remember, of course, that the two factors we have mentioned, 
namely, the bulge effect and the centripetal force are both very small. 
The reduction in weight of a body as between pole and equator does 
not amount to more than about 4 per cent of the total gravitational 
force. We may, therefore, define weight as follows: 

The weight of a body with respect to the earth is that force which 
the body exerts on anything which freely supports it. 

To avoid confusion we shall now summarize the terms which will 
be used in this book in any further discussion relating to bodies at 
rest on the earth’s surface. 

(1) By the term force of gravity we mean that part of the total 
gravitational force which acts on a body and so enables it, in turn, to 
exert an equal force on its support. This force on the support is 
called the body's weight. 

(2) The centripetal force is that part of the total gravitational force 
which is required to constrain the body to move in its circle of latitude. 
(3) The sum of the force of gravity and the centripetal force is 
equal to the total gravitational force as given by Newton’s law of 
gravitation. 


Action and reaction forces 


Sir Isaac Newton pointed out that, whenever a force acts ona body, 
there must be an equal and opposite force or reaction acting on some 
other body. He called this one of the laws of motion, and expressed 
it in the simple form: ‘Action and reaction are equal and opposite.”” 

To take an example, a book presses on a table with a force equal 
to its weight. The table exerts an equal upward reaction force on the 
book. We shall meet similar examples in the chapters which follow. 

Before leaving the subject, we must warn the reader not to confuse 
action and reaction forces with the forces which are keeping the book 


Reaction of table Reaction of table 
on book on book 
Weight of book Force of gravity 
acting on table acting on book 
(True action and (Forces in 
reaction forces) equilibrium) 
Fig. 12 


in equilibrium, or at rest, with respect to the table. The book is at rest 
under the force of gravity on it which is balanced by the upward 
reaction on it from the table. Both forces are acting on a single body, 
i.e., the book and hence cannot be called action and reaction forces 
(Fig. 12). 
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Weightlessness 


We shall now let our imagination run on a “thought experiment” 
Suppose we were to stand on a spring weighing machine and that, by 
some means, the earth’s rotation could be speeded up, carrying its 
atmosphere with it. 

With increasing speed, more and more of the earth’s gravitational 
force would be used in providing the extra centripetal force required 
in the circumstances. Our weight, which is equal to the difference 
between the total gravitational force and the centripetal force, would 
therefore be less. Consequently the weighing machine would indicate 
a smaller weight. 

If the earth’s rotational speed continued to increase, then at a 
certain critical speed, the necessary centripetal force would be just 
equal to the total gravitational force. No resultant force would be 
left over to provide weight and so the weighing machine would read 
zero. In other words we have become weightless although the full 
gravitational force still continues to act. 


Weightlessness in space vehicles 


It is a well-known fact that astronauts experience weightlessness 
when their spacecraft are in orbit about the earth. In such circum- 
stances, the earth’s gravitational pull is just sufficient to provide the 
centripetal force required for their particular mass, speed, and orbital 
radius. Mechanically speaking they are in a similar position to the 
person we have just described on a fast rotating earth. 

When an astronaut goes outside his cabin, the situation as far as 
the earth’s pull goes is still the same. There is, of course, gravitational 
attraction between the astronaut and his cabin in accordance with 
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Fig. 13. Artificial weight in a spacestation 
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Newton’s law but, owing to the comparatively very small masses of 
both, the attraction between them is exceedingly small. It is far too 
small, in fact, to bring him back if he jumped off and so he has to use 
a life line. 


Artificial weight in a spacestation 


Weightlessness in a space vehicle is highly inconvenient to an 
astronaut in many ways. For example, he cannot pour liquid into a 
cup, neither can he drink from it: controlled movement is possible 
only by the use of handrails and so on. 

Tt has been suggested that the spacestations of the future for use 
as manned observatories or as staging posts for space exploration 
might be built in the form of large wheels with hollow rims as in 
Fig. 13. These would be set in rotation so that the outer rim, which 
acts as the floor, would have to apply a radial centripetal force to the 
occupants or any objects inside to keep them moving in a circle. 

The equal and opposite reaction to this centripetal force which any 
person or object exerts on the floor would act as an artificial weight, 
thus allowing eating, drinking, and working in comparative comfort. 
The value of this weight would be made equal to or less than the 
normal earth weight simply by adjustment to the speed of rotation. 

As an interesting sidelight, the reader will realize that if a person 
walked round the station in the direction of its rotation his weight 
would increase, while walking in the opposite direction would cause 
it to decrease. 


To calibrate a spring balance 


Forces or weights are often measured by means of a spring 
balance or dynamometer. The principle underlying the spring balance 
was first investigated in the seventeenth century by Robert Hooke. 
He showed that when a spring is fixed at one end and a force is applied 
to the other, the extension of the spring is proportional to the applied 
force, provided the force is not large enough to stretch the spring 
permanently. This is an application of Hooke’s law (see page 157). 

In order to verify the above statement experimentally, a spiral 
spring with a scale pan and pointer attached is held vertically by a 
clamp and stand (Fig. 14). Weights are then added to the pan, say, 
10 gf at a time, and the corresponding extensions of the spring are 
calculated from the readings of the pointer on a scale of millimetres. 
A second set of readings is taken as the pan is gradually unloaded. 
The readings should be entered in a table as shown and the mean 
extension for each load calculated. 


Balance readings (cm)| Mean Extension Extension 
Force reading of spring force 
(gf) Loading | Unloading (cm) (cm) (cm per gf) 


Spring 


Millimetre 
scale 


Scale pan 


Fig. 14. Spring balance 
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The results show that, for each reading taken, 


extension in cm 


: = constant 
force in gf 


hence extension « force 


This relationship may also be verified by plotting a graph of 
extension against force, when a straight line through the origin is 
obtained. 

Fig. 15 shows a typical graph obtained in this experiment. Such a 
graph is called a calibration curve for the spring. 


Use of a calibrated spring balance 


The spring of the previous experiment may be used in conjunction 
with its calibration graph for the purpose of measuring unknown 
weights. Suppose, for example, the extension of the spring is 5 cm 
when a piece of metal is placed in the pan. From the graph it will be 
seen that an extension of 5 cm corresponds to a force of 45 gf. 


Can a spring balance be used to measure mass as well as 
weight? 


If a spring balance has been calibrated using standard masses as 
weights it will measure mass as well as weight, but only at the place 
where the original calibration was carried out. If used elsewhere, it 
will correctly measure weight, but only in terms of the weights of the 
standard masses at the place of the original calibration. 


Sensitiveness of a spring balance 


If two similar spring balances are connected together to make a 
spring twice the length, the extension for a given load will be twice 
that produced in a single spring. The longer spring is, therefore, more 
sensitive. 

As the weight of a body increases by only about 4 per cent if it 
is moved from the equator to a pole, it would require a very sensitive 
spring balance to detect the small changes in weight which occur 
when a body is moved from one place to another. Commercial 
balances have comparatively short springs, and consequently would 
be too insensitive for this purpose. These balances are obtainable in 
a wide range and have their scales calibrated directly in various force 
or weight units. 


Friction 


Friction is the name given to the force which opposes the relative 
sliding motion of two surfaces in contact with one another. Tt plays 
a notable part in our daily lives. For example, we are reminded of the 
importance of friction every time we slip up on an icy pavement or 
a polished floor. Walking would be impossible if there were no fric- 
tion between the ground and the soles of our shoes. If the pavements 
were perfectly frictionless the only way we could get about would be 
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with the aid of pegs in the soles of our shoes and holes in the pave- 
ments to correspond. Quite often our lives depend on the force of 
friction in the brakes of an automobile or a railway train. 

There are one or two technical terms used in the study of friction 
which we shall illustrate with a few simple experiments. 


Limiting friction 


A rectangular block of wood placed on a flat surface has a string 
and spring dynamometer, i.e., a balance calibrated for horizontal use, 
attached to it so that a horizontal force can be applied (Fig. 16). 

If a gradually increasing force is applied to the block it will, at 
first, continue to remain at rest since an equally increasing but 


Horizontally calibrated 


Wood block spring 
2 dynamometer 


Fig. 16. Static and dynamic friction 


oppositely directed force of friction F, comes into action at the under 
surface of the block. At any particular moment, we say that the 
pull P and the opposing frictional force F are in equilibrium. 

If we continue to increase the pull P, a stage will be reached when 
the block just begins to slip. At this point, the friction brought into 
play has reached its maximum value for the two surfaces concerned, 
and this is called the /imiting friction. 


Dynamic friction 


Tf the block is pulled along so that it slips at a steady speed we 
notice that the dynamometer gives a reading rather less than the 
limiting friction. Dynamic (sliding) friction is, therefore, less than 
limiting (static) friction. 


Coefficient of friction 


If the simple experiments we have described are repeated with 
various weights on the block it is found that both the limiting and 
the dynamic friction are increased roughly in simple proportion to 
the force, perpendicular to the surfaces, which is pressing them 
together. 

The ratios of the limiting and dynamic friction to the force pressing 
the surfaces together are called the coefficients of static and dynamic 
friction respectively. Coefficient of friction is denoted by the Greek 
letter » (mu). Thus, 


x where F = force of friction 


= Ri and R = force pressing surfaces together 

In the seventeenth century these coefficients were thought to be 
constants, but we now know that this is far from being the case 
especially under conditions of fast slipping and high contact 
pressure. 
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Fig. 17. A new heavy industrial 
brake lining under test at the 
Ferodo Research Laboratories at 
Chapel-en-le-Frith 


The nature of friction 


We shall now discuss briefly the nature of frictional force. 
Primarily it depends on the composition of the surfaces, and we are 
here concerned with the friction between certain smooth surfaces 
rather than the obvious interlocking of projections which occurs with 
rough surfaces. 

Much research has been done on the subject of friction from which 
it appears that attractive force between the surface molecules plays 
a major part. The forces between the atoms and molecules of matter 
will be discussed in more general terms in chapter 13. 

Generally speaking, traces of grease, dust, or other contamination 
reduce friction considerably. We can illustrate this by a simple experi- 
ment in the case of glass. Ordinary glass tubing, even if it looks clean, 
will usually carry an invisible film of dirt. Also, air will have soaked 
into the surface of the glass. The absorption of gases by solids in this 
way is called occlusion or adsorption. This surface contamination acts 
as a lubricant so, if one piece of tubing is drawn across another it 
slips quite easily. 

If a piece of glass tubing is now heated and drawn out in a bunsen 
flame the occluded air and other surface contamination are driven 
off and a fresh clean surface results. By drawing one such piece of 
tubing across another, the greatly increased friction can readily be 
felt, even when the top piece rests on the lower merely by its own 
weight. Indeed, the mutual attraction of the surface molecules in con- 
tact can be as great as that between those in the body of the glass 
itself. They may be torn away from their neighbours so that the two 
pieces of glass scratch one another. 

A similar effect occurs in the case of clean metals, for example, 
when a shaft is rotating in a tight bearing. High spots on the metal 
may bring the surface molecules so closely together that they are held 
together by their mutual attractions with forces equal to those be- 
tween molecules in the solid metal. The force required to break these 
microwelds, as they are called, constitutes the frictional force. 


Friction and brakes 


The brake linings of automobiles and industrial machinery are 
commonly made from woven or moulded material incorporating the 
mineral asbestos. This has good frictional properties and much re- 
search has been carried out in the manufacturer's research labora- 
tories to produce a strong, hard-wearing material with freedom from 
fade. Fade is the name given to the loss of frictional force which 
occurs when the brakes have been in severe continuous operation. It 
results from slight chemical changes in the surface caused by the rise 
in temperature produced. See also Fig. 17. 

Wise motorists do not place full reliance on brakes if the linings 
get wet. Test trial drivers keep their feet lightly on the brake pedals 
for a short time after passing through deep water so that the resultant 
rise in temperature dries the linings and quickly restores their 
efficiency. 


Lubrication 


While friction is highly essential in some circumstances, it is a great 
nuisance in others. In a car engine, for example, oil under pressure is 
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supplied continuously to all bearing surfaces. Failure of the oil supply 
will allow metal-to-metal contact and the resultant friction often 
raises the temperature and causes the bearings and pistons to 
“seize up”. 

Although liquid molecules attract one another they can inter- 
change partners quite easily. The opposing force which one layer of 
liquid exerts on another is called viscosity. For liquid lubricants this 
is very much less than the frictional force most solids exert on one 
another. Some lubricating oils contain certain solid or liquid sub- 
Stances which attach themselves to the bearing surfaces to form a 
tenacious slippery coating. The possibility of metal-to-metal contact 
is thus greatly reduced, accompanied by less wear and smoother 
running. 


Air lubrication 


As long ago as 1854, the French scientist, Gustav Hirn, suggested 
the use of air as a lubricant, but nearly a century was to pass before 
this idea was taken up seriously. 

Of recent years, research has been carried out at the National 
Engineering Laboratory at Kilbride in the development of air 
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Air bearing wheelhead fitted to a surface grinder at the National _—Typical mirror finish on a workpiece from an air bearing grindwheel 
Engineering Laboratory, Kilbride. The flexible tube conveys 
filtered air to the bearing at a pressure of about 40 KN/m2 


Fig. 18. Air lubrication in machine tools 


lubricated bearings and these are now in highly successful com- 
mercial production. They have a special application in machine tools, 
particularly grinding machines (Fig. 18). 

When the final accurate finish is required on the component parts 
of a piece of machinery, it is customary to use a grinding wheel. 
Obviously, not the slightest wobble can be tolerated in the bearings. 
In the past oil lubricated bearings were used with very tight clear- 
ances, which had to be run for some hours before use so that they 
acquired a steady temperature. The consequent expansion took up 
any slackness and the bearings were run under conditions in which 
they just did not seize. 
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When purified compressed air is employed as a lubricant, very tight 
clearances are unnecessary. Unlike oil which is practically incom- 
pressible, the air forms an elastic cushion which averages out spindle 
imperfections and gives truer rotational accuracy. The whole problem 
of friction and heating is eliminated with the further advantage that 
the outflow of air prevents the entry of grinding dust. The machines 
can be used immediately they are started up with the net advantage 
of shorter production time coupled with greater precision of finish on 
the workpiece. 


Further developments 


In recent years other applications of air lubrication have been ex- 
pldred such as the hovercraft which travels over water or land on a 
cushion of air. Fig. 19 shows the first experimental model of the 


Fig. 19. 1966 experimental model of the 135 km/h Bertin aerotrain, the first land vehicle without 
wheels. A later model propelled by a jet engine reached 400 km/h, anda rocket-propelled one, over 
1350 km/h 


French Bertin aerotrain. Powered by an aircraft engine, it sat astride 
an inverted T-shaped rail and rode on a cushion of compressed air 
provided by powerful pumps. 

In ship holds and other confined spaces, heavy containers may 
easily be moved for stowage on hoverpads. These have a flexible 
pleated skirt which takes up any unevenness in the ground or floor 
and so retains the air pumped in. Fig. 20 illustrates a novel use of 
the hoverpad principle made by Esso Petroleum Company when 
faced with the problem of moving a 60 t oil storage tank from 
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one site to another at its Manchester terminal. During this operation 
the tank was towed a distance of 320 m on an air cushion, crossing 
rough ground, a road and a railway line on its way. 


Fig. 20. What are they doing? See page 22 


QUESTIONS: 2 


1. What is meant by force? 
2. Given a coiled steel spring, and any other apparatus you require, 
describe how you would calibrate it for use as a spring balance. Show 
how you would tabulate your observations and how you would use them to 
find the weight of a stone of reasonable size. 
3. In an experiment, the top end of a vertical spiral spring is clamped in a 
stand and various weights are attached in turn to the lower end. The 
height of the lower end above the bench is measured with a ruler and 
the following results are obtained: 
Weight attached (gf) 0 20 40 6 80 100 120 
Height above bench (cm) 40-0 38-9 38-1 37-1 35:9 349 34-1 
Plot a graph showing the extension of the spring under various loads and 
state any deduction you may reasonably make from your graph. 
(W., part qn.) 
4. Briefly explain the difference between mass and weight. Under what 
conditions can a spring balance be used to measure mass as well as weight? 
Explain why: (a) the weight of a body changes if it is taken from the 
equator towards one of the poles; (6) why an astronaut is often weightless 
when in an earth-orbiting spacecraft. 
5. Distinguish between the mass and weight of a body. Explain why the 
variation in the weight of a body at different places on the earth’s surface 
can be detected by means of a very sensitive spring balance but not bya 
beam-balance. (L) 
6. What is meant by friction? Illustrate your answer by reference to the 
effect of a steadily increasing horizontal force applied to a block of wood 
at rest on a rough horizontal table. 
Discuss the frictional forces between the tyres of a motor-car and the 
ground when the car: (qa) starts from rest; (6) skids in the forward direction. 
(Cc) 
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Fig. 21. Forces acting in the same 
straight line 


Resultant force 


When two or more forces are acting together at a point it is always 
possible to find a single force which will have exactly the same effect 
as these forces. This single force is called the resultant force. 

Where a number of forces are all acting in the same straight line, 
the task of finding their resultant becomes simply a matter of addition 
or subtraction. Thus, if forces of 7, 5, 3 and | kgf act at a point P as 
shown in Fig. 21, we have, 


total force acting towards the left = 7+ 5 = 12 kgf 
total force acting towards the right = 3+1= 4kef 
resultant force =12—4= 8 kgf acting 


towards the left 
Scalar and vector quantities 


Most quantities measured in science are classed as either scalar or 
vector quantities. A scalar quantity is one which has only magnitude 
(or size). A vector quantity has both magnitude and direction. Thus, 
when we say that a library has 2000 books or a tank contains 
50 litres of petrol, we are dealing with scalar quantities. On the other 
hand, it would be of little use to talk about a force of 15 kgf unless 
we also state the direction in which it acts, e.g., 15 kgf vertically 
downwards. Force is therefore a vector. 


Graphical representation of force 


Vectors can always be represented by straight lines drawn to scale. 
Thus if two forces of 5 and 7 kgf act at right angles to one another 
we can represent them on a scale of | cm to | kgf by drawing two 
lines at right angles which are respectively 5 and 7 cm long. 

We shall now show how to find the resultant of two forces which 
act at a point, but are not in the same direction. 


To verify the parallelogram of forces 


A drawing-board with a sheet of paper pinned to it is set up 
vertically with two freely running pulleys clamped to the top (Fig. 22). 


THE PARALLELOGRAM AND TRIANGLE OF FORCES 


A length of thread having a 50 g weight at one end and a 70 g weight 
at the other is passed over the two pulleys and a second length of 
thread carrying a 100 g weight is tied to the first at O. The threads will 
take up a position for which the three forces acting at O are in equili- 
brium. Small pencil crosses are now made on the paper, as far apart 
as possible, to mark the positions of the threads. A fairly accurate 


Vertical 
board 


50 of 100 gf 70 gf 
Fig. 22. Parallelogram of forces experiment 


method of doing this is to mark the positions of the shadows of the 
threads formed either by the sun or a distant lamp. 

The paper is now removed from the board and the crosses joined 
by pencil lines to represent the force directions. Next, using a scale of 
1 cm to represent 10 gf, distances OP = 5 cm, OQ = 7 cm and 
OE = 10 cm are marked off to represent the three forces of 50, 70 
and 100 gf acting at O. 

Also, EO is produced and OR = 10 cm is marked off along it. 

Clearly, the forces OP and OQ together are balanced by force OF. 

Hence, the resultant of OP and OQ must be a force equal and 
opposite to OE. 

But we have made OR equal and opposite to OE and hence OR 
must be the resultant of OP and OQ. 

If now, PR and QR are joined, the opposite sides of figure PROO 
may be tested with a set-square and ruler and shown to be parallel. It 
follows that PRQO is a parallelogram, and this is found to be the case 
for all values of the forces used in this experiment, provided that any 
one of them is not greater than the sum of the other two. The experi- 
ment illustrates an important principle called, 


The parallelogram of forces 


If two forces acting at a point are represented both in magnitude and 
direction by the adjacent sides of a parallelogram, their resultant will be 
represented both in magnitude and direction by the diagonal of the 
parallelogram drawn from the point. 
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L 32 units 8 


(use any convenient units 
of length) 


Fig. 23, Resultant of two forces 
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Fig. 24. Resultant of two forces at right 
angles 


Worked examples 


1. A liner is towed into harbour by two tugs A and B whose cables 
make an angle of 30°. If A exerts a pull of 2:5 tf, and Ba pull of 3-2 tf, 
find, graphically, the resultant pull on the liner and the angle it makes 
with the cable of the weaker tug. 

Any convenient length may be used to represent 1 tf, but it should 
be chosen so as to give as large a diagram as possible (Fig. 23). 

Two lines LA = 2-50 units and LB = 3-20 units are drawn at an 
angle of 30° to represent the two forces acting on the liner. On com- 
pleting the parallelogram LARB by the usual geometrical construc- 
tion, the diagonal LR is found by measurement to be 5-5 units long 
and makes an angle of 17° with LA. 


Therefore, resultant pull on liner = 5-5 tf 
and angle made with cable of weaker tug = 17° 


2. Find graphically or otherwise the resultant of two forces of 7 kgf 
and 3 kgf, acting at a point and at right angles to one another. 

The problem may be solved graphically by drawing a scale diagram 
as in the previous example or, alternatively, the resultant may be cal- 
culated using Pythagoras’s theorem. 

Thus, if OP and OQ represent the two forces of 3 and 7 kgf 
respectively (Fig. 24), the resultant force will be represented by the 
diagonal OR of the rectangle OPRQ. 

By Pythagoras’s theorem, 


OR = OP? + 0? 
=F +P =94+49= 58 


hence OR = 538 

= 7:6 kgf 
also, if @ is the angle ROQ, tan 0 = 3 = 04286 
therefore, from tables, @ = 237 12" 


It follows that the resultant is a force of 7°6 kgf in direction making 
an angle of 23° 12’ with the 7 kgf force. 


Resolution of forces 


We have just seen how the principle of the parallelogram of forces 
enables us to find the resultant of two forces acting at a point at an 
angle to one another. However, it is very often necessary to be able to 
carry out the reverse process and convert a single force into two 
component forces. When this is done, the force is said to have been 
resolved into two components. For most practical purposes a force 
is resolved along two directions at right angles. 

Fig. 25 shows the forces involved when a barge is being towed 
along a canal by a horse. Before the advent of railways, this was an 
important mode of transport in England during the eighteenth and 
nineteenth centuries. The actual pull exerted on the barge is repre- 
sented to scale by the line OC. If a rectangle OBCA is constructed on 
OC as diagonal, then, by the parallelogram of forces, the pull OC is 
equivalent to two components, OA along the canal and OB at right 
angles to it. The component OA is usefully employed in pulling the 
barge along the canal, while component OB merely tends to pull it 
into the bank. This tendency to be pulled into the bank is counter- 
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Fig. 25. Forces on a towed barge 


acted by use of the rudder so as to turn the prow of the barge slightly 
outwards. 

Fig. 26 explains how a boat can sail partly against the direction of 
the wind. From whichever direction the wind blows on to the sail, it 
slips over it smoothly and can be regarded as exerting a force at right 


Wind 


ws 


AB= Headway component 
AD = Leeway component 


Fig. 26. How a boat can sail into the wind 


angles to the sail. This force is represented by the line AC. A rectangle 
ABCD is constructed about AC as diagonal with its sides AB and AC 
respectively parallel and at right angles to the keel. The component AB 
along the keel is the useful force which drives the boat forward. Com- 
ponent AD merely causes side drift (or leeway) which is of no ad- 
vantage. For this reason, sailing boats have either deep keels or centre 
plates which offer resistance to side drift (Fig. 27). 


Worked example 


A garden roller is pulled with a force of 20 kgf acting at an angle of 
50° with the ground level. Find the effective force pulling the roller along 
the ground. 

As a rule, problems of this type may be solved either by scale 
diagram or else by calculation, so both methods will be explained 
here. 


(a) Graphical method (Fig. 28) 
Using any suitable scale, the pull on the roller is represented by a 
line OF, 20 units long making an angle of 50° with the horizontal. 


Fig. 27. The deep, heavy keel of 
a sailing yacht makes for stability 
and also prevents leeway 
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(0) 8 
Fig. 28. Components of a force 


When the rectangle OAFB is completed the sides OA and OB respec- 
tively represent the vertical and horizontal components of OF. Of 
these, the horizontal component OB represents the effective force 
required to pull the roller along. Measurement shows that OB = 
12-9 units. Hence the effective force = 12-9 kgf. 


(6) By calculation 


In Fig. 28, OF > 50° 
therefore OB = OF cos 50° 
= 20 x 0:6428 
= 129 
hence effective force = 12-9 kgf 


Before leaving this problem it is of interest to consider the part 
played by the vertical force component OA. This acts against the 
weight of the roller, and therefore reduces the force which the roller 
exerts on the ground. On the other hand, if the roller is pushed instead 
of being pulled, the vertical component increases its effective weight. 


To verify the triangle of forces 


A drawing-board, pulleys, strings and weights is set up as described 
on page 25 and the positions of the strings marked out on paper. 
We shall, however, consider the results obtained from a different 


Vertical 
board 


50 gf 100gf  70af 


Fig. 29. Triangle of forces experiment 


point of view (see Fig. 29). The three forces OE, OP and O@ are in 
equilibrium, that is to say they exactly balance one another. Any one 
of these forces is said to be the equilibrant of the other two. 

If OR is made equal to OE we have already seen (page 25) that 
OPOR is a parallelogram. 

Now consider the triangle OPR. 
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Since PR is equal and parallel to OQ, it follows that PR will also 
represent 70 gf in magnitude and direction, though not in position. 

The sides of the triangle OPR therefore represent the three forces 
acting at O in magnitude and direction, but not necessarily in 
position. The experiment verifies the principle of the triangle of 
forces. 


Triangle of forces 


If three forces acting at a point are in equilibrium, they can be repre- 
sented in magnitude and direction by the three sides of a triangle taken 
in order. 

Note. The expression ‘taken in order” means that the arrows 
representing the force directions must follow one another in the same 
direction round the triangle. 


Worked example 


A 15 kg mass is supported by a thin cord attached to ahook in the 
ceiling. Another cord is attached to the ring of the mass and pulled 
horizontally until the supporting cord makes an angle of 30° with the 
vertical. Find the tensions in both strings. 

Fig. 30 illustrates the arrangement described, and OABis a triangle 
of forces whose sides have been respectively drawn parallel to the 
force of 15 kgf downwards and the forces of 7, and 7, in kgf acting 
in the strings. 


By trigonometry, ee cos 30° 


T, 
15 15 
therefore {= cos 30° = 0866 = 17:3 kgf 
Also, a = tan 30° 
therefore T, = 15 tan 30° = 15 x 0-577 = 8-7 kef 


Note. The problem can also be solved by measurements from an 
accurate scale diagram. In this case we could begin by drawing OA 
15 cm long to represent the 15 kgf on a scale of | cm to represent 
1 kgf. The triangle is completed by making angle AOB equal to 30° 
and angle OAB equal to 90°. 


Three non-parallel forces keeping a rigid body in equili- 
brium 


If three non-parallel forces act at different points on a rigid body 
and keep it in equilibrium, then their lines of action must all pass 
through the same point, which may be either inside or outside the 
body. 

The proof is quite simple. At least two of the forces must meet at 
some point O, and therefore their resultant will also pass through O. 
If the three forces are in equilibrium the third force must be equal and 
opposite to the resultant of the first two. Hence the third force must 
also pass through O. 

This is a very useful result, since it enables us to apply the triangle 


So 


15 kof 


Fig. 30. 
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of forces to problems dealing with bodies in general as well as to 
cases where the forces act directly at the same point. 
The equlibrium of parallel forces is dealt with on page 34. 


Solution of problems concerning the equilibrium of a body 


Problems which involve three forces keeping a rigid body in equili- 
brium may be solved by finding a suitable triangle of forces. Usually 
the directions of two of the forces are given together with the magni- 
tude of one of them. In Fig. 31, for example, a trap-door AB is held 
open at an angle of 20° by the pull in a rope which is attached to B 
and makes an angle of 60° with the door. Force of gravity on the trap- 
door, 15 kgf, acts vertically through its mid-point. The only other force 
acting is the reaction from the hinge A and, since the door is in equili- 
brium, this must pass through O, the intersection of the other two forces. 


c 
Represents 
ac * OC kgf 
Represents fo} 
15 kof 


Given 15 kgf 


Fig. 31. Forces on a trapdoor 


A triangle of forces AOC may now be constructed by drawing AC 
vertically. In this triangle we know that AC represents the force 
15 kgf to scale. Hence the pull in the rope and the reaction of the 
hinge may be calculated from measurements of the sides of the 
triangle as indicated in the figure. In this particular problem it is best 
to make the necessary measurements from an accurate geometrical 
construction. But in some problems the triangle of forces is right- 
angled and the lengths of its sides can usually be found by applying 
Pythagoras’s theorem, without the necessity for an accurately drawn 
diagram. Remember when you attempt some of the questions at the 
end of this chapter. 


QUESTIONS: 3 


1. What is a vector quantity ? Give one example of such a quantity. 

(J.M.B.) 
2. What is meant by: (a) the resultant; (6) the equilibrant of two or more 
forces? 
3. Find, by a graphical method, the resultant of two forces of 10 and 8 kgf 
acting at a point if the angle between them is 60°. Also, find by calculation 
the value of the resultant when the angle is 90°. 
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4. Three strings are attached to a small metal ring. Two of the strings make 
an angle of 70° and each is pulled with a force of 7 kgf. What force must 
be applied to the third string to keep the ring stationary? 

5. Two forces acting at a point make angles of 25° and 65° respectively 
with their resultant which is of magnitude 150 kgf. Find the magnitudes of 
the two component forces. 

6. Two forces of 7 kgf and 10 kgf act at a point so as to produce a 
resultant of 14 kgf. Find the angle between the resultant and the 7 kgf 
component. 

7. The ends of a light string are tied to two hooks A and Bin aceiling which 
are 100 cm apart horizontally, so that the length of string between hooks 
is 140 cm. A 650 g mass is then attached by a second length of string to 
a point C on the first, 80 cm from A, and hangs freely. Find, by drawing 
or calculation, the tensions in the portions AC and BC of the string. 

8. State the parallelogram law for forces. Describe an experiment to illus- 
trate it and show how the law may be applied to resolve a force into two 
perpendicular components. (L., part qn.) 

9. A motor vessel tows a small dinghy by a rope which makes an angle 
of 20° with the horizontal. If the tension in the rope is 15 kgf, find: (a) the 
force which effectively pulls the dinghy forward; (6) the force which lifts 
its bows out of the water. 

10. A man, using a 70 kg garden roller on a level surface, exerts a force 
of 20 kgf at 45° to the ground. Find the vertical force of the roller on the 
ground: (a) if he pulls; (6) if he pushes the roller. 

11. State the triangle law for forces and describe an experiment to illustrate 
its (L., part qn.) 
12. A microphone of mass 500 g hangs from the end of a long wire fixed 
to the ceiling. A horizontal string attached to the microphone exerts a pull 
which keeps the wire at an angle of 20° to the vertical. Find the tensions in 
both string and wire. 


13. A smooth board placed at 30° to the horizontal supports a mass of 
10 kg which is prevented from slipping by attaching it to a spring lying 
along the board and fixed at its upper end. Find the tension in the spring. 
If the spring is removed, what horizontal force would have to be applied 
to the mass to keep it at rest? 

‘14, What are the conditions of equilibrium when a body is acted upon by 
three non-parallel forces? (J.M.B.) 


15. A uniform wooden plank of mass 42 kg and length 4 m leans against 
a smooth wall with its lower end resting on rough ground 1-5 m from the 
wall. Assuming that the reaction of thé wall on the upper end of the plank 
is perpendicular to the wall, find the force exerted by the plank on the wall. 


16. What do you understand by the statement that force is a vector 
quantity? Explain the parallelogram rule for finding the resultant of two 
forces and describe how you would test it experimentally. 

A steel sphere of mass 400 g rests in a smooth symmetrical V-shaped 
groove the sides of which are inclined at 45° to the horizontal. Find the 
forces exerted on the ball by the sides of the groove. (O.) 


17. State the conditions under which three coplanar forces acting at a 
point will maintain a body in equilibrium. 

A window with a smooth hinge at the top is held open at an angle of 
30° to the vertical by a horizontal force applied to the centre of its lower 
edge. The force of gravity on the window, 3 kgf, acts through its mid-point. 
Draw a scale diagram of the arrangement and indicate on it a triangle 
of forces by the letters ABC. Hence, either by measurement or by calcula- 
tion, find the magnitude and direction of the force exerted on the window 
by its hinge. 
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Fig. 32. Experiment to study moments (1) 


Every time we open a door, turn on a tap or tighten up a nut with a 
spanner, we exert a turning force. 

Two factors are involved here, first, the magnitude of the force 
applied, and secondly, the distance of its line of action from the axis 
or fulcrum about which turning takes place. A very large turning 
effect can be produced with a comparatively small force provided the 
distance from the fulcrum is large. For this reason, it is easier to 
loosen a tight nut with a long spanner than with a short one. Ex- 
perienced mechanics are aware that long spanners must be used with 
care, as it is easy to strip screw threads by too large a turning force. 

The combined effect of the force and distance which determines the 
magnitude of the turning force is called the moment of the force and 
is defined as follows. 

The moment of a force about a point is the product of the force and 
the perpendicular distance of its line of action from the point. 


Three experiments to study moments 


Experiment (1). A small hole is drilled in a metre rule on the 50 cm 
mark but slightly offset from centre. The rule is then pivoted on a 
knitting needle so that it balances horizontally (Fig. 32). If one side of 
the rule happens to be slightly heavier it will tilt, but this can be cor- 
rected by means of a U-shaped rider made of thick copper wire. The 
rider is placed on the lighter side of the rule and its position adjusted 
until the rule becomes horizontal. 

Unequal weights, W, and W, are now hung from cotton loops on 
either side of the rule and their distances, d, and d,, from the pivot 
are adjusted until the rule once more comes to rest horizontally. The 
weights are now exerting equal and opposite moments about the 
pivot. 

The experiment is repeated a number of times using different pairs 
of weights and distances and the results tabulated. 

Making allowance for experimental error, it will be seen that in 
every case the product, force x distance on the left-hand side is equal 
to the product, force x distance on the right-hand side. We therefore 
conclude that the product, force x distance from the fulcrum measures 
the turning effect of the force. 
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Ww, a W, ad, Wx dy W, x dr 
(gf) (cm (gf) (cm) (gf cm) (gf cm) 


Experiment (2). In the previous experiment the strings supporting 
the weights were at right angles to the rule, and therefore the distance 
along the rule was also the perpendicular distance from the fulcrum. 

In the second experiment the same apparatus is used, except that 
one of the strings is passed over a pulley as in Fig. 33, so that the line 
of action of the force W, is not now at right angles to the rule. 

The rule is balanced horizontally as before by suitably adjusting 
the positions of the strings along it. The perpendicular distance of the 
line of action of W, from F is now equal to FB. This distance, d,, is 
measured with a half-metre rule and is entered in a table together 
with W,, W, and d). 

When the products Wd, and W,d, are worked out they are once 
more found to be equal. This shows that the turning effect of W, in 
this experiment is given by W, x FB and not W, x FA. 


Experiment (3). In the foregoing experiments W, and W, produce 
moments acting in an anticlockwise and a clockwise direction 
respectively, and these were shown to be equal. 

Tf, however, there are more than two forces acting on the rule, the 
sum total of the anticlockwise moments is equal to the sum total of 
the clockwise moments, This can be illustrated by the arrangement 


Fig. 34. Experiment to study moments (3) 


shown in Fig. 34, Several weights are attached to the rule and their 
distances from F are adjusted until the rule balances. The perpendi- 
cular distances of the forces from the fulcrum are then measured and 
it may be shown that 
Wid, + Wid, = Word, + Wody + Weds - 
These three experiments verify the 


Principle of moments 


When a body is in equilibrium, the sum of the anticlockwise moments 
about any point is equal to the sum of the clockwise moments. 


W, Me 
Fig. 33. Experiment to study moments (2) 


34 


30gt 
}-10c 40cm >++-10.cm->++-10 cm->} 
A B ic D Ee 
Ogt 20af 40of 


Fig. 35. Resultant moment 
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Resultant moment 


When dealing with problems involving a number of moments acting 
on a body which is not in equilibrium, the first step is to draw a 
sketch indicating the forces and their distances from a fulcrum. 

It is customary to give a positive sign to anticlockwise moments 
and a negative sign to clockwise moments. The various moments are 
written down with appropriate signs and are added algebraically. The 
sign of the answer will then give the direction of the resultant 
moment. 

Example. A rod AE of negligible weight, 40 cm long, is pivoted at 
a point D. Weights of 10, 20, 30 and 40 gf act on the rod as shown 
in Fig. 35. 

Taking the forces acting from left to right, we have 


sum of moments = (10 x 30) — (30 x 20) + (20 x 10) — (40 x 10) 
= — 500. 


Hence the resultant moment is 500 gf cm units acting in a clockwise 
direction. 


Parallel forces. Couples 


Parallel forces which act in the same direction are called /ike forces, 
and it is always possible to find their resultant or the single force 
which exactly replaces them. 

The same usually applies in the case of parallel forces which are 
unlike or act in opposite directions. There is, however, one special 
case in which a single resultant force cannot be found, namely, where 
the forces can be shown to be equivalent to two equal and opposite 
parallel forces. Equal and opposite parallel forces form what is called 
a couple. It is not possible to find a single force to replace a couple. A 
couple simply produces rotation and can only be balanced by an 
equal and opposite couple. 


To study parallel forces in equilibrium 


A metre rule is weighed and then suspended by vertical threads 
attached to two spring balances held by clamp and stand (Fig. 36). 
Two weights are attached as shown so that one exerts an upward and 
the other a downward pull on the rule. Lastly, the spring balances are 
raised or lowered as necessary to bring the rule into a horizontal 
position. 

We shall assume, for the time being, that the force of gravity on 
the rule itself acts downwards through its centre. In this case the 
centre of the rule is also its centre of gravity, and this will be explained 
more fully later in the chapter. 

The results of a typical experiment are indicated in Fig. 36. It will 
be noted that 


the sum of the upward forces = 105 + 20 + 145 = 270 gf, and 
the sum of the downward forces = 220 + 50 = 270 gf. 


Furthermore, as the rule is in equilibrium, there is no resultant 
moment acting which would cause it to turn about any point. This may 
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Fig. 36. Parallel forces in equilibrium 


be verified by working out the moments of the forces about any point 
we choose and showing that the sum of the anticlockwise moments is 
equal to the sum of the clockwise moments. 

It is convenient to do this by entering the various forces and dis- 
tances in a table. In accordance with convention, anticlockwise 
moments are given a positive sign and clockwise moments a negative 
sign. Moments have been taken about the end A. 


Sum of anticlockwise moments (+) 14 500 gf cm 
Sum of clockwise moments (—) 14500 gfcm 


The experiment shows that, when a number of parallel forces are 
in equilibrium: 
(i) the sum of the forces in one direction is equal to the sum of the 
forces in the opposite direction; 
(ii) the sum of the anticlockwise moments about any point is equal to 
the sum of the clockwise moments about the point. 


When performing this experiment, the reader should use different 
weights and distances from those used here and draw an appropriate 
diagram. The results should be entered in a table and a different point 
chosen about which moments are taken. 


Centre of gravity 


We have already seen a body is attracted to the earth by the force 
of gravity. This statement, however, says nothing about the point of 
application of the force, so we shall now discuss this. 
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Fig. 37. Centre of gravity 


6 


Fig, 38. The plumbrule 


Any particular body, a stone, for example, may be regarded as 
being made up of a very large number of tiny equal particles, each of 
which is pulled towards the earth (Fig. 37). The earth’s pull on the 
stone thus consists of a very large number of equal parallel forces. 
These will have a resultant which is equal to the total force of gravity 
on the stone, and it will act through a point G called the centre of 
gravity. 

The centre of gravity of a body is defined as the point of application 
of the resultant force due to the earth’s attraction on it. 

A ruler can be made to balance on a finger-tip if the finger is 
placed immediately below the centre of gravity. Under these condi- 
tions the ruler is in equilibrium under the action of two forces; the 
force of gravity acting vertically downwards and the equal and 
opposite reaction of the finger to the weight of the ruler acting up- 
wards. Should the centre of gravity not be exactly above the finger, 
the force of gravity will have a turning moment about the finger and 
so cause the ruler to topple over. 

Note carefully the distinction we have made above between the 
Sorce of gravity which acts on the ruler and the weight of the ruler which 
acts on the finger. 

The essential point to grasp is that three forces all equal in magnitude 
are involved in the above discussion, namely: 


(a) the force of gravity acting on the ruler; 
(6) the weight of the ruler acting on the finger; 
(c) the reaction of the finger acting on the ruler. 


While in this particular case, as indeed, in the case of all bodies at 
rest, the force of gravity on a body is equal to its weight on its sup- 
port, this is not so for a body resting on an accelerating support. The 
meaning of acceleration and examples of how the weight of a body can 
alter while the force of gravity on it remains constant are dealt with 
in chapters 5 and 6. 


The plumbline 


When a body is freely suspended by a string and is at rest the force 
of gravity on it, acting vertically downwards, is balanced by an equal 
and opposite force or tension in the string. Being flexible, the string 
therefore sets in a vertical direction. This is the principle of the 
plumbline, which consists of a small leaden bob supported by a thin 
cord. From the earliest times, plumblines and plumbrules (Fig. 38) 
have been used by builders for the purpose of testing the uprightness 
of walls, pillars, and so on during the course of construction. 


To locate centre of gravity by a balancing method 


The centre of gravity of a long thin object such as a ruler or billiard 
cue may be found approximately simply by balancing it on a straight- 
edge. The same method could also be used for a thin sheet or Jamina 
of cardboard or metal, except that in this case it is necessary to 
balance in two positions. Fig. 39 shows this method being used to 
find the centre of gravity of an artist’s palette. The palette is balanced 
on the edge of a straight ruler in two directions AB and CD, and the 
lines of balance are marked with pencil lines. Since the centre of 
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Fig. 39. Locating centre of gravity by balancing 


gravity, G, is situated on both lines, it must actually lie at their point 
of intersection. This may be checked by balancing once more in a 
third position EF. The edge of the ruler should now pass through the 
intersection of the two previous lines. 


To locate centre of gravity by means of a plumbline 


One of the best ways of finding the centre of gravity of a body is by 
use of a plumbline. Suppose, for example, we wish to find the centre 
of gravity of an irregularly shaped piece of cardboard. 

First of all, three small holes are made at well-spaced intervals 
round the edge of the card. A stout pin is then put through one of the 
holes and held firmly by clamp and stand so that the card can swing 
freely on it (Fig. 40). The card will come to rest with its centre of 
gravity, G, vertically below the point of support. The vertical line 
through the support can now be located by means of a plumbline. 
A suitable plumbline is made from a length of cotton with a loop at 
one end and a weight tied at the other. This is hung from the pin and 
the position of the cotton marked on the card by two small pencil 
crosses, These crosses are joined by a pencil line. 

The experiment is repeated with the card suspended by one of the 
other holes. Since the centre of gravity lies on both of the lines drawn 
on the card, it must be situated at their point of intersection. 

As a check, the card is suspended by the third hole. It should be 


Locating 
lines 


found that, within the limits of experimental error, the plumbline iy 3 
should pass through the intersection of the two lines. Plumbline 
The above method can be used to show that the centre of gravity 
of a triangular lamina lies at the point of intersection of its medians. co 
(A median of a triangle is a line through one of the corners which Fig. 40. Locating centre of gravity 
bisects the opposite side.) by plumbline 


Centre of gravity of a stool or tripod 


Sometimes the centre of gravity of a body is not situated in the 
actual material of the body, but may be at a point in the air near by. 
Examples are an iron tripod or a laboratory stool. The plumbline 
method can still be employed, but requires more skill and ingenuity 
to carry out than in the case of a lamina. It is necessary to suspend the 
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Fig. 41, To weigh by means of a metre 
tule 


stool or tripod in such a way that the plumbline positions can be 
located by lengths of cotton fixed with soft wax. 


To weigh by means of a metre rule 


A metre rule with a small hole drilled near its centre as described 
on page 32 can be used in conjunction with a single known weight to 
measure the weight of an object. 

Having balanced the rule on a knitting needle as described on page 
32, the known weight and the object to be weighed are suspended 
from the rule by cotton loops, one on either side of the pivot. Their 
distances from the pivot are then adjusted until the rule once more 
balances horizontally (Fig. 41). 

Maximum accuracy will be obtained if these distances are made as 
large as possible. Since it is inevitable that a small error will be made 
when the distances of the weights from the pivot are measured, the 
percentage error in the final result will be less if large distances are 
used rather than small ones. 

Suppose that, in a particular experiment, a 100 gf weight placed 
45 cm from the pivot balances an object of unknown weight W 
placed 20-5 cm from the pivot on the opposite side of the rule. 

Applying the principle of moments 

W x 20:5 = 100 x 45 

100 x 45 

therefore W= ae 
= 220 gf 

As an exercise, this method should be used to weigh a number of 
different objects and the results recorded in a table as below. 


re Distances from pivot | Weight of object = 

bject to | Known wt 

be weighed | W, (gf) Object | Knownwt |W = Wix 7 (gf) 
d (gf) | di (cm) 


To measure the weight of a metre rule by using a single 
known weight 


A metre rule is supported in a loop of thread hung from a clamp 
and stand and adjusted until it balances horizontally. The loop will 
then be at the centre of gravity, G, of the rule. If the rule is not of 
uniform thickness (few rules are) the centre of gravity will not be at 
the 50 cm mark. However, this will not affect the accuracy of the 
experiment so long as the correct position is noted and later used in 
the calculation. 

A 100 gf weight is now hung from the rule by thread at a point near 
one end. The position of the rule in the supporting loop is then 
adjusted until it again balances horizontally (Fig. 42). The rule is now 
in equilibrium under the action of two moments about the supporting 
loop, namely, that of its own force of gravity W acting through the 
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Thread loop acting as fulcrum 


100 gf (force of gravity on stick) 
Fig. 42. To find the weight of a metre rule 


centre of gravity and that of the 100 g weight on the opposite side. 
If d, and d, respectively are the distances of G and the 100 gf 
weight from the loop, then equating moments we have 
W x d, = 100 x d, 
whence the weight of the rule (equal to the force of gravity on it) is 
given by 
100 x d, 


W = of 


The steelyard 


The steelyard is a weighing device which has been used since 
Roman times. It is particularly suitable for weighing objects which 


Heavy end 
balances the arm 
Graduated arm 


Fig. 43. The steelyard 
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can be suspended from a hook, e.g., sacks of farm produce and 
carcases of meat. 

It consists of a graduated steel rod pivoted near one end and 
balanced by a heavy piece of metal B (Fig. 43). The object to be 
weighed is suspended from a hook. The moment of the object about 
the pivot is balanced by that of a small rider weight which slides along 
the arm of the steelyard. This arm is calibrated to read the weight 
being measured directly in appropriate units. 

Some types of platform weighing machines employ the steelyard 
principle. In these, the object is placed on a metal platform and its 
weight is transmitted to a balancing arm by a system of levers (see 
also Fig. 44). 


Fig. 44. A precision balance incorporating torsion bearings together with 
the steelyard principle. The V-shaped platform is clamped to support a 
vessel of water during density determinations (chapter 12) 


Stable, unstable and neutral equilibrium 


A child playing with a pencil soon learns that it is scarcely possible 
to make it balance on its point. On the other hand, it is comparatively 
easy to make the pencil stand upright on a flat end. 

In order to understand the difference between these two cases let 
us consider a wooden cone placed on a horizontal table. A cone 
cannot be made to stand on its tip. Theoretically, this feat might be 
possible if the cone could be placed with its centre of gravity exactly 
in a vertical line through the tip. The cone would then be in equili- 
brium under the action of the force of gravity on it acting downwards 
and an equal and opposite reaction to its weight exerted on it by the 
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table. But even if this condition could be achieved momentarily, the 
slightest vibration or draught would inevitably cause the cone to tilt. 
(The force of gravity, W, would then exert a turning force about the 
tip, and this would cause the cone to topple over (Fig. 45 (a)). A cone 
placed on its tip is said to be in unstable equilibrium. 

Fig 45 (b) shows the cone standing on its base. If tilted from this 
position, even through a fairly large angle, the vertical line through 
the centre of gravity, G, will still fall inside the base AB. Consequently, 
the force of gravity on the cone will have a moment W x x about an 
edge of the base which will pull the cone back into its original 
position. Under these conditions, it is not easy to knock the cone 
over, and it is said to be in stable equilibrium. 

In Fig. 45 (c) the cone is lying on its side, The base is now simply 
a straight line, and if the cone is rolled into a new position the vertical 


Kk 


(a) Unstable equilibrium (b) Stable equilibrium 


W. 
R 
(c) Neutral equilibrium 
Fig. 45. Equilibrium of a cone 


line through the centre of gravity still continues to pass through 
exactly the same point in the base. 

Whatever the position of the cone, the reaction from the table will 
act in the same straight line as the force of gravity through G, and so 
the cone will be in equilibrium. The force of gravity exerts no 
moment about the base as axis and, if displaced, the cone will there- 
fore remain at rest in its new position. This condition is described as 
neutral equilibrium. 


Summary. It should be clear from the above explanation that the 
stability of a body depends on the direction of the turning moment 
exerted by the force of gravity on the body about the edge of the base, 
when the body is given a small displacement. 

If a small displacement brings the vertical through the centre of 
gravity outside the base the body will be unstable. If, however, the 
vertical remains within the base the body will be stable. 

When a displacement causes no change in the position of the 
vertical through the centre of gravity with respect to the base the body 
is in neutral equilibrium. 

Fig. 46 illustrates the method of testing the stability of a bus. 
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Fig. 46. A “Londoner” bus undergoing the tilt test at London Transport’s 
Aldenham bus works, The tilting platform is hydraulically operated and 
the angle of tilt is measured by the indicators attached to the bus body 
and the side frame of the platform. The first indicator shows the angle 
of tilt of the body and the second that of the chassis, the difference being 
attributable to the vehicle springing. A double-decked vehicle must be 
stable with the chassis tilted to 28° while the vehicle is loaded with 
weights to represent a full complement of passengers on the top deck 
only, plus the driver and conductor, at 64°5 kg per person. The two 
padded buffers on the side frame are to support the bus should it fall 
sideways during the test, but in actual fact the vehicle can be tilted well 
beyond the legally required angle before this happens 


Worked examples 


1. A uniform wooden lath AB, 120 cm long and weighing 120 gf 
rests on two sharp-edged supports C and D placed 10 cm from each 
end of the lath respectively. A 20 gf weight hangs from a loop of 
thread 30 cm from A and a 90 gf weight hangs similarly 40 cm from 
B. Find the reactions at the supports. 

Fig. 47 shows the lath AB resting on the supports C and D, and 
the force arrows represent the various loads and reactions in 
magnitude, direction and position. 


The total downward force = 20 + 120 + 90 = 230 gf 
hence the sum of the upward reac- 
tions at the supports also = 230 gf 


Let the reaction at Cin gf = R 
then the reaction at D = (230 gf — R) 
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Moments may be taken about any point, but, in this problem, the 
easiest equation will be obtained if moments are taken about D. This 
will eliminate the moment due to the force (230 gf — R) which acts 


through D 
R (230-R) 
30 10 
| {9 20cm phe 30cm ahs 20 cm she cm Je S 
A D B 


120 gf 
20 (force of gravity 90 
gf on lath) of 


Fig 47. Forces on a supported lath 


Hence, taking moments about D, 


Clockwise Anticlockwise 
R x 100 = (20 x 80) + (120 x 50) + (90 x 30) 
Rx 100= 1600 + 6000 + 2700 = 10300 gf ecm units 
Therefore, R= 103 gf 
and (230 gf — R) = 127 ef 
Answer. Reaction at C = 103 gf 
Reaction at D = 127 gf 


2. A metal square of uniform thickness and side 12 cm, is divided 


A 8 
into four equal triangles by drawing the diagonals and one of the ‘ 
triangles is then cut out. Find the position of the centre of gravity of 
the remainder. 

ABCD is the square, G the point of intersection of the diagonals 
and the triangle CGB has been removed (Fig. 48). p 
Before removing CGB, the whole square balances about its centre ee 
of gravity G. Hence the moment of the portion ABGCD about G is 
equal to the moment of CGB about G. 
The forces of gravity on these portions are proportional to their 
areas and act through their respective centres of gravity. Thus, if the 
force of gravity on the whole square is ww, DI IC 


force of gravity on ABGCD = }w, and on CGB = }w | 
fin 
The centre of gravity of triangle CGB is at a point Q on the median 
GE, two-thirds of the way along from G. GE is 6 cm long. Fig, 48. Centre of gravity problem 


Hence, GQ = % x 6cm 


The centre of gravity of the remaining portion ABGCD will, from 
symmetry, be at some point P along GE produced. 
Hence, equating moments about G, 


fw x PG=4w x3 x6 
or PG = 1:33 cm 


Hence the centre of gravity of the portion ABGCD is at a point 
1:33 cm from G on a line through G perpendicular to 4D. 
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QUESTIONS: 4 


1, What do you understand by the moment of a force about a point? 
How would you use a metre rule, a 100 g mass and some thread in 
order to find the mass of an apple? 


2. State the conditions of equilibrium when a body is acted upon by a 
number of parallel forces. 

A uniform metal tube of length 5m and mass 9 kg is suspended hori- 
zontally by two vertical wires attached at 50 cm and 150 cm respectively 
from the ends of the tube. Find the tension in each wire. 

3. A uniform rod | m long weighing 50 gf is supported horizontally on 
two knife-edges placed 10 cm from its ends. What will be the reactions at 
these supports when a 100 gf weight is suspended 10 cm from the mid-point 
of the rod? (J.M.B.) 
4. Explain what is meant by the centre of gravity of a body. How would 
you: (a) locate the centre of gravity of a billiard cue; (6) find the mass of 
the cue if provided with a straight-edge, a 100 g mass, and a length of 
cotton? Give a clear diagram to illustrate your method in (6) and show 
how the result is calculated. 

5. A uniform half-metre rule is freely pivoted at the 20 cm mark and it 
balances horizontally when a 10 gf weight is hung from the 4 cm mark. 
Draw a clear diagram showing the forces on the rule and calculate its 
weight. (S.) 
6. It is found that a uniform wooden lath 100 cm long and of mass 95 g 
can be balanced on a knife-edge when a 5 g mass is hung 10 cm from one 
end. How far is the knife-edge from the centre of the lath? 

7. An object is weighed on a balance whose pans are not equal in weight. 
When placed in the left-hand pan, the object appears to weigh 10-20 gf, 
but when placed in the right-hand pan it appears to weigh 10-42 gf. Find: 
(a) the correct weight of the object; (6) the difference in the weights of the 
pans. (C.) 
8. A uniform metre rule of weight 90 gf is suspended horizontally by 
two vertical loops of thread A and B placed at 20 cm and 30 cm from its 
ends respectively. Find the distances from the centre of the rule at which a 
200 gf weight must be suspended: (a) to make loop A become slack; (6) to 
make loop B slack. 

9. An irregular lamina is freely pivoted near one corner. Explain why the 
centre of gravity must lie vertically below the pivot when the lamina is in 
equilibrium. 

You are provided with a metre rule with a small hole bored at the centre, 
a 100 gf weight, some thread, and a stand. Describe how you would find the 
weight of a body of about 70 gf weight. If the hole was not at the centre 
of the rule how would you correct for this without additional apparatus? 
State the principle on which this experiment is based. (J.M.B.) 


10. Describe the simple beam-balance and explain the principle underlying 
its operation. 

A uniform metre rule balances on a knife-edge placed at the 58 cm 

mark when a 20 gf weight is suspended from one end. At which end must 
the weight be suspended? What is the weight of the rule? (O). 
11. A cylindrical steel shaft of radius 2 cm and 50 cm long is turned down 
on a lathe to one-half its radius for a distance of 20 cm from one end, Find 
the distance of its centre of gravity from the thicker end. 
12. A uniform stick can be balanced on a knife-edge 10 cm from one end 
when a weight of 200 gf is hung from that end. When the knife-edge is 
moved 5 cm further from that end the weight has to be moved to a point 
8-75 cm from the knite-edge to obtain a balance. Find the length of the 
stick and its weight. (O.C., part qn.) 
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+ 13. After a piece had been sawn off a laboratory metre rule, the remainder 
of it was found to balance about the 45 cm mark. To make it balance about 
the 50 cm mark, a 20 gf weight was suspended from the 75 cm mark. 

Where was the centre of gravity of the shortened rule? 

What was the weight of the shortened rule? (C.) 
14. (a) Explain the meaning of the term centre of gravity. How would 
you determine, by experiment, the centre of gravity of a thin triangular 
sheet of metal ? Show how you could check the accuracy of your result by: 
(i) a geometrical construction and measurement, and (ii) by a second 
simple experiment. Where should the centre of gravity be located? 

(6) Explain how the position of the centre of gravity of a body deter- 
mines whether it is in stable or unstable equilibrium. Illustrate your answer 
by diagrams. (L) 
15. Explain what is meant by stable, unstable, and neutral equilibrium. 
Give one example of each. 

A rectangular block has a height of 20 cm and a square base of side 10cm. 
It is placed with its square base on a rectangular board, so that one side 
of the square is parallel to the edge of the board. When the board is tilted 
about one edge, it makes an angle 6 with the horizontal when the block is 
just at the point of toppling over. Find the value of 0. (C.) 
16. What is meant by the centre of gravity of an object, and state the 
principle of moments. 

With the aid of clear diagrams explain how the stability of a double- 
decker bus is affected by: (a) the position of its centre of gravity; (6) the 
width of the wheelbase. 

A uniform plank 3 m long and weighing 20 kgf is supported horizontally 
across two trestles A and B placed 2 m apart so that equal lengths project 
at each end. A man weighing 80 kgf stands on the plank over trestle A. 
Calculate the reaction force at each trestle. If the man wishes to stand on 
the end of the plank nearer A without tipping, what weight must he place 
on the plank over trestle B? (S.) 
17. A circular disc of aluminium of radius 20 cm has a circular hole of 
radius 8 cm punched in it so that the centre of the hole is 8 cm from the 
edge of the disc. Find the position of the centre of gravity of the disc. 
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Average speed 


Unless he is travelling on a motorway, a motorist cannot usually 
maintain a constant speed for any length of time. In the ordinary way, 
traffic conditions frequently cause him to change speed or stop. When 
deciding the time to allow for a particular journey, the motorist must 
therefore have some idea of the average speed at which he will be able 
to travel. 

Speed is defined as the rate of change of distance moved with time. 
Thus, if a journey from London to Birmingham, 176 km, takes four 
hours, 


distance _ 176 
average speed = a 44 km/h 


During such a journey, however, the actual speed of the car at any 
instant will vary considerably from this figure. 


Actual speed 


Normally, a driver notes his actual speed at any moment by 
glancing at the speedometer, but for reasons which we shall not 
discuss here, speedometer readings are not particularly reliable. In 
order to obtain an accurate value for the speed of a vehicle at any 
instant it would be necessary to measure the distance moved in a very 
short interval of time. This is best done by a roadside observer using 
special apparatus to time the car over a measured distance. So long 
as the time interval is short, there is less likelihood that the speed will 
vary over the measured distance. Otherwise, of course, the value 
obtained will be an average speed. 


Distance and displacement 


On page 24 we explained the difference between scalar and vector 
quantities. Now, if we say that a motor-car travels a distance of 
100 m, the expression ‘100 m” is a scalar quantity. But if the car 
happens to be moving along a straight line and we mention the 
direction of travel, e.g., 100 m due east, we are now dealing with a 
vector quantity, and this is called the displacement of the car. 

Displacement is defined as distance moved in a specified direction. 
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Velocity 


Tn ordinary conversation the word “velocity” is often used in place 
of speed. In science, however, it is important to distinguish between 
these two terms. 

Velocity is defined as the rate of change of distance moved with time 
in a specified direction (or, rate of change of displacement). 

Velocity is therefore a vector, whereas speed is a scalar quantity. 
For example, if a car were travelling at a steady speed of 30 km/h 
along a perfectly straight road, it would be correct to say that it had 
a velocity of 30 km/h 30° east of north, or whatever the direction of 
the road might be. On the other hand, if the car were travelling 
round a bend with constant speed, its direction of motion would be 
continuously changing. Hence its velocity would also be continuously 
changing, although the speed remains constant. 


Uniform velocity 


A body is said to move with uniform velocity if its rate of change of 
distance moved with time in a specified direction is constant. 


Acceleration 


When the velocity of a body is changing, the body is said to be 
accelerating. 

Acceleration is defined as the rate of change of velocity with time. 

Acceleration is regarded as positive if the velocity is increasing, and 
negative if the velocity is decreasing. Ordinarily, however, most 
people restrict the use of the word acceleration to cases of increasing 
velocity only, while a decreasing velocity or slowing down is usually 
called a deceleration or retardation. 


Example. A motor-car is uniformly retarded and brought to rest 
from a speed of 108 km/h in 15 s. Find its acceleration. 


108 x 1000 


108 km/h = Sako 30 m/s 
therefore initial velocity = 30 m/s 
final velocity = Om/s 
change in velocity = final velocity — initial velocity 
= (0 — 30) m/s 
= —30 m/s 
asculatation change in velocity — 30 m/s 
time 15s 
= —2 m/s? 


The minus sign here simply means that the car is accelerating in the 
opposite direction to its initial velocity. Note the units in which 
acceleration is measured, namely, m/s’. Otherwise this may be written 
as ms~*, 


Equations of uniformly accelerated motion 


First equation of motion. Suppose a body which is already moving 
with a velocity of uw in m/s begins to accelerate at the rate of a in 
m/s*. The velocity will now increase by the numerical value of a in 
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Fig. 49. Uniform velocity 


m/s for each second that it moves. The increase in velocity in a time 
tins will therefore be equal to ar. 
Hence the final velocity after a time ¢ is given by 


c=nbet.. « . «ieee 


This is called the first equation of motion. 

Second equation of motion. If a body is moving with uniform 
acceleration its average velocity is equal to half the sum of the initial 
velocity u, and the final velocity v. 


Thus, average velocity = 2 s 
but v=u-+at 
therefore average velocity = ate =u+4at 


The distance, x, moved (displacement) = average velocity x time 
x=(u+4at)xt 

or x=ut+faP. . . . . (2) 

This is known as the second equation of motion. 


Third equation of motion. A useful third equation can be obtained 
by eliminating ¢ between the first two equations. 
Squaring both sides of the equation, v = u + at, we obtain 


v=wv4+2uat+ar 


Taking out the factor 2a from the last two terms of the right-hand 
side, 
v? = uw? + 2a(ut + 4at?) 
but the bracket term is equal to x 


hence, = 5) + 2ex. see we (8) 


Velocity—time graphs 


The distance covered in 5 s by a body moving with a velocity of 
6 m/s is given by, 
distance = velocity x time 
=6x5 
= 30m 
If we plot a graph of velocity against time for this case a straight- 
line parallel to the time axis is obtained (Fig. 49). On this graph, OC 
represents the time, 5 s, and OA the constant velocity 6 m/s. 
Hence, distance = velocity x time 
= 0A x OC 
= area OABC on the scale of the graph 
The distance travelled is thus represented by the area between the 


velocity-time curve and the time axis. This important result applies in 
all cases, whatever the shape of the velocity-time curve. 
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Uniformly accelerated motion represented graphically 


Fig. 50 shows the velocity-time graph for a body which starts with 
a velocity of 3 m/s and moves with an acceleration of 2 m/s? for 4s. 

In this case the velocity increases uniformly, and therefore the 
average velocity is equal to the velocity at half time and is represented 
by MD on the graph. If we take the right-angled triangle MBF and 
place it in the position MAE we shall obtain a rectangle OE FC whose 
area is equal to that of OABC. 

The height of rectangle OEFC represents the average velocity and 
its base represents the time. 


Therefore, area of OEFC = average velocity x time = distance 
hence also area of OABC = distance (numerically) 


An alternative way of looking at this problem is to take the average 
velocity as being equal to half the sum of the initial and final veloci- 
ties, ie. (OA + CB) = 4(3 + 11) =7 m/s. 

Hence, distance moved = (0A + CB) x OC=7x4=28m 


But this expression is also equal to the area of OABC, since OABC 
is a trapezium and the area of any trapezium = 4(sum of parallel 
sides) x perpendicular distance between them. 

So, whichever way we look at the problem, the distance moved is 
seen to be numerically equal to the area between the velocity-time 
curve and the time axis. 


Velocity from distance-time graph 


When a body moves with uniform velocity it will travel equal 
distances in equal intervals of time, and so a graph of distance against 
time will be a straight line (Fig. 51 (a)). Now if we take any point A, 
on the graph and drop a perpendicular AB on to the time axis, it is 
clear that AB represents the distance moved in the time interval 
represented by OB. 


distance _ AB 
time OB 
a is called the gradient or slope of the line OA. 


Hence, velocity = 


Fig. 51 (6) is a graph of distance against time for a body moving 
with a variable velocity. In order to find the velocity at any instant 
represented by point A on the curve, let us imagine a very small right- 
angled triangle BCD to be drawn whose hypotenuse BD is so short 
that it effectively coincides with the curve in the immediate neighbour- 
hood of A. In other words, we are considering a portion of the curve 
which is sufficiently short to be regarded as sensibly straight. 

distance represented by DC 
time interval represented by BC 


Then velocity at A = 


It would, of course, be of little use attempting to get accurate re- 
sults from measurements made on so smalla triangle. Instead we may 
find the velocity from a much larger similar triangle obtained by 
drawing a tangent EG to the curve at A, and measuring its gradient. 


distance GF 


Thus velocity at A = gradient at A = Gine interval EF 


Velocity (m/s) 


Fig. 50. Uniform acceleration 
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Fig. 52. 


Acceleration from velocity—time graph 


Fig. 52 shows velocity-time graphs for a body moving with: (a) 
uniform acceleration, and (4) non-uniform acceleration. 


By a process of reasoning similar to that used in the section 
above relating to the distance-time graphs, it may be shown that, 


PQ 


in Fig. 52 (a), acceleration = gradient of OP = 00 
and in Fig. 52 (6), 


acceleration at P = gradient of tangent LPM = aN 


Worked examples 


1, A stone is thrown vertically upwards with an initial velocity of 
14 m/s. Neglecting air resistance, find; (a) the maximum height 
reached: (b) the time taken before it reaches the ground. 

(Acceleration due to gravity = 9-8 m/s*.) 


When working problems of this type the reader is recommended to 
extract the data given in the question and write them down against the 
appropriate symbols before attempting to substitute in one of the 
equations of motion. 


u= 14m/s 
v= Om/s 
a = — 98 m/s? (retardation) 


To find the height reached, x, we substitute in the equation 


vo — wv = 2ax 
O — 14=2 x (— 9:8) x x 
—14 


whence 


The time taken to reach this height is found by substitution in the 


equation v=u-+at 
Thus, 0= 14+ (— 9:8) xt 
or t= ge = 143s 
The time taken to fall back to the ground is found by substitution in 
x = ut + fat? 
in which x = 10m 
u= Om/s 
a= +98 m/s? 
Thus, 10=O0xt+4ix98xeP 
re ne 10 x 2 
~ 98 
whence t=1-43s 


The downward motion is, of course, simply a reversal of the up- 
ward motion in every respect. 

Answer. Height 10 m 

Time 2:9s 
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2. A car starts from rest and is accelerated uniformly at the rate of 
2 m/s? for 6 s, It then maintains a constant speed for half a minute. The 
brakes are then applied and the vehicle uniformly retarded to rest in 
5s. Find the maximum speed reached in km/h and the total distance 
covered in metres. 


First stage 


u=0m/s 
a=2m/s? 
t=6s 
Substituting in the first equation of motion, 
v=u-+at 
vo=04+2x6 
v= 12m/s 
12 
=To0 * 60 x 60 km/h 
= 43 km/h 


The distance moved in the first stage may be found by substituting 

in the second equation of motion, thus, 
x = ut + ar? 
=0x64+4x2x6=36m 
Second stage 
u = 12 m/s (constant) 
t= 30s 
hence distance moved = speed x time 
= 12 x 30 = 360m. 
Third stage 
u = 12 m/s 
v= Om/s 
t= Ss 
Acceleration a = © 5 4 2 = —2-4 m/3* 

The distance may be found either by the second or third equations of 
motion. If we use the latter, 


v — wv =2ax 
whence eae 
Ay nae 
Oo — 12? 
Six (eaa ee 


Answer. Total distance travelled = 36 + 360 + 30 = 426m 
Maximum speed reached = 43 km/h 


Alternative graphical solution 
Fig. 53 shows the velocity-time graph for the previous problem, 
in which OA, AB and BC represent the three stages of the motion 
respectively. The distance moved is numerically equal to the area of 
the figure OABC (a trapezium). 
Area OABC = (AB + OC) x AD 
= 430+ 41) x 12 
= 426 scale units 
thus the total distance = 426 m 
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Fig. 53. 
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Fig. 54, Scene of a legendary experiment 


Galileo Galilei 


The equations of motion explained earlier in this chapter were first 
worked out by Galileo Galilei, who was born at Pisa in Italy in 1564. 
Galileo began his university career as a medical student, but later 
forsook medicine for the study of mathematics and physics. His out- 
standing ability earned him a lectureship by the time he was twenty- 
five years of age, and eventually he became professor at the University 
of Padua. Later in life he was imprisoned for teaching that the sun 
was at the centre of the solar system. This, being contrary to the 
teaching of the Church at that time, was regarded as an attempt to 
undermine its authority. 

In the study of mechanics, Galileo is particularly remembered for 
the work he did on the acceleration of falling bodies. The Greek 
philosopher Aristotle taught that the speed with which a body fell to 
the ground depended on its mass. This wrongful assertion had been 
accepted for centuries, but legend has it that Galileo tested the truth 
of the matter by a very simple experiment. He ascended the leaning 
tower of Pisa and, from the top, he simultaneously released three iron 
balls of different masses. They all reached the ground at the same 
time. It has been found that the acceleration due to gravity for a 
freely falling body has an average value of about 9:81 m/s? or 
981 cm/s*. The accepted symbol for the acceleration due to gravity is 
an italic letter “g”’ to distinguish it from the symbol for grammes 
which is a Roman letter “‘g”. See Fig. 54. 

It is very easy to draw a wrong conclusion from a single casual 
observation. A feather, for example, falls to the ground much more 
slowly than a stone. The fact is that air resistance as well as force 
of gravity govern the rate at which a body falls towards the earth. 
In the case of a light feather of large surface area the air resistance 
is very large compared with the force of gravity on it. If air re- 
sistance is eliminated the feather falls with the same acceleration as 
the stone. This was first demonstrated by Robert Boyle shortly after 
Galileo’s death. Using his newly invented air pump, Boyle removed 
the air from a tall glass jar containing a lead bullet and a feather. 
When the jar was inverted both bullet and feather reached the bottom 
of the jar simultaneously. 


The simple pendulum 


A story is told of Galileo, that he was once attending a service in 
the cathedral at Pisa when his attention was distracted by the swing- 
ing of a lamp which was suspended from the roof by a long chain. 
Using the beats of his pulse as a clock, he noticed that the time of 
swing of the lamp remained constant even when the oscillations were 
dying away. The lamp was behaving as a pendulum. 

In mechanics, a simple pendulum is defined as a small heavy body 
suspended by a light inextensible string. 

Galileo was quick to realize the importance of the constant time of 
swing of the pendulum, and later on it occurred to him that a 
pendulum might be used to govern a clock more satisfactorily than 
the horizontal oscillating crossbars which were then in use. Before he 
died in 1642, Galileo left plans for the construction of a pendulum 
clock, but it was not until 1657 that the first successful pendulum 
clock was constructed by the Dutch scientist Christian Huygens. 
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To study the simple pendulum. Measurement of g 


For experimental purposes, a simple pendulum is made by attach- 
ing a length of thread to a small brass or lead sphere called the bob. 
The thread is held firmly between two small pieces of wood (or a split 
cork) held by a clamp and stand. 

One complete to and fro movement of the pendulum is called an 
oscillation or vibration. The time taken for one complete oscillation 
is called the periodic time. The length of the pendulum is defined as 
the distance from the point of suspension to the centre of gravity of 
the bob. 

As the pendulum swings to and fro, the maximum displacement of 
the bob from its rest position is called the amplitude. Alternatively, we 
speak of the angular amplitude of the pendulum or the angle between 
the extreme and the rest positions of the string. 

Provided the amplitude is small, i.e., not more than a few degrees, 
the periodic time depends only on the length of the pendulum and the 
acceleration due to gravity. Experiments carried out using bobs of 
different sizes show that the periodic time does not depend on the 
mass or material of the bob. 

Tn more advanced books it is shown that the periodic time, T, of 
a simple pendulum is given by, 


T=2n, |! 
& 
where / = length in m; 
g = acceleration due to gravity in m/s. 

In order to verify this equation experimentally it will be found con- 
venient to rearrange it so that all the constant factors are on one side 
only. 

Squaring both sides, 


P= ant 
dividing both sides by /, 
Tt? 47 
7 ae ra = constant 


The object of the experiment now to be described is to verify this 
equation by measuring the periodic time 7, for a series of different 
values of /. 

2 

Tf the equation is true, the results should show that ES = constant. 

Fig. 55 shows how the length of the pendulum is measured by 
means of a metre rule and a set-square. If a set-square is not available 
a small rectangular card may be used instead. The zero end of the 
rule is held in contact with the under-surface of the blocks and the 
set-square reading x noted when it is just touching the bottom of 
the bob. The radius of the bob is now subtracted from x to give the 
required length,./. 

The observer should sit in front of the pendulum and note the rest 
position of the lower part of the string against some convenient mark. 
The pendulum is then set swinging with a small amplitude. 

Timing of the oscillations is begun by counting “nought” as the 
bob passes through its rest position and simultaneously a stop-clock 
is started. Counting is continued, “one, two, three, etc.” each time 
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Fig. 55. Simple pendulum experiment 
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the bob passes through its rest position in the same direction. If a 
stop-clock is not available the time may be measured by an ordinary 
clock or watch which has a seconds hand. In this way, the time of 
50 oscillations is found for at least half a dozen different lengths 
varying from about 0-30 to 1-0 m. 

In each case the timing should be repeated as a check on the 
previous reading and the results tabulated as shown. 


Length [Time for 50 oscillations) Periodic time re. KS 
1 rT: at 
(m) i ee ) 


2 
Constancy of the values of r entered in the last column of the 


table shows that the square of the periodic time is proportional to the 
length of the pendulum. This may also be demonstrated by plotting 
a graph of T? against /. A straight line through the origin should be 
obtained. 


Calculation of the acceleration due to gravity from the results 


2 
Since SER 
li g 
“ Lin 
it follows that ga=4r es va 


Hence a value for g may be calculated by dividing 47* by the mean 
2 
value of r obtained from the last column of the table. 


To measure the acceleration due to gravity by the swing- 
ing rod method 


In this experiment an ingenious but simple method is used to 
measure the very small interval of time taken by a body in falling 
freely through a distance of about 1 m. This time we shall work in 
centimetres, and convert to metres afterwards. 

A wooden rod, slightly more than a metre long and of rectangular 
cross-section, is freely pivoted at its upper end and adjusted by a 
plumb-line so that it can swing in a vertical plane (Fig. 56 (a)). A 
chalked metal bob, either spherical or in the form of a double cone, 
is attached to a length of cotton which is passed over a peg P;. The 
position of this peg is adjusted until the bob just touches a mark A 
near the top of the rod when the latter is in its vertical rest position. 
The cotton is then taken over a second peg P, and tied to a small hook 
near the lower end of the rod so as to hold the rod at about 10° from 
the vertical (Fig. 56 (6)). 

Having completed these adjustments, the cotton is burned through 
with a lighted match, thereby releasing bob and rod simultaneously, 
The rod receives a chalk mark where it strikes the bob at B (Fig. 56 
(c)). The experiment is repeated several times and a mean value found 
for the distance AB, which is measured each time with a metre rule. 
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Fig. 56. Swinging rod experiment 


Since the bob falls vertically, the rod will have made exactly one- 
quarter of a complete oscillation in the time taken for the bob to fall 


through the height AB. The time of fall is therefore i where T is the 


periodic time of oscillation of the rod. T is found by timing as many 
oscillations of the rod as possible using the method described for the 
simple pendulum on page 53. The timing should be repeated as a 
check. 

The readings may be recorded as shown in the specimen result 
below. 


Values for the distance AB 103-4, 103-5, 103-2, 103-6 cm 
Mean distance AB = x = 103-4.cm 


Time for 20 oscillations of the rod 36:5, 37-0, 37-0, 36-5 s 


A Fr 368 
Mean time of fall SSei = as 
For a body falling freely from rest x = 4gt* 
2x 
therefore, gr 


2 x 103-4 x 20? x 4 
36:8? 
= 977 cm/s? = 9-77 m/s? 


To measure g by use of a millisecond timer 


A somewhat quicker method than that just described employs an 
electric clock which measures time intervals in thousandths of a 
second or milliseconds (ms). This works on a different principle from 
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an ordinary electric clock. It generates electric impulses at the rate of 
1000 per second, which are recorded on a counter. Sockets are 
provided to which start and stop switches may be connected and 
these are operated by a brass ball at the beginning and end of its free 
fall through a measured height. 


Cotton 
/ 


» To millisecond 
timer start 
terminals 


Brass ball is supported 
from cotton by fingers 
ball so that it shorts two 
brass contacts 


x 

Light ballcatch on hinged 
platform shorts two 
brass contact strips 


To timer 
stop terminals 


Fig. 57. Determination of g 


Fig. 57 shows the method. The brass ball, supported by hand from 
a piece of cotton, is held so that it bridges two metal contacts, C. This 
acts as a stop switch by shorting out the counter, thus preventing it 
from receiving impulses from the generator. 

The counter is set to zero and the ball is released. At the moment 
of release, contact is broken, and the counter starts to record 
milliseconds. 

At the end of its fall, the ball strikes a hinged platform, thereby 
operating a switch which cuts off the impulses from generator to 
counter. 

The counter reading, t, is noted and the height, x, measured. The 
height is varied and the experiment repeated. A mean value of 


* is substituted in the equation, 
ae 
s=> 


The units of g, the acceleration due to gravity, will be in m/s? if 
x, is measured in metres, or in cm/s*, if x is measured in centi- 
metres. 
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Distance moved by a freely falling body related to time of 
fall 
The distance moved by a body falling freely from rest is given by, 
x=? 
or, if the acceleration due to gravity, g is constant 
x = constant x f? 


The value of the constant here is equal to + g and we can best 
illustrate the relationship between distance fallen and time taken by 
plotting a graph of x against t?. We should expect to obtain a straight 


line through the origin, the gradient of which is g (Fig. 58) 
Note that this method of illustrating the relationship applies not 
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Fig. 58, Free fall under gravity 


only to falling bodies but also to any body which is moving with a 
uniform acceleration. 


The parallelogram of velocities 


Velocities are vector quantities, i.e., they have direction as well as 
magnitude, and can therefore be combined by the parallelogram law 
(see parallelogram of forces on page 25). 

To take a simple example, if a man walks across a railway carriage 
when the train is in motion, his resultant velocity is made up of two 
components, namely, his velocity OC across the carriage and the 
velocity OT of the train. The resultant velocity of the man with 
respect to the ground is thus given by the diagonal OM of the 
parallelogram OCMT (Fig. 59). 

Obviously, the principle of the parallelogram of velocities can be 
stated in a manner similar to that of the parallelogram of forces, 
simply by referring to “velocity” instead of “force”. 

If a body has two component velocities which are represented by two 
adjacent sides of a parallelogram, then the resultant velocity is 


Velocity of man across carriage 


Oo Velocity of train 
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Fig. 59. Resultant velocity 
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Velocity of wind as 
it appears to cyclist 


B Cyclist’s velocity O Cyclist’s velocity C 
reversed 


Fig. 60. Relative velocity 


represented by the diagonal of the parallelogram drawn from the 
intersection of the two sides. 


Relative velocity 


Suppose a motor cyclist is riding along a road at 20 km/h due 
north, through still air. Although the air is still, it feels to the cyclist 
that wind is blowing in his face also at 20 km/h. In other words, the 
velocity of the air relative to the cyclist is equal to the cyclist’s velocity 
reversed. 

In cases where the cyclist and the air are both moving with respect 
to the ground, the velocity of the air relative to the cyclist is found by 
combining the actual velocity of the air with the cyclist’s yelocity 
reversed. This idea may be put in the form of a general principle. 

The velocity of a body A relative to a body B is obtained by com- 
bining the velocity of A with the velocity of B reversed. 

Where the velocities of A and B are in the same straight line the 
question of finding the relative velocity merely becomes a matter of 
simple addition or subtraction. But if they are not in the same 
straight line the parallelogram of velocities is applied. 

Thus, if a cyclist is travelling along a road due east at 15 km/h and 
a wind is blowing from the south-west at 12 km/h, we may represent 
these two velocities to scale by OC and OW in Fig. 60. 

In order to find the velocity of the wind relative to the cyclist, i.e., 
the direction in which it appears to the cyclist to be blowing, we draw 
OB to represent the cyclist’s velocity reversed and then complete the 
parallelogram OBRW. The diagonal OR gives the answer required in 
both magnitude and direction. 


The ferryman’s problem 


Those who have ever crossed a flowing river in a small ferry boat 
will have noticed that the boatman has to point the nose of the boat 
upstream in order to make a course straight across the river. 

Suppose the boat starts from point O (Fig. 61). It has two 
component velocities: (a) its own velocity across the surface of the 
water which is the same whether the water is moving or not, and (6) 
the velocity of the stream. These two components have a resultant 


Stream 


Resultant velocity 


—_— x of boat 


Velocity of boat 


relative to water 
Velocity of stream 
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velocity OA at right angles to the bank. The parallelogram of veloci- 
ties in this case is OCAB, whose diagonal OA is perpendicular to the 
side OB. 

In order to construct this parallelogram we require to know two 
only of the following data: the stream velocity OB, the velocity of the 
boat relative to the water OC, the angle COB or the required resultant 
velocity OA. 

Having constructed the parallelogram, the remaining data may be 
found from it. As in previous cases where we have used the parallelo- 
gram law, we can do the problem either by an accurate graphical 
construction or else by calculation from a rough diagram using 
Pythagoras’s theorem. 


Alternative method of solution 
The above problem may be approached from another point of 
view (Fig. 62). OA and OB represent the velocity of the boat and the 


Note — 


— Both OB and OC 
Stream represent velocities relative 
—" to the bed of the river 
—> 
Boat's velocity 
Velocity of boat 
relative to Stream velocity 
water 


Fig. 62. The ferryman’s problem (alternative solution) 


stream respectively, both with respect to the bed of the river. The 
velocity of the boat relative to the stream is therefore given by OC, 
which is the resultant of the velocity of the boat and the velocity of 
the stream reversed. 


Air navigation 


An air navigator faces a problem similar to that of the ferryman. 
Suppose he wishes to fly from a place A to a place B on the earth 
(Fig. 63). AN represents the direction of the true North through place 
A, and AB is called the required track. 

If the wind is blowing from the north-west the wind velocity will be 
represented by the vector A W drawn to scale and making an angle of 
135° with AN. To find the direction in which the aircraft must be 
flown, i.e., the direction of its velocity relative to the air, the navigator 
plots a parallelogram of velocities A RCT, in which AR represents the 
wind velocity reversed and the length of the diagonal AC represents 
the known air speed of the aircraft. The angle which AC makes with 
AN gives the correct course or heading, and the length of AT will 
represent the ground speed. 


N 
° 
Wind 


velocity | c 
reversed | 


Fig. 63. Air navigation 
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QUESTIONS: 5 
(Where necessary, assume g = 9-80 m/s? or 980 cm/s?) 


1. Define speed and explain what is meant by average speed. A motorist 
travels from a town A to a town B, 145 km distant in 3 h 45 min. Find his 
average speed: (a) in km/h; (6) in m/s. 

2. Define the terms displacement, velocity, and acceleration. A body start- 
ing with an initial velocity u moves in a straight line for a time ¢ with a 
uniform acceleration a, and finally attains a velocity v. If the distance 
travelled is x, write down the equations relating: (a) v, u, a, and 1; 
(b) x, u, t, and a; (c) v, u, a, and x. 

3. Explain the difference between speed and velocity. Draw a graph of 
velocity against time for a body which starts with an initial velocity of 4 m/s 
and continues to move with an acceleration of 1-5 m/s? for 6 s. Show how 
you would find from the graph: (a) the average velocity; (6) the distance 
moved in the 6 s. 

4. Sketch the shape of the velocity-time graph for a body moving with: 
(i) uniform velocity; (ii) uniform acceleration. State how a velocity-time 
graph may be used to find: (a) the acceleration of a body; (6) the distance 
it has travelled in a given time. (A.E.B.) 
5. A body starts from rest and accelerates at 3 m/s’, for 4 s. Its velocity 
remains constant at the maximum value so reached for 7s and it finally 
comes to rest with uniform retardation after another 5 s. Find by a graphical 
method: (a) the distance moved during each stage of the motion; (5) the 
average velocity over the whole period. 

6. A train starts from a station A, with an acceleration of 0:2 m/s? and 
attains its maximum speed in 1-5 min. After continuing at this speed for 
4 min it is uniformly retarded for 45 s before coming to rest in station B. 
Find by drawing a suitable graph: (a) the distance between A and B in 
kilometres; (6) the maximum speed in km/h; (c) the average speed in m/s. 
7. A body starts with an initial velocity of 26 m/s and moves with a constant 
acceleration of 7 m/s* for 25s. Find the total distance moved in metres. 
8. A trolley starts from rest on an inclined plane and moves down it with 
uniform acceleration. After having moved a distance of 40 cm its velocity 
is 20 cm/s. Find its acceleration: (a) in cm/s*; (6) in m/s?. 

9. A motorist, travelling at 90 km/h, applies his brakes and comes to 
rest with uniform retardation in 20 s. Calculate the retardation in m/s*. 
10. An electric train moving at 20 km/h accelerates to a speed of 30 km/h 
in 20s. Find the average acceleration in m/s? and the distance travelled 
in metres during the period of the acceleration. 

11. The speed of a goods truck which has been shunted on to a level siding 
falls from 10 km/h to 5 km/h in moving a distance of 30 m. If the 
retardation is constant, how much further will the truck travel before 
coming to rest. 

12. A train, 90 m long, stops in a station with its front buffers in line with a 
lamp-post on the platform. Later it starts off with an average acceleration 
of 0-45 m/s*, What will be its speed, in km/h, when the tail buffers pass 
the lamp-post? 

13. Explain the term acceleration due to gravity and describe a method by 
which you could measure it in the case of a small heavy body under con- 
ditions of free fall. 

14. A stone, dropped down a well takes 2s to reach the water surface. 
Calculate: (a) the velocity with which the stone hits the water; (6) the 
distance of the water surface from the top of the well shaft. (C.) 
15. Explain what is meant by uniform velocity and uniform acceleration. 
Derive, from first principles, an expression for the distance travelled by a 
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uniformly accelerated body moving from rest, in terms of the acceleration 
and the time taken. (L., part qn.) 
16. A body which starts from rest and slides down an inclined air-track 
covers the following distances x in times ft. 

xincm 0 12:8 20-0 28-8 See $12 64:8 
tins 0 0-8 1-0 1:2 1-4 16 18 


Show by the graphical method that the body moves with uniform accelera- 
tion and find its value in m/s?. 
17. What is meant by “uniform velocity” and “uniform acceleration” ? 

Sketch a graph showing the relation between time and distance travelled 
by a body falling freely from rest. How would you use this graph to deter- 
mine: (a) the velocity of the body at any instant; (6) the acceleration of the 
body? (J.M.B., part qn.) 
18. A projectile is fired vertically upwards and reaches a height of 78-4 m. 
Find the velocity of projection and the time it takes to reach its highest 
point. 

19. A body which moves from rest with uniform acceleration travels 18 m 
during the third second. What will be its velocity at the end of the eighth 
second? 

20. A stone is thrown vertically upwards with an initial velocity of 29-4 m/s 
from the top of a tower 34-3 m high. Find: (a) the time taken to reach the 
maximum height; (6) the total time which elapses before it reaches the 
ground. 

21. A small iron ball is dropped from the top of a vertical cliff and takes 
25 s to reach the sandy beach below. Find: (a) the velocity with which it 
strikes the sand; (6) the height of the cliff. 

If the ball penetrates the sand to a depth of 12-5 cm, calculate its average 
retardation. (Assume g = 10-0 m/s.) 

22. What is meant by: (a) velocity; (6) relative velocity. 

State the principle of the parallelogram of velocities. Name two other 
vectors which may be compounded by using the same principle. 

John and Mary start walking at the same time from the south-west 
corner of a field whose south side is bounded by a straight stone wall. 
John walks alongside the wall at 5:5 km/h while Mary sets off at 6 km/h 
along a straight footpath across the field which makes an angle of 50° with 
the wall. Find, by means of an accurate scale drawing, the velocity of 
Mary relative to John, and their distance apart after 10 min. 

23. A river is 120 m wide and the water flows at 2-5 km/h. A ferryman 
who can scull in still water at 3 km/h wishes to cross the river in a direc- 
tion at right angles to its banks. Find either by an accurate scale drawing 
or by calculation: (a) the direction in which he must steer the boat; 
(6) the time it takes him to cross. 

24, A pilot is required to fly his aircraft from an airfield A to an airfield B 
which is 120 km due north of A. 

A steady wind blows from the west at 70 km/h. If, during the flight the 
air-speed indicator reads 300 km/h, find by a scale drawing or by calcula- 
tion: (a) the course or direction in which the pilot flies with respect to due 
north; (6) the time of flight (neglecting take-off and landing times). 

Indicate on your diagram: (i) wind velocity; (ii) course and air speed; 
(iii) track and ground speed. 

25. Which of the following are vector and which are scalar quantities: 
velocity, mass, speed, force, displacement, acceleration, weight? 
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Fig. 64. An old trick 


The study of moving bodies begun by Galileo Galilei in Italy was 
continued after his death by Sir Isaac Newton in England. 

In 1687 Newton published a book written, as was the custom in 
those days, in Latin and given the title, Philosophiae naturalis principia 
mathematica. Translated, this means, “The mathematical principles 
of natural philosophy”. The Principia, as it is*familiarly called, is 
regarded as one of the greatest scientific works ever written. It is 
devoted mainly to the study of motion, particularly that of the planets 
and other heavenly bodies. In the first part of the book Newton sums 
up the basic principles of motion in three laws. In this chapter we 
shall discuss these laws and consider some of their applications. 


Newton’s first law of motion 


Every body continues in its state of rest or of uniform motion in a 
straight line unless compelled by some external force to act other- 
wise. 

It is a matter of common experience that objects at rest do not 
begin to move of their own accord. If we place an object in a certain 
place we expect it to remain there unless a force is applied to it. Some 
simple parlour tricks are based on this principle. For example, if a 
pile of draughts or pennies is placed on a table the bottom one can 
be removed without disturbing the remainder, simply by flicking it 
sharply with a piece of thin wood or metal. In this case the force of 
friction between the bottom disc and the one in contact with it acts 
for too short a time to cause any appreciable movement of the discs 
above. Incidentally, the use of a ruler is not recommended for this 
experiment, as the blows it receives will not improve its straight- 
edge. 

The bottle and coin trick is equally effective in demonstrating the 
same effect. A sixpence is put on a card and placed over the mouth 
of a bottle (Fig. 64). When the card is flicked away with the finger the 
coin drops neatly into the bottle. For success in performing this trick 
the finger should move in a horizontal plane so that the card is not 
tilted. 

It is not immediately obvious that a body moving with uniform 
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velocity in a straight line tends to go on moving for ever without 
coming to rest. The fact is that no one has yet found a means of 
eliminating all the various outside forces which can retard a moving 
body. 

A person riding a bicycle along a level road does not come to rest 
immediately he stops pedalling. The bicycle continues to move for- 
ward, but eventually it comes to rest as a result of the retarding 
action of air resistance and friction. In a collision between two motor 
vehicles the passengers are frequently injured when they hit the wind- 
screen. An external force stops the vehicle, but not the passengers 
who simply continue their straight-line motion in accordance with 
Newton’s first law; hence the advantage of a safety harness. 

When a bullet is fired from a gun its motion is opposed both by air 
resistance and the pull of the earth. Sooner or later it returns to the 
earth, but it would be reasonable to suppose that, if air resistance and 
gravitation could be eliminated, the bullet would go on moving in 
a straight line for ever. 

In the early seventeenth century the German astronomer, Johann 
Kepler, had shown that the planets move in elliptical paths or orbits 
round the sun, but he was unable to explain why. It was left to Sir 
Isaac Newton to offer a satisfactory explanation based on the first 
law of motion and the law of universal gravitation (see page 13). 
Newton pointed out that the planets move in curved paths because 
the sun is attracting them. No slowing up occurs, since there is no 
retarding force. The planets move in the vacuum of space, carrying 
their atmospheres with them. Jf the attraction of the sun suddenly 
ceased, a planet would continue to move in a straight line making a 
tangent with its original orbit. 

It is important to realize that, once a body is moving with uniform 
speed ina straight line, it needs no force to keep it in motion provided 
there are no external opposing forces. 

The tendency of a body to remain at rest or, if moving, to continue 
its motion in a straight line is described as inertia. For this reason, 
Newton’s first law is sometimes called “the law of inertia”. We shall 
now go on to discuss the motion of a body when it is being acted upon 
by a force. 


Momentum 


A truck requires a larger force to set it in motion when it is heavily 
laden than when it is empty. Likewise, far more powerful brakes are 
needed to stop a heavy goods vehicle than a light car moving with the 
same speed. The heavier vehicle is said to possess a greater quantity 
of motion or momentum than the lighter one. 

The momentum of a body is defined as the product of its mass and 
its velocity. 

The unit of momentum in the SI system is, therefore, 1 kilogramme 
multiplied by 1 metre per second (unit symbol, kg m/s). 

When two bodies, a heavy one and a light one, are acted upon by 
the same force for the same time, the light body builds up a higher 
velocity than the heavy one. But the momentum they gain is the same 
in both cases. This important connection between force and momen- 
tum was recognized by Sir Isaac Newton and expressed by him in 
a second law of motion. 
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Newton's second law of motion 


The rate of change of momentum of a body is proportional to the 
applied force and takes place in the direction in which the force acts. 

In previous chapters we have used the kgf and gf as units of force. 
These are called gravitational units and on page 14 we explained why 
they are unsuitable for accurate scientific purposes. We shall now 
show how Newton’s second law of motion enables us to define an 
absolute unit of force which remains constant under all conditions. 

Suppose a force F acts on a body of mass m for a time fr, and 
causes its velocity to change from u to v. 

The momentum changes uniformly from mu to mv in time ¢, 
mv — mu 

t 

By Newton’s second law, the rate of change of momentum is pro- 

portional to the applied force and hence, 


therefore, the rate of change of momentum = 


Fat = mu 
Factorising, 
ee) 
‘ t 
but (v—u) _ change in velocity seeeraOH 
t time 
=a 
therefore Foma 


This relationship can be turned into an equation by putting in a 
constant. 


Thus, F = constant * ma, 


It is this equation which enables us to define an absolute unit of force. 
If m = 1 kg and a = | m/s’, the value of the unit of force is chosen 
so as to make F = 1 when the constant = 1. 

Using kilogrammes, metres, and seconds in this way the unit of 
force so obtained will be the SI unit which is defined as follows: 

The SI unit of force is called the newton (N), and is the force which 
produces an acceleration of 1 m/s’ when it acts on a mass of 1 kg. 

Thus, when F is in newtons, m in kilogrammes and ain metres per 
second squared, we have 

F=ma 


Absolute unit of force on the CGS system 


In chapter 1 we mentioned the two metric absolute systems of 
units, namely: 


the SI system based on the metre, kilogramme and second; and 
the CGS system based on the centimetre, gramme and second. 


The CGS unit of force is called the dyne (dyn) and is the force which 
produces an acceleration of 1 cm/s? when it acts on a mass of 1 g. 

The newton and the dyne are easy to remember since they are both 
defined in the same manner and differ only in the units of length and 
mass on which they are based. 
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Also the equation, F = ma applies to both systems provided the 
correct units are used, i.e., metres go with kilogrammes and centi- 
metres with grammes. One cannot, of course, mix metres with 
grammes in the same equation. 


Relation between the newton and the dyne 


By definition 1 dyn = 1 g x 1 cm/s? 
and IN =1kg x 1m/3? 
therefore 1N =1000g x 100 cm/s? 
= 100 000 g cm/s* 
IN = 105 dyn 


To verify experimentally that F x ma 


We may test the truth of Newton’s second law by measuring the 
accelerations produced when various forces are applied to a special 
trolley running on three ball-bearing wheels (Fig. 65). 

Strip vibrates 
50 times per second 


Elastic 
Carbon Tope cord 
oi “fen > Pull with 
Ey constant 
tension 


Fig. 65. Measurement of acceleration 


We remarked above that F = ma, whatever consistent system of 
units is used, It will, therefore, save time in weighing and calculation 
if we use a number of identical trolleys which can be fixed, one on top 
of the other, and taking the mass of a trolley as a unit of mass. 

Similarly, forces are applied to the trolleys by one or more 
identical elastic cords, each stretched by exactly the same length, thus 
using the tension in a cord as a unit of force. 

Attached to the trolley is a long strip of paper tape which passes 
under a disc of carbon paper. Immediately above the carbon paper is 
an iron strip, vibrating 50 times per second, with a stylus which 
makes a series of dots on the tape as it is pulled along. Constructional 
details of the ticker-tape vibrator are shown in Fig. 66 and its action 
will be better understood after reading chapter 36. The apparatus acts 
as both clock and distance measurer; distances between the dots 
representing distances moved by the trolley in successive intervals of 


1 
30° or 0:02 s. 


How we calculate the acceleration from the dots on the tape will be 
explained presently. 

The trolley runs on a smooth flat board about 2 m long, but before 
each experiment it is necessary to compensate for friction which 
retards the trolley’s motion. This is done by tilting the runway with 
suitable packing pieces at one end until the trolley moves with 
uniform velocity after having been given a slight push. Correct ad- 
justment has been obtained if all the dots are equally spaced. The 
resultant force on the trolley is now zero, so only the force applied by 
the elastic cord will produce acceleration. 
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50- cycle a.c. in solenoid 
reverses magnetism in strip 
50 times per second 


Tron strip vibrates in field of 
permanent magnet 


Strip tuning clamp 


-\Permanent magnet 
6V ac. supply to 
oN solenoid terminals 


Carbon paper — Paper tape 
disc 
Fig. 66. The ticker-tape vibrator 


Experiment 1. To show that a « F when the mass, m, is constant 


Having set up the apparatus as described, a single elastic cord with 
rings at each end is attached to the vertical rod at the tape end of the 
trolley and the vibrator switched on. The cord is then pulled by finger 
and thumb keeping its end ring in line with the two vertical rods at 
the opposite end. A fairly constant accelerating force can be main- 
tained if one keeps an eye on the end of the cord and rods while 
walking alongside the runway in time with the trolley. To acquire 
skill, a few trial runs should be made before attaching the tape. 

The experiment is repeated with fresh tapes, but using two and 
three elastic cords respectively. 

In each case the acceleration is found from the tape dots as shown 
below. 


10 spaces * 10 spaces 
Start time = 0-2s time = O-2s 


ica ata ins sd 
(cm) (cm) 

Ignoring the first few dots, the distances x, and x, occupied by 
successive 10 dot-spaces are measured. The trolley thus takes 
10 x 0-02 = 0-2 s to travel each distance x, and x}. 

Therefore, 


average velocity in cm/s over the distance x, = an and 


average velocity in cm/s over the distance x, = oe 


0-2s 
hence, increase in velocity in 0-25 = 2 — “1 _ %—% 
2 02s 02s 02s 
from which, acceleration = changeimvelouity Rae at 


time (0:2s)? 
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Usually, several pairs of values of x, and x, may be obtained from 
the tape and a mean value of x, — x, used in calculating the accelera- 
tion. The results may be tabulated as below. 


Acceleration 

ad | | a | acm | Memes | 2 
z 

units) (em) || Gn) (cm) (cm) 5 a 
(cm/s*) 


(Extend table sections as required.) 


If a « F, then the results should show that ‘ = constant or, al- 


ternatively, the graph of a against F should be a straight line through 
the origin. 


Experiment 2. To show that a xm when the accelerating force, F, is 
constant 


This experiment is carried out in the same manner as the first, but 
this time we use a constant accelerating force and vary the mass being 
moved by placing extra trolleys on top of the first. Owing to the fact 
that friction depends on the weight of the trolley, it will be necessary 
to make a fresh adjustment to compensate for friction each time the 
mass of the trolley is altered. The results are recorded in a table as 
below. 


Mass of 
trolley 
(m units) 


x x2 
(cm) | (cm) (cm) 


(Extend table sections as required.) 


Ifaa us the results should show that ~~ = ma = constant. Al- 
m I/m 


ternatively, the graph of a against 1 should be a straight line through 
the origin. bl 


Summary. The two experiments described above show, respec- 
tively, that 


and ax— 
m 


ae 1 
Combining the two results, aa F x = 


whence Fama 
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Note. For simplicity, we have used our own special units of mass 
and force in these two experiments. We could, of course, have 
weighed the trolleys and found their mass in kilogrammes, and then 
have calibrated the elastic cord as described for the spring on page 17, 
converting the force readings to newtons as explained in the next 
section. Our experiments would then have been carried out entirely 
in SI units. 


Weight of a body expressed in newtons 


Galileo showed that all bodies, whatever their masses, have the 
same acceleration when they fall freely under the action of gravity. 
In equations, the acceleration due to gravity is denoted by the italic 
letter “g” to distinguish it from the Roman letter “g” used as the 
symbol for mass in grammes. 

Thus, for a freely falling body of mass m in kilogrammes, the 
force of gravity, F in newtons, acting on it is given by 

F = mg, where g = 9:81 m/s? 


If, however, the body is at rest on the earth’s surface this same 
force will press it down on to the earth and this is the force we call 
its weight as defined on page 15. 


Hence, weight of a body in newtons = mg 


It must, of course, be realized that the acceleration due to gravity 
varies according to where we happen to be, so 9:81 m/s? must be 
taken as an average value. In accurate measurements we would use 
the actual value of g at the place where we were working. 

Hitherto we have used the so-called gravitational units of force the 
kilogramme-force (kgf) or gramme-force (gf) but now that we have 
learned the relation between force, mass and acceleration we can 
express the weight of a body in absolute SI units of force (newtons) 
and the newton is quite independent of where the body happens to be. 


Note on gravitational units of force 


Strictly speaking, the kilogramme-force is defined as the force which, 
acting on a mass of | kg imparts to it the standard acceleration of 
9-806 65 m/s*. Gravitational units have been used mainly by engineers 
but, by international recommendation, their continued use is dis- 
couraged in favour of the newton. 


Thus, 1 kgf = 9806 65 N 
= 9-81 N to a close approximation 


Note on CGS units 
By reasoning similar to the foregoing, but using grammes, dynes 
and centimetres per second squared as units of mass, force and 
acceleration respectively, the reader should be able to show that, 
in CGS units, 
1 gf = 981 dyn 
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Weight of a body in a lift 


There must be few people who have not, at some time or other, 
travelled in a lift or elevator. So probably everyone is acquainted with 
the feeling of extra personal weight when the lift accelerates from 
rest to attain its steady upward velocity, together with a feeling of 
lightness when the lift decelerates to rest. Similar feelings are ex- 
perienced in a descending lift. 

The following discussion refers to a body of mass m in kg inside 
a lift at a place where the acceleration due to gravity is g in m/s?. 


Lift at rest 

The case is no different from that when the body is placed on any 
other support fixed relative to the earth. It therefore presses down on 
the floor with its rest weight of mg in newtons. 


Lift moving up or down with uniform velocity 

From Newton's first law of motion, no force is required to keep a 
body moving with uniform velocity in a straight line. The air inside 
the lift moves with the body, so the question of air resistance does 
not concern us. 

Gravity pulls the body down with a force of mg in N. The body 
presses on the lift floor with the same force. By Newton’s third law 
the floor exerts an equal upward reaction on the body. Consequently 
the resultant force on the body is zero which, as we have seen, is a 
requirement for uniform velocity in any direction. 

Thus, if the lift is moving up or down with uniform velocity, the 
weight of the body is mg, the same as when at rest on earth. 


Lift accelerating upwards 

Arising out of Newton’s second law of motion we saw that when 
a resultant force, F, acts on a body of mass m, it will move with an 
acceleration of a which is given by the equation, 


F=ma 


If the lift moves upwards with acceleration a its floor must push 
upwards on the body inside to give that the same acceleration also. 

By Newton’s third law the body will therefore exert an equal and 
Opposite reaction of ma downwards on the floor. The force of 
gravity, however, has not ceased to act and is still causing the body 
to press down on the floor with a force of mg. The resultant force 
in newtons which the body exerts on the floor is, therefore, 


mg + ma=m(g +a) 


But the resultant force exerted by a body on its support is defined 
as its weight (page 15). 
Hence, new weight of body in newtons = m(g + a) 


Lift moving downwards with acceleration a, less than g 
Since the lift floor cannot apply a downward force on the body, 
what happens in this case is that a portion, ma, of the force of gravity, 
mg, is being employed to accelerate the body downwards. Only the 
remainder of the force of gravity, i.e., a resultant force of (mg — ma) 
in newtons is available to press the body down on to the floor. 
Hence, in this case, new weight of body = m (g — a). 
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Lift falling freely 
Suppose the worst happened and the lift rope broke. Both lift and 
body would fall freely. As far as the body is concerned the whole of 


Fig. 67. Three astronauts participate in weightless manoeuvres. The aircraft in which they are 
travelling is speeding through a pre-determined arc so that they are effectively under free-fall 
acceleration. Two crew members with their feet on the floor watch (left to right) Astronauts 


Edward White, James McDivitt and Neil Armstrong float around the cabin, in preparation for space 
flights 


the force of gravity, mg, would be employed in giving it free-fall 
acceleration of g. Nothing would be left over to press it on to the 
floor. Its weight has now become, 


mg — mg = 0 newtons 


In other words the body is weightless when the lift is falling freely. 
See also Fig. 67. 


Lift moving downwards with acceleration a’ greater than g 

In order to make the lift move downwards with an acceleration 
greater than that of gravity it would have to be driven downwards by 
some form of propeller or rocket engine. The body inside would have 
the same acceleration, a’, and this would require a force of ma’ 
which is greater than the force of gravity mg on the body. In such 
circumstances the body would rise to the ceiling and obtain the 
extra required push from it of 


(ma' — mg) 


NEWTON'S LAWS OF MOTION 


The body will therefore exert a reaction on the ceiling equal and 
opposite to this force. 

In accordance with our definition, the weight of the body is the 
resultant force it exerts on its support (in this case the ceiling). 

Hence, new weight of body = ma’ — mg = m (a' — g). 

But this weight acts upwards, i.e., in the opposite direction to the 
body’s normal rest weight with respect to the earth. So under these 
conditions we could say that it had a negative weight. 

Fortunately, this is not a passenger lift or the unfortunate occu- 
pants would either bump their heads on the ceiling or, more com- 
fortably, be able to walk around it! 


Newton's third law of motion 


To every action there is an equal and opposite reaction. 

This law has already been mentioned with reference to the force 
which a table exerts on a book placed upon it and also in connection 
with the weight of a body in an accelerating lift. We shall now discuss 
another aspect of the law. 

When a bullet is fired from a gun equal and opposite forces are 
exerted on the bullet and gun during the time the bullet is passing 
down the barrel. Since, therefore, both bullet and gun are acted upon 
by equal forces for the same time, they will, in accordance with the 
second law of motion, acquire equal and opposite momenta. The 
backward momentum of the gun itself is shown by its kick or recoil. 
Hence, 


mass of bullet x muzzle velocity = mass of gun x recoil velocity 


It is to be noted that momentum is a vector quantity, i.e., it has 
direction as well as magnitude. The momenta of the bullet and gun 
are equal but in opposite directions. Consequently, the sum total of 
their momenta is zero. This illustrates an important principle arising 
out of Newton’s second and third laws which is known as the 


Law of the conservation of momentum 


When two or more bodies act upon one another, their total momen- 
tum remains constant, provided no external forces are acting. 


To verify the conservation of momentum for interacting 
bodies moving in the same straight line 


Experiment 1. Inelastic collision of a moving body with one at rest 


The arrangement of the apparatus is shown in Fig. 68. Two trolleys 
1 and 2 are placed on a runway which is adjusted as far as possible 
to compensate for friction as explained on page 65. 

Trolley 1 is loaded with weights to give it greater mass and has a 
tape attached which passes through a ticker-timer. It is then given 
a push so that it runs forward with uniform velocity and collides with 
trolley 2 which is at rest further along the runway. 

One trolley is fitted with a stout pin and the other a cork so placed 
that, on collision, the pin penetrates the cork causing the trolleys to 
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stick together and move on as one. This is described as an inelastic 
collision. 

The tape is found to have two consecutive sets of equally spaced 
dots from which the velocity of trolley 1 before collision and the 
common velocity of both trolleys after collision may be found in the 


Loading Stout 
weights PIN Cork 


Trolley 1 Trolley 2 


Tape 
_ from timer 


Runwoy 
Both trolleys after collision Trolley 1 before collision 
Gives v Gives u 


Collision 
Fig. 68. Inelastic collision experiment 


usual way. Both trolleys are weighed to find their masses, m, and 
m, in kg, and the results may be recorded as shown. 


Results 
Mass of trolley 1 = kg 
Mass of trolley 2 = kg 


Calculations from tape measurements 


Veli 
fe Es Momentum 


5 (m/s) (kg m/s) 


Distance 
x (m) 


Trolley | before collision 


= mam 
| Both trolleys after collision 
| v= (m, + m)v = ‘| 
Total momentum before collision = kg m/s 
Total momentum after collision = kg m/s 


Experiment 2. Partially elastic collision of a moving body with one 
at rest 

This experiment is performed in a manner similar to the previous 
one except that the pin and cork are replaced by a spring buffer to 
ensure an elastic collision (Fig. 69). 

Trolley 1 is loaded to make it heavier than trolley 2 so that, on 
collision, trolley 1 is slowed up and trolley 2 moves forward with a 
greater velocity. Two tapes are therefore required, one for each 
trolley, from which the velocities before and after collision are 
measured as before. 

Suppose the masses of the trolleys are m, and m, respectively 
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and let the velocity of trolley 1 in m/s be w before, and 2 after 
collision. Then, if v, is the velocity of trolley 2 after collision, we 
should expect that, 


Loading Spring 
weights Trolley! buffer Trolley 2 


From timer 2 


From timer 1 


Collision 
After collision Before collision 
cece enc esee ene + + + + + Tape 4 
Gives y Gives u 
= Tope 2 
Gives Vo (Zero velocity) 


Fig. 69, Partially elastic collision experiment 


total momentum before collision = total momentum after collision 
or, in SI units (kg m/s), 
Mu = Myr, + Mv, 
The various momenta are calculated and recorded as previously. 
Results 


Mass of trolley 1 = kg 
Mass of trolley 2 = kg 


Calculations from tape measurements 


Revaclty Momentum 


~ (mj) (kg m/s) 
—— 
Trolley 1 before collision 


Trolley \ after collision 


Trolley 2 after collision 


Total momentum before collision = kg m/s 
Total momentum after collision = kg m/s 


Distance 
x (m) 


Within the limits of experimental error we should expect to find 
that the total momentum before collision is equal to the total 
momentum after collision for both inelastic and partially elastic 
collisions. 

Later on we shall have something to say about the conservation of 
energy involved when two bodies collide as distinct from the con- 
servation of their momentum. 
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Experiment 3. “Gun and projectile” experiment 


A heavy trolley (the “‘gun”) is fitted with a horizontal metal rod 
which is pushed in against a spring and held in position by a metal 
plate. This is on a level runway in contact with a lighter trolley (the 
“projectile”). Both trolleys are attached to ticker-tape vibrators 
(Fig. 70). 

The vibrators are switched on and the vertical trigger given a light 
tap to release the spring. The two trolleys move apart and their 


Loading Tap trigger vertically 


Tape weights to fire projectile 
Projectile Tol From 
From | : i. oul 
PROJECTILE umes 


timer 


- Distance + 


Fig. 70. Gun and projectile experiment 


velocities v, and v,, are measured from the equally spaced dots on 
their tapes. The masses mm, and m, of gun and projectile are found by 
weighing. 

Now the total momentum of gun and projectile at the start was 
zero since both were at rest. How then is the momentum still zero 
after firing when both are in motion? The answer is simple. Momen- 
tum, being a vector quantity, has direction. 

From a given starting-point (the origin) we represent distances and 
velocities to the right by a + sign; those to the left by a — sign. The 
reader will have already met this convention during the study of 
graphs in mathematics. 

We must, therefore, write the gun’s velocity as — v;, 

and the projectile’s velocity as + v}. 

The momentum before firing = 0, 

and momentum after firing = —?m,v, + mv. 

Errors inevitably occur owing to the impossibility of compensating 
for friction when two trolleys are moving in opposite directions. 
Within these limitations we should expect the total momentum after 
firing to be zero. 


Rocket propulsion 


Let us now think of a toy rubber balloon which has been blown 
up with air and its mouth secured with string. If the string is now 
removed so that the air can escape rapidly, the balloon will, if re- 
leased, dart round the room until all the air has gone. It behaves as 
a simple rocket. 

The rockets which form a familiar feature of firework displays 
contain solid chemicals which burn to produce a high-velocity blast 
of hot gas. Space rockets which are designed to travel large distances 
have tanks of liquid fuel together with a supply of either liquid 
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Fuel inlet 
Stator blades and burner Turbine 


Air — 
intake 


Exhaust 
jet 


1 


' 

' 

' 
1 4 1 
| Front shaft Rotor blades Double wall for Vanes to H 
1 bearing 1 cooling air , straighten flow ' 
1 1 \ \ 
1 1 re: 1 
: 1 1 ' 
! 1 ‘4 
k Compressor 1— Combustion, 14 Exhaust nozzle i 


chamber 


Fig. 71. Jet engine or gas turbine 


oxygen or some other liquid which produces oxygen to enable the 
fuel to burn. 

In either case, a chemical reaction takes place inside the rocket and 
creates a large force which propels the gaseous products of com- 
bustion out through the tail nozzle with tremendous velocity. The 
reaction to this force propels the rocket forwards. Although the mass 
of gas emitted per second is comparatively small, it has a very large 
momentum on account of its high velocity. An equal momentum is 
imparted to the rocket in the opposite direction, so that, in spite of 
its large mass, the rocket also builds up a high velocity. 


Jet engines 


An aircraft jet engine works on the same principle as a rocket, the 
difference between them is concerned only with the method of obtain- 
ing the high-velocity gas jet. Fig. 71 shows, in simplified form, the 
construction of an axial-flow gas turbine or jet engine. The fuel used 
in these engines is kerosene (paraffin). This is sprayed through burners 
into combustion chambers, where it burns in a blast of compressed 
air and produces a high-velocity jet of gas which emerges from the 
exhaust nozzle. 

The air supply is drawn in at the front of the engine and com- 
pressed by a turbine compressor. A turbine is simply a special kind 
of fan having alternate sets of fixed and rotating metal blades. The 
compressor itself is driven by another smaller turbine worked by the 
exhaust jet. 

In order to start the engine it is, of course, necessary to have a 
powerful starter motor to impart an initial rotation to the compressor 
and a hot electric spark to ignite the kerosene inside’ the combustion 
chamber. 

Jet engines of this type are used for aircraft which fly through the 
atmosphere, but they cannot be used to propel vehicles into outer 
space where there is no air supply. Space rockets, on the other hand, 


NEWTON'S LAWS OF MOTION 
Fig. 72. Beginning the conquest of space 


Far left: The Atlas rocket, carrying Project Mercury space 
capsule Friendship 7 with the first U.S. Astronaut John 
Glenn inside, blasting off the launching pad at Cape 
Canaveral, Florida, on 20 February 1962 for a tri-orbital 
space flight around the earth 


Left: The second U.S. astronaut Scott Carpenter examining 
his spacecraft. This honeycomb-like structure dissipates, in 
the form of heat, the internal energy resulting from the work 
done against friction when the vehicle re-enters the earth’s 
atmosphere. Scott Carpenter also made a tri-orbital space 
flight on 24 May 1962 


Bottom left: This view of the earth greeted the Apollo-8 
Astronauts, Colonel Frank Borman, Captain James Lovell 
and Lieutenant-Colonel William Anders on their first orbit 
round the Moon on 24 December 1968. The lunar horizon 
is approximately 780 kilometres from the spacecraft 


Right: Rehearsal for the moon landing. Docked Apollo 9 
command service module and lunar module with the earth 
in the background. This picture, taken by Russell Schweick- 
art, shows David Scott standing in the open hatch of the 
command module 


Bottom right: John Glenn’s space capsule being hoisted 
out of the Atlantic after his flights round the earth 


Below: A drawing showing the internal arrangements of 
the Mercury spacecraft which carried him in orbit. Near the 
end of his journey automatic devices released the drogue 
parachute at upper right. Afterwards, out came the main 
parachute at right 


DROGUE CHUTE 
PITCH AND 
HATCH ‘vaw JETS 


CHUTES 


PERISCOPE 


ROLL JETS 
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can travel beyond the earth’s atmosphere, since they carry their own 
oxygen supply (Fig. 72). 


Worked examples 


1. A car of mass 1000 kg travelling at 36 km/h is brought to rest 
over a distance of 20 m. Find: (a) the average retardation; (b) the 
average braking force in newtons. 


The retardation is found from the formula, 


v =v + 2ax 
in which v = 0 m/s 
36 x 1000 
u= 36 km/h = ep C= 10 mis 
x=20m 


By substitution, 
O=10+2xax 20 
= pes = —2/5 m/s* (minus sign means 
ss retardation) 


Knowing m and having found a, we now substitute in F = ma, to 
find F. Thus, 


therefore a 


F=1000 x2:5N 
= 2500 N. 
Answer. Average retardation = 2:5 m/s? 
Average braking force = 2 500 N 


2. A bullet of mass 20 g, travelling with a velocity of 16 m/s, 
penetrates a sandbag and is brought to rest in 0-05 s. Find: (a) the depth 
of penetration in metres: (b) the average retarding force of the sand in 
newtons. 


We must first find the average retardation from the formula, 


in which ev = Om/s v=u-+at 
u= 16 m/s 
t= 005s 
Substituting, 
0=16+a x 005 
from which a= me = —320 m/s* (mninus sign means 
retardation) 
The depth of penetration may be found using either 
x = ut + 4at* 
or uv = uw + 2ax 
Suppose we choose the latter, then 
0 = 16? + 2(—320) x x 
—16 x 16 
whence x= Z(—320) =04m 
The average retarding force may now. be calculated from 


F=ma 
in which m= 20g 
= 0-02 kg (remember, we must convert to kg) 
and a= —320 m/s? 
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Thus, F=002 x (—320) 
= —6°4 N (minus sign means retarding 
force) 
Answer. Depth of penetration =04m 


Average retarding force = 6-4 N 


3. The valve of a cylinder containing 12 kg of compressed gas is 
opened and the cylinder empties in 1 min 30 s. If the gas issues from 
the exit nozzle with an average velocity of 25 m/s, find the force exerted 
on the cylinder. 


The force required to accelerate the gas out of the cylinder is 
given by, 
F=ma 
change in velocity 
time taken 
__ change in momentum 
- time taken 
The velocity of the gas changes from rest to 25 m/s 
change in momentum = 12 x 25 kg m/s 
time taken = 90 s 
12 x 25 
average force on gas = 99 Rewtons 
=33N 


By Newton’s third law, an equal reaction force is exerted on the 
cylinder. 


=mass X 


Answer. Average force on cylinder = 3-3 N 


4. A 50 g load is placed on a straight air-track sloping at an angle 
of 45° to the horizontal. Calculate, in cm/s*, the acceleration of the 
load as it slides down and also the distance it would move from rest in 
0:2 s. (Assume negligible friction and take g = 980 cm/s*.) This 
example illustrates the use of CGS units. 


The force on the load causing it to accelerate is the resolved part 


of its weight along the air-track (Fig. 73) and is equal to 50 cos 45° gf. 


0 ome U 
Now, cos 45° = v2 and hence, 
1 _ 50 


the accelerating force = 50 x V2 ef 2 


The acceleration is found from the equation F = ma 


x 980 dyn 


thus, a=— = ———z, = 693 cm/s? 


The distance, x, moved from rest is found from x = ut + fat? 
where u= Ocm/s 
a = 693 cm/s? 


t= 02s 
92 
Substituting, x= 0x02 + 93x02 
= 13-9 cm 
Answer. Acceleration = 693 cm/s? 


Distance moved = 13-9 cm 
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50 cos 45° gf, 


Fig, 73. Air-track problem 
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QUESTIONS: 6 
(In the following questions assume g = 9-80 m/s? or 980 cm/s?) 


1, Define the newton and the dyne and name the system of units to which 
each belongs. What do you understand by momentum? 

2. A resultant force of 20 N acts for 4s on a mass of 50 kg initially at rest. 
Find: (a) the velocity acquired; (6) the distance moved. 

3. A resultant force of 25 dynes acts on a mass of 50 g starting from rest. 
Find: (a) the acceleration in cm/s*; (6) the final velocity after 20 s; (c) the 
distance moved in centimetres. 

4. A resultant force of 12 N acts for 5s on a mass of 2kg. What is the 
change in momentum of the mass in SI units? 

5. Explain the statement: 


1 kilogramme-force (kgf) = 9°80 newtons (N) 


Indicate why this relation is only a close approximation (exact figures in 
connection with the definition of the gravitational unit, kgf, are not 
required). 

6. State Newton's laws of motion and explain how one of them may be 
used to define the absolute unit of force in the SI system. 

A parcel of mass 10 kg slides from rest down a straight shute inclined at 
30° to the horizontal. If the frictional force acting is 2 kgf, find: (a) the 
force in newtons causing the parcel to slide; (6) the acceleration; (c) the 
distance moved down the shute in 2 s. 

7. Define uniform acceleration. Describe an experiment to show that a body 
experiences uniform acceleration when acted on by a constant force. 

Acar of mass 1 500 kg towing a caravan of mass 1 000 kg starts with an 
acceleration of 1 m/s*. Assuming that the only external force on the system 
is that between the driving wheels and the road, find, in newtons: (a) the 
value of this force; (6) the tension in the coupling between car and caravan. 


8. A trolley, starting from rest, runs down a straight board inclined at 5° 
to the horizontal. Neglecting friction, find: (a) the time taken to travel 4m; 
(5) the velocity acquired in this time. 

9. State Hooke’s law. How would you test it experimentally for a spiral 
spring? 

An unloaded elastic string is 25-5 cm long. When the upper end is held 
in the hand and a certain mass is attached to the lower end, the length of 
the string becomes 46:1 cm. If the hand is now jerked quickly upwards, 
the string extends to 52-5 cm. Find the acceleration with which the mass 
begins to move, explaining your calculation carefully. (O.) 


10. A motorist has a personal reaction time of 0-6 s. (Reaction time is the 
interval which elapses between receiving a stimulus and acting upon it.) 
When driving at 72 km/h, he sees a child run suddenly into the road 40 m 
in front of his car. If the mass of the car is 1000 kg and the average 
braking force 8 000 N, is he likely to hit the child? Show the steps by 
which you obtain your answer. 


11. A man whose weight on land is 65 kgf, enters a lift at the sixth level of 
a twelve-level office block and stands on a spring weighing machine. When 
the lift begins to move he notices that the scale reads 60 kgf for a short 
period and then settles down to a steady reading of 65 kgf. Just before the 
lift comes to rest the scale reads 69 kgf. 

Was he ascending or descending? Calculate the acceleration of the lift 
both on starting and stopping. 
12. A man whose mass is 70 kg stands on a spring weighing machine inside 
a lift. When the lift starts to ascend its acceleration is 2-45 m/s?. What is 
the reading on the scales? What will the weighing machine read: (a) when 
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the velocity of the lift is uniform; (6) as it comes to rest with a retardation 
of 4-9 m/s?? 

If, instead of standing on a spring weighing machine, he sat in a rope 
sling of mass 2 kg attached to a balanced steelyard, what would be the 
steelyard reading in the three cases mentioned? Give your reasons. 

13. State the /aw of conservation of momentum. Explain why the recoil 
velocity of a gun is much less than the velocity of the bullet. Describe an 
experiment to illustrate your answer and show how the result is calculated. 
14. Two boys of masses 45 kg and 60 kg sit facing one another on light 
frictionless trolleys holding the ends of a strong taut cord between them. 
The lighter boy tugs the cord and acquires a velocity of 2 m/s. What is the 
initial velocity of the other boy? What happens to their motion when they 
collide? Explain your answers carefully. (S., part qn.) 
15. A wooden trolley of mass 1-5 kg is mounted on wheels on horizontal 
rails. Neglecting friction and air resistance, what will be the final velocity 
of the trolley if a bullet of mass 2 g is fired into it with a horizontal velocity 
of 400 m/s along the direction of the rails? 

16. An inflated balloon contains 2:0 g of air which is allowed to escape 
from a nozzle at a speed of 4-0 m/s. Assuming that the balloon deflates at 
a steady rate in 2:5 s, what is the force exerted on the balloon? (S.) 
17. State the principle of conservation of momentum and describe an experi- 
ment to illustrate it. 

A jet engine develops a thrust of 270 N when the velocity of the exhaust 
gases relative to the engine is 300 m/s. Find the mass of material ejected 
per second. 

18. Explain the terms; force, velocity, and momentum. What is the relation 
between force and momentum? 

A rocket of total mass 5000 kg, of which 4.000 kg is propellent fuel is 
to be launched vertically. If fuel is consumed at a steady rate of 50 kg/s, 
what is the least velocity of the exhaust gases if the rocket will just lift off 
the launching pad immediately after firing. 
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Work 


In ordinary conversation the word “work” refers to almost any kind 
of physical or mental activity, but in science and mathematics it has 
one meaning only. Work is done when a force produces motion. An 
engine pulling a train does work; so does a crane when it raises a load 
against the pull of the earth. Similarly, a workman who is employed 
to carry bricks up a ladder and on to a scaffold platform also per- 
forms work. On the other hand, the Greek god Atlas, who spent his 
time supporting the world on his shoulders, must have become very 
tired, but, technically speaking, he did no work on the world itself, 
since he merely exerted an upward force on it without moving it. 

Nevertheless, when a person holds a heavy load some internal work 
is done by continuous expansion and contraction of his muscular 
fibres. 

Work is said to be done when the point of application of a force 
moves and is measured by the product of the force and the distance 
moved in the direction of the force. 


Work = force x distance moved in direction of force. 


The SI unit of work is called the joule (J) and is the work done when 
the point of application of a force of 1 newton (N) moves through 
1 metre (m) in the direction of the force. 

Larger units used are the kilojoule (kJ) and the megajoule (MJ). 


1 kJ = 1000 J (or 10° J) 
1 MJ = 1000 000 J (or 10° J) 


It follows that an engine which exerts a force of 9000 N over a 
distance of 6 m will do 9000 x 6 = 54000 J, or 54 kJ. 

If we wish to calculate the work done by a man of mass 65 kg in 
climbing a ladder 4 m high, we first convert his weight, 65 kgf, to 
newtons by multiplying by the acceleration due to gravity, 9-8 m/s? 
thus giving the work done as (65 x 9-8) x 4 = 2548 J. 

The CGS unit of work or energy is called the erg and is the work 
done when the point of application of a force of 1 dyne (dyn) moves 
through | cm in the direction of the force. 
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Relation between the joule and the erg 
We showed on page 65 that 1 N = 105 dyn. 


By definition, l erg = 1 dyn x lcm 
and 1J=1NxIm 
therefore 1 J = 10° dyn x 100 cm 
or 1J = 10’ erg 

Energy 


Anything which is able to do work, as defined above, is said to 
possess energy, and therefore 

Energy is the capacity to perform work 

Work and energy are, of course, both measured in the same units, 
namely, joules, 

The world we live in provides energy in many different forms, of 
which the most important has been chemical energy. The utilization 
of the latent chemical energy in coal, oil and gas, released in the form 
of heat to drive steam turbines and internal-combustion engines, has 
been a major factor in the development of modern civilization. 

Many of the material comforts which we enjoy today come from 
the use of electric energy. The first electricity generating plants were 
powered by steam engines, but by the middle of the twentieth century 
large hydro-electric power installations had been built in countries 
all over the world. “Hydro-electric” means the production of elec- 
tricity by generators driven by water turbines. The rapid flow of 
water required for this purpose comes from big reservoirs formed by 
building dams across valleys and large rivers (Fig. 74). 

Windmills which convert the energy of wind into mechanical 
energy in machinery have long been in use for working water pumps 
as well as for milling grain or sawing timber. In some parts of the 
world where the sun shines uninterruptedly for long periods, large 
concave mirrors have been set up to collect energy directly from the 
sun by focusing its rays on to special boilers which provide power 
for running small generators. 

The utilization of atomic energy, which began after the middle of 
the twentieth century, has made available a new source of heat as a 
link in the production of electricity. 


Mechanical energy 


In mechanics, energy is divided into two kinds called potential and 
kinetic energy respectively (abbreviated p.e. and k.e.). 

Kinetic energy is the energy which a body has by reason of its 
motion. 

Potential energy is the energy something has by reason of its position 
or state. 

Obvious examples of kinetic energy are moving bullets or hammer 
heads. These are able to do work by overcoming forces when they 
strike something. A heavy flywheel stores energy in the form of 
rotational kinetic energy and so keeps an engine running smoothly 
in between the working strokes of its pistons. 

One of the commonest forms of potential energy is that possessed 
by a body when it is above the level of the earth’s surface. When 
something is lifted vertically, work is done against its weight and this 
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Fig. 74. The Kariba dam wall as it appeared when the Zambesi hydroelectric 
project was officially opened in May 1960. This dam is over 120 metres high. 
The potential energy of the water which it stores is converted into electric 
energy by two power stations, one in each bank, with total power output of 
about 1500 megawatts 


work becomes stored up in the body as gravitational potential energy. 
Another example is the e/astic potential energy stored up in a 
wound clock-spring. 


Interchange of energy between p.e. and k.e. 


A swinging pendulum bob is an example of a body whose energy 
can be either kinetic or potential or a mixture of both. It is all 
potential at the extreme end of the swing and all kinetic when passing 
through the rest position. At intermediate points it is partly kinetic 
and partly potential. 

If we turn our attention to a falling stone, it is obvious that at any 
particular moment, it possesses both potential and kinetic energy. As 
it falls its speed increases so that it gains in k.e. at the expense of its 
p.e. If we ignore the energy the stone gives to the air molecules as it 
pushes them out of its way, then the loss in p.e. of the stone is 
exactly equal to its gain in k.e. This is an example of the law of 
conservation of energy which states that energy cannot be destroyed: 
it only changes into a different form of energy. 


Internal energy 


We remarked on the obvious nature of the two kinds of energy 
possessed by a falling stone, What is not quite so obvious is the internal 
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energy of the molecules inside the stone. The molecules of a substance 
are in continual motion. According to the state of the substance, they 
possess kinetic energy of motion or vibration together with potential 
energy resulting from the attractions and repulsions they exert on one 
another. Internal energy increases as the temperature of a body 
increases. 

Scientists sometimes refer to the k.e. and p.e. of a body taken as 
a whole as being macroscopic (= visible to the naked eye). Internal 
energy may be described as microscopic (= invisible to the naked 
eye). However, it is possible to demonstrate the reality of molecular 
motion as we shall see when we discuss the so-called Brownian 
motion (page 149). 


Transformation of energy from one kind to another 


The law of conservation of energy which was mentioned earlier 
states that energy is never destroyed but only changes from one form 
to another. As an example we shall now discuss the way in which the 
law applies to a grandfather clock. 

The energy we spend in winding up the weights is derived from 
chemical changes in our muscles and this is provided from the food 
we have eaten. 

If the weights have a total mass of 5 kg and are raised through 
2 m then a force of 5 x 9-8 N has to be exerted through a distance 
of 2 m. The work done is stored as potential energy in the weights, 
so that 


potential energy = work done = force x distance 
=5x98x2J 
= 985 


As the weights slowly descend, their potential energy is converted 
into kinetic energy and potential energy in the moving parts of the 
clock. 

At this stage we may ask what has become of the original poten- 
tial energy of the weights when the clock has completely run 
down. 

The answer is that it has become transformed into internal molecu- 
lar energy in the various parts of the clock resulting from the work 
done against friction between the wheel spindles and their bearings, 
motion of the pendulum against air resistance, and so on. This in- 
crease in internal energy raises the temperature of the clock slightly, 
and as it cools down, the excess internal energy is given out in the 
form of heat by conduction, convection and radiation to the sur- 
roundings where it is absorbed and becomes internal molecular 
energy once more. 


Heat energy 


At this point it will be advantageous to say a word about the 
meaning of the term heat. In everyday life we sometimes loosely refer 
to the “heat energy in a body”, instead of using the term: “internal 
energy”. 

In physics, heat is defined as energy which flows from one place to 
another owing to a temperature difference between them. 
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There are three main processes of heat transfer, namely, conduc- 
tion, convection and radiation, which we shall study in detail in 
chapter 17. 

In thermodynamics (the branch of physics concerned with the rela- 
tion between heat and work), we have to deal with such things as 
engines in which internal energy changes take place in a substance 
both as a result of heat flow and also as a result of work being done 
by or on the substance. To avoid confusion, special symbols U (in- 
ternal energy), Q (heat) and W (work) are used. 

Thus, the internal energy of some steam, for example, is represented 
by Uin joules. This internal energy can be changed by adding or sub- 
tracting Q in joules of heat. The internal energy of steam can be 
increased by compressing it, i.e., doing W in joules of work on it, or 
the steam can be allowed to expand and transform some of its internal 
energy into W in joules of useful work in, say, driving a turbine. 

Ina case such as this it will be realized that confusion will certainly 
follow if we talk of the “heat energy” in a substance being trans- 
formed into work when actually we mean the transformation of 
internal energy into work. 


The sun as a source of energy 


It is interesting to trace back to their origin the series of energy 
transformations which lead to the release of light energy by pressing 
an electric switch. 

The light is given out from a thin incandescent tungsten filament 
inside a glass bulb. The internal energy required to raise the tempera- 
ture of the tungsten wire is derived from the work done when the 
electric current moves against the resistance offered to its passage 
through the wire. 

The electricity itself is generated by a dynamo run by a steam 
turbine (Fig. 75). The turbine, in turn, is driven by expanding high- 
pressure steam, which we shall suppose has been obtained by heating 
water in a coal-fired boiler. 

Now coal consists mainly of carbon and is formed from the re- 
mains of giant forests which flourished millions of years ago. Changes 
in the earth’s crust led to these forests becoming submerged beneath 
layers of sediment and subjected to pressure. The plants from which 
the coal is formed derived their growth from the action of the sun- 
light in which they were bathed. 

Thus we see that the electric light and power from a coal-fired 
generating station comes to us by a series of transformations of energy 
which was poured out by the sun, millions of years ago, and stored 
as chemical potential energy in coal. 

The reader may trace for himself the energy changes back 
to the sun in the case where electric generators are run by water 
power. 

In the examples of energy transformation considered above the 
last link in the energy chain is the production of internal energy. This 
is found to be true in all cases. Even the light from the lamp finally 
turns back into internal energy when it is absorbed by bodies on 
which it falls. This fact is referred to as the “degradation” of energy 
into internal energy and has led some physicists to suppose that 
the end of life, as we know it, will come when all the energy in the 
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(a) Cut-away drawing of a turbine generating set in which the turbine (b) The turbine room at Portishead, Somerset 
blades are clearly visible 


Fig. 75. Making electricity 


universe is uniformly distributed as internal molecular energy at the 
same temperature. 


Nuclear energy 


We have just discussed the energy changes which lead to the genera- 
tion of electricity in a coal-burning electric power station. In a nuclear 
electricity generating installation the heat required for raising steam 
is provided by a nuclear reactor instead of a coal furnace. 

Fig. 76 is a simplified diagram to show how a reactor works. It con- 
sists of a strong steel pressure vessel enclosing a core made of graphite 
bricks (Fig. 77). This graphite core has a number of vertical channels 
which are filled with rods of a very heavy metal called uranium. Inter- 
spersed among the uranium rods are a set of boron steel rods which 
may be raised or lowered in similar channels in the graphite. These 
are the control rods, and their function will be explained in due course. 

The uranium used in the reactor consists of a mixture of two 
different kinds of atoms, of which the most important are called 
uranium-235, Quite spontaneously, some of these uranium-235 atoms 
explode or disintegrate to form other atoms of smaller mass. When 
this happens, energy is radiated from the central core or nucleus of 
the atom together with small high-speed particles called neutrons. If 
one of the neutrons happens to strike the nucleus of a neighbouring 
atom this may also disintegrate, with a further evolution of energy 
and the production of more neutrons. This splitting up of the nucleus 
is called fission. 

The graphite of which the core is composed is called a moderator 
(Fig. 77). Its function is to slow down the speed of the neutrons, as 
it is found that fission of uranium-235 is more likely to occur with 
slow neutrons than with fast ones. 
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In a small piece of uranium mixed with moderator most of the 
neutrons escape through the surface. If, however, the amount of 
material is increased the chances that a neutron will collide with an 
atomic nucleus will also increase, since there are more atoms present. 
Each nuclear fission which occurs produces two or three fresh 
neutrons which are, in turn, capable of promoting the fission of 
further nuclei. When the lump of uranium and moderator is above a 
certain critical size the fission process proceeds cumulatively in what 
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‘ig. 76. Gas-cooled reactor 


is called a chain reaction (Fig. 78). This is where the above-mentioned 
boron steel rods play their part. Before the uranium rods are loaded 
into the graphite core the boron rods are already in position, and 
these have the property of being able to absorb neutrons which are 
shot out from the uranium, and so prevent the chain reaction from 
starting. When sufficient uranium rods have been added to effect 
critical conditions the pressure vessel is sealed and the boron rods 
raised out of the core. The uranium rods are now freely bombarded 
by one another’s neutrons and the chain reaction begins. The rate at 
which fission occurs can, of course, be controlled by raising or 
lowering the boron rods. If these are fully inserted into the graphite 
core the reaction shuts down completely, and only the normal 
spontaneous nuclear fission takes place. 

The heat energy released by the fission process is carried away as 
internal energy in a stream of high-pressure carbon dioxide gas which 
is continuously pumped through the pressure vessel. This hot gas 
circulates through a special steam boiler, and the steam so raised is 
used to drive an electric turbo-generator in the usual way. 


The uranium bomb 


If pure uranium-235 is used a chain reaction is possible without the 
need for a moderator. The first atomic bomb contained two pieces of 
uranium-235, each of which was not large enough to sustain a chain 


WORK, ENERGY AND POWER | 89 


Fig. 77. The graphite core of the nuclear reactor at Berkeley power station. Note the channels for 
reception of uranium rods and for the circulation of hot gas 


reaction on its own. If two such pieces are forced into contact with 
one another they form a lump which exceeds the critical mass. As 
soon as this occurs a chain reaction starts and proceeds at such a rate 
that a large proportion of the nuclei explode almost instantaneously. 


The conservation of energy and mass 


Early in the twentieth century Albert Einstein put forward new 
ideas regarding the relationship between space, time, mass and energy 
which have come to be known as the theory of relativity. It had long 
been accepted that matter could not be destroyed. This assumption 
was expressed in the /aw of conservation of matter, which states that 
the total quantity of matter in the universe is fixed and cannot be 
increased or decreased by human agency. Similarly, another law, 
called the Jaw of conservation of energy, states that the total quantity 
of energy in the universe is also constant and can be neither created 
nor destroyed. 

While we cannot here enter into a discussion of the meaning of 
relativity, it may be pointed out that Einstein has simplified our 
picture of the universe by showing that the mass of a body is a measure 
of the quantity of energy contained in it. We find that, in a nuclear 
reactor, the sum total of the masses of the atoms produced as a result 
of fission is slightly less than the mass of the original uranium nuclei. 
The difference represents the mass of the energy liberated as heat, 
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Fig. 78. Chain reaction in uranium-235 


radiation and kinetic energy of fission products. Thus, in the light of 
modern physics, we have to consider the laws of conservation of 
energy and mass as separate aspects of a single principle. We now 
take the view that the sum total of mass plus energy in the universe 
is fixed. 


Thermonuclear energy 


At the present time research is being carried out to investigate the 
possibility of obtaining energy by the fusion of hydrogen nuclei to 
form heavier ones. This is called a thermonuclear reaction and is 
believed to be the source of the sun’s energy. Under the extremely 
high-temperature conditions in the interior of the sun, hydrogen 
nuclei fuse together to form helium nuclei, and the resulting loss in 
mass is poured out in the form of radiation. 


Power and its units 


Machines may be classified by the speed with which they do work; 
thus there are motor-car engines of small “‘power”, as they are rated, 
or large power. 

Power is defined as the rate of doing work, 


work done 


or average power = ————-__ 
ge P time taken 


The SI unit of power is called the watt (W) and is a rate of working 
of 1 joule per second 


Thus, 1W=14J/s 


WORK, ENERGY AND POWER 


Larger units used are the kilowatt (kW) and the megawatt (MW) 
1kW = 1000 W (or 10° W) 
1 MW = 1000000 W (or 10° W) 
The CGS unit of power is a rate of working of | erg/s. (It has no 
special name.) 


Relation between SI and CGS units of power 
We have already seen (page 83) that 1 J = 107 erg, 
hence 1 W = 10’ erg/s 


Example. Calculate the power of a pump which can lift 200 kg of 
water through a vertical height of 6 m in 10s. (Assume g = 9-8 m/s?.) 


Force overcome = 200 kgf = 200 x 9-8 N 

Distance =6m 

Work done = 200 x 98 x 6J 

Time taken =10s 

work done 200 x 9:8 x 6 

Power ‘ine taba = 10 = 1176 J/s 
=1176W 
=1:18kW 


To measure personal power 


Anyone may find the power he is able to develop when running 
upstairs by measuring the total vertical height of a stairway and using 
a stop-watch to find the time taken to run up it. 


Example. A boy whose mass is 40 kg finds that he can run up a 
flight of 45 steps, each 16 cm high, in 5:2 s. (Assume g = 9-8 m/s?.) 


Force overcome = 40 kgf = 40 x 98 N 
Distance = 45 x 16=720cm=7:2m 
Work done = force x distance = 40 x 9:8 x 7-2 J 
Power = work doue = SDESgE Te J/s (or watts) 
time taken ey) 
= 543 W 
= 0:54 kW 


The result is creditable to the boy, but it must be remembered that 
he can maintain this very high power only for a comparatively short 
time. 

Experiment shows that the average power of a man walking 
upstairs at an ordinary pace is only about 0-33 kW. 


Potential energy in SI and CGS units compared 


When calculating potential energy in the last two examples, and 
also in the case of the clock weight earlier on, we used the fact that, 
if a mass m in kg is raised through a height of / in m at a place 
where the acceleration due to gravity is g in m/s? then, in SI units, 


force overcome in newtons = mg(g = 9-80 m/s’) 
work done = force x distance 
potential energy in joules = mgh 
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Had we been working in CGS units, then exactly the same 
formulae would have applied except that m would be in grammes, 
A in centimetres and g in cm/s’. The force overcome would be in 
dynes and the work done in ergs. 


So, in CGS units, 


force overcome in dynes = mg (g = 980 cm/s?) 
potential energy inergs = mgh 


Kinetic energy 


We saw on page 63 that, where there are no opposing forces, a 
moving body needs no force to keep it moving with a steady velocity. 
If, however, a resultant force does act on a moving body in the direc- 
tion of its motion, then it will accelerate and the work done by the 
force will become converted into increased kinetic energy in the body. 

In order to calculate the kinetic energy of a body of mass m moving 
with velocity v, we begin by supposing that the body starts from 
rest and is acted upon by a force F (no friction or other forces 
acting). 

This force will give the body a uniform acceleration a, and 
it will acquire a final velocity v, after travelling a distance x. These 
quantities, a, v and x will be related by the equation v* = w? + 2ax 
(page 48). 

In accordance with the law of conservation of energy, the work 
done by the force F in pushing the body through distance x will be- 
come converted into kinetic energy of motion in the body. 


Thus, work done = force x displacement 

=Fxx 
but F=ma 
therefore, substituting for F, 

workdone=maxx . . . . . (I) 
Applying the equation «7 = u* + 2ax and remembering that u = 0 
wv =0 + 2ax 

v 

whence a= '5 


Substituting this value of a in equation (1), we obtain, 
.2 
work done = m x x x = kinetic energy 


or kinetic energy (k.e.) = }mv" (in appropriate units) 


This expression, 4mv*, gives the energy in joules or ergs according 
to the system of units used. 


Internal combustion engines 


The term internal combustion is used to describe engines in which 
energy is provided by burning fuel inside the engine in contrast with 
such things as steam turbines where combustion of the fuel takes 
place outside the engine in a steam boiler. 
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The petrol engine 

Fig. 79 illustrates the four essential stages occurring in two revolu- 
tions of a petrol engine during which four strokes of the piston take 
place; hence the expression, four-stroke cycle. 

Our diagrams merely show a cylinder and valves, together with a 
piston connected by a rod to a crank on the crankshaft. The ignition 
system which provides the spark to ignite the mixture is described on 
page 525. We are concerned here only with the principle of operation 
which is described in the captions to the strokes illustrated. Other 
important details, e.g., the valve operation gear, action of the 


Exhaust Spark Inlet Both valves Both valves Exhaust Inlet 

valve plug valve closed closed valve vale 

closed open g open, close 
Ni | Petrol-air XA vA 


mixture 


@ INDUCTION @ COMPRESSION @ POWER @ EXHAUST 
petrol—air mixture enters mixture compressed and mixture burns and burnt gases expelled 
cylinder by atmospheric spark ignites it just expands, releasing energy through exhaust port 
pressure as piston before top of stroke to push the piston 
descends downwards 


Fig. 79. The petrol engine 


carburettor for providing the petrol spray, etc., are dealt with in 
specialist books on the subject. 

The strokes shown occur in regular sequence while the engine is 
running, but in order to start the engine, some energy must be put 
into it from a separate starter motor to provide the work required 
for the initial induction and compression strokes. Once the engine is 
running, part of the rotational kinetic energy stored up in its heavy 
flywheel provides the work required for subsequent induction, com- 
pression and exhaust strokes. 


The diesel engine 
The four-stroke cycle of a diesel engine is explained in Fig. 80. 
Instead of taking in a petrol-air mixture on the induction stroke, 
the diesel simply draws in air. On the compression stroke, work is done 
on the air and this becomes stored as internal molecular energy 
accompanied by a considerable rise in temperature. This rise in tem- 
perature is sufficient to ignite a spray of fuel oil which is forced into 
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the cylinder through an injector just before the piston reaches the top 
of its stroke. No sparking plug is required, and for this reason the 
diesel is sometimes called a compression-ignition engine. 

The reader may wonder why compression-ignition does not 
normally occur in a petrol engine. The reason is that petrol engines 
have a smaller compression ratio. The compression ratio is the ratio 
of the volume of the cylinder space when the piston is at the bottom 


Exhaust Fuel Inlet Both valves Both valves 
valve injector valve closed closed 


@ INDUCTION @ COMPRESSION @ POWER @ EXHAUST 
only air enters cylinder air, heated by compression, oil—air mixture burns and burnt gases expelled 
by atmospheric pressure ignites oil which begins to expands pushing the through exhaust port 
as piston descends be injected just before piston down 

top of stroke 


Fig. 80, The diesel engine 


of its stroke to that when it is at the top. Diesels have a compression 
ratio in the region of twice that of a petrol engine in order to achieve 
a gas temperature sufficiently high to ignite the fuel. 

The name “diesel engine” is derived from that of its inventor, the 
German engineer Rudolf Diesel, though it is only fair to say that the 
present-day engines function in a somewhat different manner from 
their late nineteenth-century forbears. 


Worked examples 


1. A stone of mass 500 g is thrown vertically upwards with a velocity 
of 15 m/s. Find: (a) the potential energy at greatest height; (b) the 
kinetic energy on reaching the ground. (Assume g = 10 m/s* and 
neglect air resistance.) 


To solve this problem we use the equation of motion, v? = uv? + 
2ax, replacing a by g since we are dealing with gravitational accelera- 
tion. Thus, 

v= wv + 2gx 
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in whichu= 15 m/s 
v= 0 m/s 
g = —10 m/s? 


hence, by substitution, 
0 = 15? + 2(—10) x x 
—19 


whence x= Ix (=10 ~ 11-25 m 
potential energy = weight in newtons x height raised in 
metres 


= mg X x (min kg, of course) 

=0°5 x 10 x 11-25 = 56-25 J 
In accordance with the principle of conservation of energy, the 
whole of this potential energy becomes converted to kinetic energy 
when the stone reaches the ground again. Hence kinetic energy on 

reaching the ground = 56:25 J. 
Answer. P.E. at greatest height = 56 J 
K.E. on reaching ground = 56 J 


2. During a shunting operation, a truck of total mass 15 metric tons 
(t) moving at 1 m/s, collides with a stationary truck of mass 10 t. If the 
two trucks are automatically connected so that they move off together, 
find their velocity. Also calculate the kinetic energy of the trucks: 
(a) before; (b) after collision. Explain why these are not equal. 
(1 t = 1000 kg.) 

By the principle of conservation of momentum, 

momentum before collision = momentum after collision 
Let v = common velocity after collision, then using t m/s units of 
momentum, 
(1S x 1) + (10 x 0) = (15 + 10) x v 


15 
or v tag 0-6 m/s 
Using the formula K.E = 4mv* (m in kg; v in m/s) 
K.E. before collision =4x 15000 x I? =7500J 
K.E. after collision =4 x 25000 x 0-67 = 4 500J 
Answer. Velocity before collision = 0-6 m/s 
K.E. before collision = Tks 
K.E. after collision =45kJ 


In accordance with the principle of conservation of energy, the 
total energy after collision is the same as that before. 

Before collision the whole of the energy is kinetic in the moving 
truck, but when collision occurs part of this becomes converted into 
internal energy in both trucks (k.e. and p.e. of molecules, see page 
85) and part into sound energy (k.e. and p.e. of air molecules). The 
remainder is left as mechanical kinetic energy in both trucks. Con- 
sequently, mechanical kinetic energy after collision is less than 
mechanical kinetic energy before collision. 


3. Water is pumped through a hose-pipe at the rate of 75 litres/min 
and issues from the nozzle with a velocity of 20 m/s. Find: (a) the force 
of reaction on the nozzle in newtons: (b) the useful power of the pump 
in watts. (Assume | litre of water weighs | kg.) 
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The reaction on the nozzle is equal to the force required to set the 
water in motion. 


We know that F=m x a(= rate of change of momentum) 
this may be written F= ms = = 
in which m = 75 kg 
t= 60s 
Substituting these values we obtain, 
75 x 20 


reaction on nozzle = F = oo 25N 


The useful power of the pump may be found from the kinetic 
energy of the issuing water. 


kinetic energy supplied 
per second = 4 x (mass of water/s) x velocity? 
=43x zB x 20? 
= 250 J/s 


i.e., useful power = 250 W 


Answer. Force onnozzle= 25 N 
Power of pump = 250 W 


QUESTIONS: 7 
(Unless otherwise stated, assume g = 9-80 m/s?) 


1, What is meant by: (a) work; (6) energy. 

Name and define the units of energy in the SI and the CGS systems of 
units. Show how they are related. 

2. Define potential energy and kinetic energy. 

State the principle of the conservation of energy and illustrate it by 
discussing the energy changes which occur when a pendulum bob is 
drawn to one side and allowed to oscillate. Why does the bob eventually 
come to rest and what has become of its energy? 

3. State four of the transformations of energy which occur at a power 
station which uses coal as its fuel. (S.) 
4. When does a force do work? 

How is the work it does measured? 

What is meant by the term “‘power”? (C., part qn.) 
5. Define the watt and the kilowatt. 

A man whose mass is 75 kg walks up a flight of 12 steps each 20 cm high 

in 5 s. Find the power he develops in watts. 
6. A body of mass 50 kg is raised to a height of 2 m above the ground. 
What is its potential energy? If the body is allowed to fall, find its kinetic 
energy: (a) when half-way down; (6) just before impact with the ground. 
What has become of the original energy when the body has come to rest? 
7. Define the newton and the joule. How is 1 N related to 1 kgf? 

A mass of 8 kg is pulled by a force of 2 kgf along a smooth floor. 

Find: (a) the acceleration; (6) the velocity after 4 s; (c) the distance moved 
in 4 s; (d) the work done by the force. 
8. A ball of mass 1 kg is dropped from a height of 7 m and rebounds to a 
height of 4-5 m. Calculate: (a) its kinetic energy just before impact; 
(6) its initial rebound velocity and kinetic energy. Account for the loss of 
kinetic energy on impact. 


WORK, ENERGY AND POWER 


9. Define momentum and kinetic energy. 
A car is moving at 45 km/h. Express this velocity in m/s. What velocity 
will: (a) double its momentum; (4) double its kinetic energy? 


10. A bullet of mass 12 g strikes a solid surface at a speed of 400 m/s. 
If the bullet penetrates to a depth of 3 cm calculate the average net force 
acting on the bullet while it is being brought to rest. (J.M.B.) 


11. State the energy changes which occur when a moving car is brought to 
rest by its brakes, and the car is then driven to the top of a hill. (C.) 


12. What is meant by power? Explain the meaning of kilowatt. A car of 
mass 1:5 t is driven from rest with uniform acceleration and reaches a 
speed of 50 km/h in 30 s. Find: (a) the useful force exerted by the engine 
in newtons; (b) the power developed in kilowatts at 50 km/h. 

13. A man has to raise a box of mass 40 kg on to a platform 160 cm 
vertically above the ground. He decides to do this by pushing the box 
up a smooth straight plank (with negligible friction) set at an angle to the 
ground, 

Calculate in joules the potential energy gained by the box when on the 
platform. Explain as fully as possible how the work done and effort force 
needed to raise the box depend on the angle between the plank and the 
horizontal. Discuss briefly the practical value of using the plank. 

If the box falls from the platform calculate its kinetic energy and 
velocity just before it hits the ground. (S.) 


14. Define the term work and mention one unit of work. By combining 
the formula v? = 2as* and F = ma for a body starting from rest, derive 
an expression for the kinetic energy of a body of mass m moving with a 
speed v. 

400 kg of air, moving at 20-0 m/s, impinge on the vanes of a windmill 
every second. At what rate in kilowatts is the energy arriving at the wind- 
mill? What is the maximum mass of water that could be pumped each 
second through a vertical height of 5-O m? Mention two reasons why this 
calculated amount would not be achieved in practice. (Assume g = 
10 m/s’). (0.C.) 
15. A motor van tows a trailer of mass 1000 kg at a steady speed of 48 
km/h along a level road. If the tension in the coupling is 800 N find the 
useful power expended by the engine on the trailer. 

If the van ascends an incline of | in 10 measured along the road, and 
maintains the same speed, find: (a) the new tension in the coupling; (6) the 
increased power output required. 


16. A body of mass 5 kg is projected up a board inclined at 30° to the 
horizontal with an initial velocity of 6 m/s. If the frictional force opposing 
its motion is 4:5 N, find the distance it travels before coming to rest and 
its increase in potential energy at the end of the run. 


17. A railway truck of mass 2-4 t is shunted on to a stationary truck on a 
level track and collides with it at 4-7 m/s. After collision the two trucks 
move on together with a common speed of 1:2 m/s. Find: (a) the mass of 
the stationary truck; (6) the original kinetic energy of the first truck; 
(c) the total kinetic energy of both trucks after collision. Account for the 
apparent loss in kinetic energy. 
18. Define momentum, kinetic energy, and potential energy. 

Explain why the speed with which a rifle recoils is very much less than 
the muzzle velocity of the bullet. 


* The symbol s is commonly used as well as the alternative symbol x to repre- 
sent distance along path as recommended by the British Standards Institution 
(see their publication B.S. 1991, Part 1, 1967, p. 17). The use of x instead of s 
for distance moved does, of course, avoid confusion with the now generally 
accepted use of the roman letter s for time in seconds especially in handwritten 
work, 
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A rifle of mass 12 kg is suspended so that it is free to recoil, and fires a 
50 g bullet which leaves the muzzle at 800 m/s. Find the velocity of recoil 
of the rifle, and the kinetic energy of the bullet. (O0.) 
19. Draw diagrams to explain the action of a four-stroke petrol engine. 
Show clearly in your diagrams the actions of the valves and the direction 
of the piston motion. 

State 

(a) the source of the energy obtained from the engine, 

(6) how the explosion is caused, 

(c) when the fuel enters the cylinder, 

(d) when the explosion occurs, 

(e) why a flywheel is usually fitted to an engine. 

List four ways in which a diesel engine differs from the usual petrol 
engine. (A.E.B.) 


Most people think of a machine as being a more or less complicated 
piece of mechanism which includes gear wheels, levers, screws and so 
on. But however complex a machine may appear to be, its various 
parts can always be shown to be applications of a limited number of 
basic mechanical principles. 

Essentially, a machine is any device by means of which a force applied 
at one point can be used to overcome a force at some other point. 


The lever 


The simplest form of lever in common use is a steel rod known as a 
crowbar, but the term lever may be applied to any rigid body which is 
pivoted about an axis called the fulcrum. Levers are based on the 
principle of moments, which was discussed in chapter 4. A force 
called the effort is applied at one point on the lever, and this over- 
comes a force called the /oad at some other point. Incidentally, the 
terms effort and load are not restricted to levers but apply to all 
types of machine. 

Fig. 81 illustrates some simple machines based on the lever principle. 


Mechanical advantage (M.A.) 


Tf a lever can be used to overcome a load of 50 kgf by applying 
an effort of 10 kgf, the lever is said to have a mechanical advantage 
of $8 or 5. 

The mechanical advantage of a machine is defined as the ratio of the 
load to the effort, or 

mechanical advantage = dart 


effort 


Some machines are designed to overcome a load much greater than 
the effort used, for example, a spanner used to undo a tight bolt or a 
screw jack to lift a motor-car. In such cases the mechanical advantage 
is greater than 1. 

In certain other machines the mechanical advantage is less than 1, 
and in these the effort is greater than the load. It is not generally 
realizéd that a bicycle is a machine with a mechanical advantage of 
less than 1. Under ordinary conditions the resistance to the motion 
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15 90cm 
lcm! 


L 
Fig. 82. The crowbar 


of a bicycle along a level road is comparatively small, and therefore 
a large mechanical advantage is unnecessary. Thus, although a 
cyclist works at a “mechanical disadvantage”’, he nevertheless gains 
in the speed with which he can travel. 

On the other hand, the fact that the mechanical advantage of a 
bicycle is less than 1 becomes painfully obvious when we begin to 
ascend a hill. Whereas previously only a small amount of work had to 
be done against friction and air resistance, we now have to doa vastly 
increased amount against our own weight and that of the bicycle. 


E 
— Pe 
Claw hammer 
Wheelbarrow 
s 
ro e E 


L 
t Nutcrackers 


Sugar tongs Table knife 


Fig. 81. Applications of the lever principle 


Under these conditions it is usually easier to dismount and walk, 
unless the mechanical advantage of the bicycle can be increased by 
using a low gear (see gears in Fig. 94). 


Mechanical advantage of a lever 


If we neglect friction at the fulcrum and the weight of the lever itself 
(both being comparatively small in most cases) the mechanical advan- 
tage in any particular case may be obtained by writing down the 
equation of moments for the load and effort about the fulcrum. 
Remembering that moment = force x perpendicular distance from ful- 
crum, we have, for the crowbar in Fig. 82, 


Lxis=Ex9 
90 
1S 


therefore mechanical advantage = he =6 


E 

A similar equation of moments may be obtained for any of the 

other lever devices shown in Fig. 81. The mechanical advantage in 

any particular case will depend, of course, on the position of the 
fulcrum in relation to the effort and load. 
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Pulleys 


A pulley is a wheel with a grooved rim, and there may be several 
of these mounted in a framework called a block. The effort is applied 
to a rope which passes over the pulleys. 


The single fixed pulley 


This is often used for the purpose of raising small loads contained 
in a bucket or basket to the top of a building during construction 
or repair work (Fig. 83). The tension is the same throughout the rope, 
so that, neglecting the weight of the rope itself and any friction in the 
pulley bearings, we have, 


load = effort 
. load 
and mechanical advantage = ar 


In this case, although the effort applied is equal to the load raised, 
we obtain the greater convenience and ease of being able to stand 
on the ground and pull downwards, instead of having to haul the 
load upwards from the top of the building. 


The single moving pulley 


This is shown in Fig. 84. Here the tension in the string or rope is 
equal to the effort applied, so that the total upward pull on the pulley 
is twice the effort E. 

Suppose a load of 4 kgf is supported by the pulley and that the 
weight of the pulley block and string is negligible. Then, since the 
load is supported by the tension in two sections of string, the effort 
applied need only be 2 kgf. Thus, 
load _ 4 kgf _ 


mechanical advantage = effort ~ Dket ~ 2 


Direction of a tension in a string 


In all pulley diagrams some consideration must be given to the 
direction in which force arrows are drawn on the strings. 

Take the case of a 2 kg mass supported by a string held in the hand 
(Fig. 85). The tension in the string is 2 kgf and acts equally in both 
directions. The arrow pointing upwards represents the force which 
the string exerts on the load, while the arrow pointing downwards 
shows the force exerted by the string on the hand. This is another 
example of Newton’s third law, “action and reaction are equal and 
opposite” (page 15). 

In general, we do not put in both arrows, but only the one which 
gives the direction of the force in which we are interested. Thus in 
Fig. 84 both arrows are drawn upwards as we wish to indicate the 
force exerted by the string on the load. We are not here concerned 
with the downward pull of the string on the support. 


The block and tackle 


This is by far the most important pulley system of all, being 
commonly used for lifts and cranes. 


Fig. 85. 
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Two blocks are employed containing from two to eight pulleys 
in each, according to the mechanical advantage required. To 
illustrate the principle, Fig. 86 has been drawn to show two pulleys 
in each block. For simplicity, the pulleys are shown on separate 
axles placed one above the other. In practice, however, the pulleys 
in each block are mounted side by side and run independently on a 
common axle (Fig. 87). A single string is used which passes round 
each pulley in turn. 

It will be seen from Fig. 86 that the lower block is supported by 
four sections of string. Incidentally, the number of sections of string 


Load Fig. 87. Block and tackle system 


supporting the lower block is always equal to the total number of 
pulleys in the two blocks together. It follows that, if an effort E is 
applied to the free end of the string, then the total upward force on 
the load will be 4£. 

If we neglect friction and the weight of the moving parts of the 
system, then, 

; 4E 
mechanical advantage = _ 4 

In practice, however, the practical mechanical advantage in a 
case such as this is always /ess than 4, since extra effort must be 
applied to overcome friction and the weight of the moving pulley 
block and string. 

An experiment to measure the practical mechanical advantage of a 
pulley system is described later. 


Velocity ratio (or speed ratio) (V.R.) 


In the pulley systems we have already considered where the 
mechanical advantage is greater than 1, it might appear at first 
sight that we are getting more out of the machine than we are putting 
into it. But while in such cases the load is greater than the effort, 
it must be remembered that the effort moves through a much greater 
distance than that of the load. Consequently, the work obtained from 
the machine is equal to the work put into it, less any work wasted in 
the machine, but this is discussed more fully in the next section. 

From Fig. 86 it will be clear that, in order to raise the load by 1 m, 
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each string supporting the load must be shortened by | m. The effort 
must therefore be applied through a total distance of 4 m. 

The ratio of the distance moved by the effort to the distance moved 
by the load in the same time is called the velocity ratio of the machine, 
i.e, 

distance moved by the effort 
distance moved by load in same time 


velocity (or speed) ratio 


Work done by a machine. Efficiency 


If the pulley system shown in Fig. 87 were a “perfect machine”, i.e., 
composed of weightless and frictionless strings and pulleys, then a 
load of 4 kgf would be raised through a distance of 1 m by an effort of 
1 kgf exerted over a distance of 4 m. 

The work done by the machine on the load is then 4 kgf x 1 m, 
which is equal to 4 kgf m, while the work done by the effort is 1 kgf 
x 4m, which equals 4 kgf m. These are equal, as we should expect 
for a perfect machine. In practice, however, some work is always 
wasted in overcoming friction and raising moving parts, and there- 
fore the useful work done by a machine is always less than the work 
done by the effort. 

The ratio of the useful work done by the machine to the total work 
put into the machine is called the efficiency of the machine. 

Usually, this ratio is expressed as a percentage, so we may write 


work output 


° 
work input eeHl00% 


efficiency = 


Relation between mechanical advantage, velocity ratio, 
and efficiency 


Since, 
work = force x distance 
it follows that 
load x distance load moves 
effort x distance effort moves 


1 
Sudha velocity ratio 
M.A, 


=p MAL 


efficiency = 


This equation will be found very useful for working out problems, 
but it is not a fundamental definition of efficiency and should not be 
used as such, 


To study the variation of the mechanical advantage of a 
pulley system with load 


We shall use a block and tackle with two pulleys in each block 
for this experiment, but the same principle may equally well be 
applied to other types of machine. 

The pulleys are set up as in Fig. 87, scale-pans being provided for 
the addition of weights to represent load and effort. Since the scale- 
pans are more or less an essential convenience, they are best treated 
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MECHANICAL, 

ADVANTAGE 
ofa 

pulley system 


le) Load (gf) 


(a) 


Load 


Fig. 89. Inclined plane 


as part of the machine itself. Some people, however prefer to weigh 
the pans and add their weights to the load and effort respectively. 
Whichever course is adopted should be mentioned in the account of 
the experiment. 

An initial load of, say, 50 gf is added to the load pan, and weights 
are then added to the effort pan until the load just rises slowly with 
a steady velocity. The load and effort are recorded in a table and the 
experiment repeated for a series of increasing loads. 

The velocity ratio of this machine may be found by measuring 
a pair of corresponding distances moved by effort and load. 

For each pair of readings of effort and load obtained, the mechanical 
advantage and the efficiency should be calculated from the appro- 
priate formulae and entered in the table. 


Load : M.A. 
M.A, = Effort Efficiency = UVR. x 100% 


Load Effort 
(gf) (sf) 


In connection with this experiment, the following points should be 
noticed : 


(1) The useless load consists of the weight of the lower pulley 
block and the string and friction in the string and bearings. 
The weight of string lifted depends on the distance between the 
pulley blocks, but the weight of the lower block is constant. 
The friction varies with the load, but is small in most cases. 
Thus, although the useless load varies somewhat, it becomes a 
smaller proportion of the total load as the total load increases. 
Consequently, the mechanical advantage increases with load. 

(2) The efficiency also increases with load for the same reasons. 

(3) Owing to the work wasted in overcoming friction and raising 
moving parts the efficiency is less than 100 per cent. Also, since 
there are only four pulleys altogether, the mechanical advan- 
tage cannot exceed 4. 


Graphs should be plotted of mechanical advantage against load, 
and efficiency against load. The shape of the curves obtained will 
illustrate the above remarks. Typical graphs are shown in Fig. 88. 


The inclined plane 


A heavy load may be raised more easily by pulling it along a sloping 
surface than by lifting it vertically. 

Heavy packing cases are often loaded into vans by hauling them 
up an incline formed by two stout planks held apart by iron stays 
(Fig. 89). 

It is believed that the large blocks of stone used in the construction 
of the Egyptian pyramids were raised into position by dragging 
them, on rollers, up a long ramp of earth. On completion of the 
building, the earth was taken away. 

In Fig. 90 a load is being pulled up an inclined plane AB. In order 
to raise the load through a vertical height A, the effort has to be 
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exerted through a longer distance equal to the length of the plane /. 
Tt must be clearly understood that, because the weight of the load 


acts vertically downwards, the distance through which the load is 
overcome is h and not /. 


The velocity ratio is given by, 


distance moved by effort __ length of plane I 


velocity ratio distance moved by load ~ height of plane hh 


The mechanical advantage may be obtained by applying the law Fig. 90. Inclined plane 
of conservation of energy (or principle of work). We neglect the 


Screw 


ANH 


it 


Fig. 91. Engineer's vice 


work done against friction and assume that the work done on the 
load is equal to the work done by the effort. 
Thus, for a “perfect” inclined plane, 


load x distance load moves = effort x distance effort moves 
load _ distance effortmoves / 


therefore mechanical advantage imanitemdistameloadvincvesanb 


The screw 


Millions of screws and bolts are used daily for the purpose of 
holding things together. We have already mentioned the importance 
of the screw in connection with micrometers (page 7). In addition, the 
screw is an essential feature of machines such as vices and screw 
jacks (Fig. 91, 92). 

The distance between successive threads on a screw is called its 

~»pitch. For one complete turn, therefore, a screw moves through a Effort 
distance equal to its pitch. As an example of the screw as a machine, 
we shall consider the working of a car jack. Fig. 92 shows one type of 
jack which consists of a long screw carrying a nut. This nut is hinged 
to a short steel bar which fits into a slot in the car chassis. To raise 
the car, the screw is turned by hand using a short steel rod known as a 
tommy bar. Fig. 92. Car lifting jack 


106 MECHANICS AND HYDROSTATICS 


WINDLASS 


Effort 


‘Load 


SCREWDRIVER BOX SPANNER 


Effort 


Effort 


Fig. 93. Applications of the wheel and axle principle 
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Fig. 94. Gear wheels 


Approximate data for this type of jack are, 


Length of tommy bar: 24 cm 
Pitch of screw: 2mm 
Load lifted: 500 kg 


The effort required to lift the car may be found by applying the 
principle of work. Thus, ignoring friction, 


work done by effort = work done on load 
or, effort x circumference of circle traced out by effort 
= load x screw pitch 


Therefore, working in kgf m units of work, and taking 7 = 3:14, 


effort x 2 x 3:14 x 0:24 = 500 x 0-002 


500 x 0-002 
or effort = ax FA Dae 0-66 kgf. 
In practice, of course, the effort must be much greater than this in 
order to overcome friction. Even so, the total effort required will still 
be very small compared with the load being lifted. 


Wheel and axle principle. Gears 


Fig. 93 shows some examples of devices using the wheel and axle 
principle. The steering-wheel of a car is another obvious example, 
but one of the main applications of the principle in modern engineer- 
ing is found in gear-boxes where toothed wheels of different dia- 
meters engage to give turning forces at low speed (large mechanical 
advantage), or high speed (small mechanical advantage), according 
as to which gear is the “driver” and which the “driven” (Fig. 94). 

In the laboratory, the velocity ratio and mechanical advantage of 
the wheel and axle may be investigated by using two wheels of different 
diameters rigidly fixed on the same axle. 

Fig. 95 shows how the effort is applied by a string attached to 
the rim of the larger wheel while the load is raised by a string 
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wound round the axle or smaller wheel. For one complete turn, the 
load and effort move through distances equal to the circumferences 
of the wheel and axle respectively. The velocity ratio is therefore 
given by, 

distance moved by effort _ 27x radius ofwheel R 
distance moved by load ~ 27™ radius of axle re 


velocity ratio 


The mechanical advantage for a “perfect” wheel and axle may be 
found, as in previous cases, by applying the principle of work. 
Otherwise it may be found by taking moments of the load and effort 
about the axis of rotation. Using the latter method (see Fig. 95), 


load x radius of axle = effort x radius of wheel 
load _ radius of wheel _R 


effort radius of axle r 


therefore mechanical advantage = 


Note. For gear wheels, remembering that the effort and load are 
applied to the shafts of the gears, the reader should not find it difficult 
to show that, 
no. of teeth in driven wheel 
no. of teeth in driving wheel 


velocity ratio = 


The hydraulic press 


When a fluid completely fills a vessel, and a pressure is applied to it 
at any part of the surface, that pressure is transmitted equally through- 
out the whole of the enclosed fluid. This is known as Pascal's ‘principle 
(see also page 134). 

This principle finds an important industrial application in the 
hydraulic press (Fig. 96). This type of machine has numerous uses, 


Compressed bale 


Piston or ram 


Valve 


Release valve 


Fig. 96. Hydraulic press 
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Fig. 95. Wheel and axle 


108 MECHANICS AND HYDROSTATICS 


from the compression of soft materials such as waste paper and cotton 
into compact bales to the shaping of motor-car bodies and the forging 
of steel armour plate and light alloys (Fig. 97, 150). 

In its simplest form the hydraulic press consists of a cylinder and 
piston of large diameter, connected by a pipe to a force pump of 


(a) Hydraulic presses at the Ford Motor Works (6) One of the largest hydraulic presses in the world built for Joh 
Thomson Motor Pressings Ltd. 


Fig. 97. Pascal's principle in operation 


much smaller diameter. Oil from a supply tank is pumped into the 
cylinder and the piston (or ram) moves out, exerting considerable 
force. A valve is provided to release the pressure and allow the oil 
to return to the tank, after the press has done its work. 

In order to understand how very large forces may be so easily 
produced by this press, look at Fig. 98. 

Suppose the pump barrel has an area of 2 cm? and that a force of 
10 kgf is applied to its plunger, 

force 


Ee pis2 
the pressure produced = te 5 kgf/cm 


This pressure is transmitted equally throughout the whole of the 
liquid and so also to the piston in the large cylinder. If the area of 
the large piston is 800 cm’, then the total force or thrust exerted is 
given by, 


thrust = pressure x area = 5 x 800 = 4.000 kgf 


A force of 4000 kgf is therefore obtained simply by exerting a 
force of only 10 kgf. 
Fig. 98. Transmission of pressure If desired, conversion to SI units (force or thrust in newtons, 
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and pressure in newtons per metre squared) may be done simply by 
using the relations 


1 kgf = 9-8 N (see page 68) 
and 1m? = 100? cm? 


The velocity ratio between the two cylinders of a hydraulic 
system may be found by using the fact that the volume of liquid 
which leaves the pump cylinder is equal to that which enters the 
ram cylinder. 

If x is the distance moved by the pump piston and y the distance 
moved by the ram piston, then equating volumes, 


x X area of pump piston = y x area of ram piston 
rn F x areaofram piston  7R?  R? 
or velocity ratio = = = 
y  areaofpump piston ar 
where R = radius of ram piston, and 


r = radius of pump piston. 


The above expression gives the velocity ratio between the two 

pistons only. If the tofal velocity ratio of the whole press is required 
2, 

we must multiply x by the velocity ratio of the pump handle treated 


as a lever. 


QUESTIONS: 8 
Unless otherwise stated, assume g = 9°80 m/s? 


1. (a) Draw a simple labelled diagram of a lever which has a mechanical 
advantage greater than 1. 

(6) How is the velocity ratio of an inclined plane calculated? (J.M.B.) 
2. Define velocity ratio and mechanical advantage of a machine. A common 
windlass is used to raise a 48 kg load of earth from an excavation by the 
application of an effort of 20 kgf at right angles to the handle and crank. 
If the handle is 33 cm from the axis and the radius of the axle is 11 cm, 
find: (a) the velocity ratio; (6) the mechanical advantage. 

3. What do you understand by the efficiency of a machine? 

A system of levers with a velocity ratio of 25 overcomes a resistance of 
3300 N when an effort of 165 N is applied to it, calculate: (a) the 
mechanical advantage of the system; (4) its efficiency. 

4. Define work and power. Name and define the SI unit of power. By using 
a block and tackle a man can raise a load of mass 72 kg by an effort of 
20 kgf. Find: (a) the mechanical advantage of the method; (6) the man’s 
useful power output in SI units if he raises the load through 10 min 1-5 min. 
5. Draw a diagram of a single-string pulley system with a velocity ratio of 4. 

(C.) 

6, An electric pump raises 9-5 m? of water from a reservoir whose water- 
level is 4 m below ground to a storage tank 31 m above ground. If the 
operation takes 1 hour, find the minimum power rating of the pump if its 
efficiency is 70 per cent. 

7. Define efficiency of a machine and obtain an equation relating efficiency 
to velocity ratio and mechanical advantage. 

In an experiment with a block and tackle the following values of effort 
and load were obtained. 


Load in N 30 10 20 35 50 60 
Effort in N 40 61 89 12:7 166 19-4 
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If the effort moves through a distance of 5 m when the load is raised 
through 1 m, use the above values to plot a graph of efficiency against 
load. Find from the graph the probable limit to the efficiency of the system 
and give two reasons why it can never reach 100 per cent. 


8. Give a diagram of a single-string pulley system with a velocity ratio of 6. 
Calculate the efficiency of it if an effort of 1000 N is required to raise a 
load of 4500 N. Find the energy wasted when a mass of 500 kg is lifted 
through 2 m. 

9. Draw a diagram of a pulley system having a velocity ratio of 5. Draw 
also two other mechanical devices having the same velocity ratio. Explain, 
in each of the three examples, why you assert that the velocity ratio is 
indeed 5. 

Give one reason common to them all, why the mechanical efficiency is 
less than 100 per cent, and one way of increasing the mechanical efficiency 
of any of the machines you have described. (S.) 
10. A man uses a rope to haul a packing case of mass 75 kg up an inclined 
wooden plank of effective length 4-5 m and on to a platform 1:5 m high. 
The frictional force between case and plank is 20 kgf. Find: (a) the effort 
he must exert on the rope; (4) the velocity ratio; (c) the mechanical advan- 
tage; (d) the useful work done on the packing case in joules. 

11. What do you understand by the principle of work as applied to a 
machine? 

A conveyer belt 60 m long carries an average load of 10 kg of crushed 
ore per metre of its length and is used to raise the ore through a height of 
5 m and deposit it into trucks of 15 t capacity. Find the time taken to fill 
a truck if the belt moves at 0-8 m/s. If the force applied by the driving 
gear parallel to the slope of the belt is 500 kgf, calculate: (a) the efficiency 
of the conveyor; (6) the minimum power of the driving motor in kilowatts. 
12. What is meant by the terms: (i) mechanical advantage; (ii) velocity 
ratio of a machine? 

Describe an experiment to show how the efficiency of a block-and- 
tackle system may be determined. How does the efficiency vary with the 
load? How may this variation in the efficiency be explained? 

(J.M.B., part qn.) 
13. A car can be lifted by either a screw jack or a hydraulic jack. Give 
outline descriptions, with diagrams, of each of these types of jack. (The 
details of design are not required.) 

Derive an expression for the velocity ratio of the screw jack you have 

described. (C.) 
14. The load and effort cylinders of a hydraulic press have cross-sectional 
areas of 50 cm? and 2 cm? respectively. A force of 2 kgf is exerted on the 
piston of the small cylinder by a rod whose travel per stroke is 20 cm. Find: 
(a) the pressure transmitted to the working fluid; (6) the thrust exerted on 
the piston in the load cylinder; (c) the work input in joules for 40 strokes 
of the pump piston. (Assume g = 10-0 m/s”). 
15. A hydraulic hoist has a main cylinder diameter of 30 cm and a pump 
cylinder of 1 cm diameter. If the effort applied to the pump piston is 70 N 
and the efficiency is 80 per cent, calculate: (a) the maximum load it can 
raise in newtons; (6) the velocity ratio; (c) the mechanical advantage. 


16. A car has a mass of 1 600 kg and its centre of gravity lies at the inter- 
section of the diagonals joining wheels in opposite corners. A screw jack 
of efficiency 40 per cent is positioned under the chassis midway between 
the nearside wheels and is used to tilt the car about its offside wheels. If 
the screw pitch is 2 mm and the turning bar 30 cm long, find the least 
effort required in newtons. (Assume that the vertical line through the car’s 
centre of gravity falls midway between the track of the offside wheels and 
the foot of the jack during the process and take g = 10:0 m/s*.) 
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17. A bicycle has wheels 66 cm in diameter. Its crank wheel has 44 teeth 
and the rear sprocket 16 teeth. If the crank radius is 16-5 cm, calculate the 
velocity ratio. Find the efficiency of the bicycle if its mechanical advantage 
is 0-14. 

18. A driving gear wheel having 25 teeth engages with a second wheel with 
100 teeth. A third wheel with 30 teeth on the same shaft as the second, 
engages with a fourth having 60 teeth. Find: (a) the total velocity ratio; (6) 
the mechanical advantage of the gear system if its efficiency is 85 per cent. 
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One often hears the expressions, ‘‘as light as a feather” and “‘as heavy 
as lead”. Equal volumes of different substances vary considerably in 
mass. Aircraft are made chiefly from aluminium alloys, which are 
as strong as steel but, volume for volume, weigh less than half as 
much. In physics we refer to the lightness or heaviness of different 
materials by the use of the word density. 

The density of a substance is defined as its mass per unit volume. 

One way of finding the density of a substance is to take a sample 
and measure its mass and volume. The density may then be calculated 
by dividing the mass by the volume. The symbol used for density is 
the Greek letter p (rho). 


mass_ (in appropriate units: see 


Thus, density = valine below) 
- m 
or in symbols P=7 
hence also m=VxXp 
and v=™ 
Pp 


The densities of all common substances, solids, liquids and gases, 
and all chemical elements have been determined and are to be found 
listed in books of physical and chemical constants. 

When densities are being measured in the laboratory it is generally 
most convenient to work in grammes and cubic centimetres, thus 
obtaining a result expressed in g/cm’ (CGS unit and also sub-multiple 
SI unit). There is no difficulty in converting this to SI units (kg/m*). 

Water happens to have a density of about | g/cm’ or 1000 kg/m? 
owing to the fact that the kilogramme was orginally intended to have 
the same mass as | 000 cm? of water at 4 °C. Mercury is a metal 
which is a liquid at ordinary temperatures and it has the very high 
density of 13-6 g/cm®. It is a very useful substance in scientific lab- 
oratories and plays a part in many experiments. When one lifts up a 
bottle of mercury for the first time one is surprised by its weight. 


Importance of density measurements 


Architects and engineers refer to tables giving the densities of 
various building materials when engaged in the design of bridges, 
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flyovers and other structures. From the plans drawn up, they can 
calculate the volume of any part of the structure, which, multiplied 
by the density of the material, gives the mass and hence the weight. 
Such information is essential for calculating the strength required 
in foundations and supporting pillars. 

Chemists often make a density determination as a test of the 
purity of a substance. One such test made many years ago led to the 
discovery of a new gas which has since become very useful industrially. 
It had been known for a long time that nitrogen obtained from air 
was slightly denser than that obtained from other sources. Otherwise 
the two kinds of nitrogen appeared to be identical. The difference in 
density led Lord Rayleigh and Sir William Ramsay to suspect that 
atmospheric nitrogen contained small quantities of a heavier gas. 
Following this clue they began a series of experiments and eventually 
succeeded in isolating a new gas to which the name of argon was 
given. 

Argon at low pressure is used in gas-filled electric lamps. It enables 
the filament to be run at a higher temperature than in a vacuum, and 
so to give more light per unit of electric energy. 


Simple measurements of density 


Liquids. A convenient volume of the liquid is run off into a clean, 
dry, previously weighed beaker, using either a pipette or burette. 
The beaker and liquid are then weighed and the mass of the liquid 
found by subtraction. 


Solids. The volume of a substance of regular shape, e.g., a rect- 
angular bar, cylinder or sphere may be calculated from measure- 
ments made by vernier callipers or a micrometer screw gauge. 

The volume of an irregular solid, e.g., a piece of coal may be 
found by either of the methods shown in Fig. 99, which is self- 
explanatory. For solids soluble in water, e.g., certain crystals, some 
liquid such as white spirit would be used in the measuring cylinder. 
The mass of the solid is found by weighing. 

In each case the density is calculated from, 


mass 


density = Volume 


The above descriptions have purposely been kept short as we shall 
be describing better methods later on. 


Relative density (formerly called specific gravity) 


In the last experiments described we had to make two measure- 
ments to find the density, namely, a mass and a volume. Now we can 
always measure mass more accurately than volume, and so, in the 
accurate determination of density, scientists have overcome the 
necessity to measure volume (hence eliminating one source of error) 
by using the idea of relative density. 

The relative density of a substance is the ratio of the mass of any 
yolume of it to the mass of an equal yolume of water, or 


mass of any volume of the substance 
mass of an equal volume of water 


relative density 
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Readings 
I— 2nd (with sample) 
I=— Ist (without sample) 


(a) 


Eureka can 
\ (fill with water 
to overflow) 


Volume 
of sample—| oe 
(b) 


Fig. 99. Volume measurement 
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Fig. 100. Density bottle 


In normal weighing operations in a laboratory, the mass of a body 
is proportional to its weight, so it is also true to say, 


weight of any volume of the substance 
weight of an equal volume of water 


relative density 


This will explain why relative density has also been called specific 
gravity: the word gravity implying weight. At the present time, by 
international agreement, the term relative density is recommended 
rather than specific gravity. 

Note that relative density has no units: it is simply a number or 
ratio. On the other hand, density is expressed in kg/m’ (SI unit) or 
g/cm? (CGS unit or sub-multiple SI unit). 


To measure the relative density of a liquid 


The easiest way to ensure getting identically equal volumes of a 
liquid and water is to use a density bottle (Fig. 100). This bottle has a 
ground glass stopper with a fine hole through it, so that, when it is 
filled and the stopper inserted, the excess liquid rises through the 
hole and runs down the outside. So long as the bottle is used with 
the same liquid level at the top of the hole, it will always contain the 
same volume of whatever liquid is put in provided the temperature 
remains constant. 

The bottle is weighed empty and then when full of the given liquid. 
The liquid is then returned to the stock bottle. Having well rinsed 
or cleaned the bottle, it is filled with water and weighed again. 

Two precautions are necessary. The outside of the bottle must be 
wiped dry before weighing. Secondly, the bottle should not be held 
in a warm hand or some of the liquid may be lost through expansion. 

The results are set out as below. For neatness, decimal points, 
equals signs and so on should be arranged uniformly underneath 
each other. 


Mass of empty bottle 

Mass of bottle full of liquid 
Mass of bottle full of water 
Mass of liquid 

Mass of water 


Hid uea 
92 09 09 09 09 


.., _ mass of liquid 
R.D. of liquid = rashiGi water 


Calculation of density from relative density 


Suppose we have measured the relative density of a liquid as 
described above and found it to be 0-8. If we now assume that 
1 cm? of water weighs 1 g, it follows that the mass of any volume 
of water is numerically the same as its volume in cm*. 

Consequently we can say straight away that the density of our 
liquid is 0-8 g/cm*. However, a word of warning is necessary. To say 
that 1 cm* of water has a mass of 1 g, is only a very close approxi- 


DENSITY AND RELATIVE DENSITY 


mation. Owing to expansion, the density of water depends (like 
everything else) on its temperature. 

In work of very high accuracy, scientists make due allowance 
for this when calculating density from relative density. Other 
corrections also have to be made concerned with the weighing pro- 
cess, but any further discussion would take us into the realm of more 
advanced studies. 

Finally, it is worth noting that the figures expressing the density 
of a substance depend on the system of units used. For example, 
the density of lead is 11-4 g/em* or 11400 kg/m®, but its density 
relative to water is a number or ratio, namely, 11-4 and this is the same 
whatever system of units is used. 


Advantage of the density bottle 


We have already pointed out the advantage of the idea of relative 
density as a step towards the accurate measurement of density. 
There are no volume measurements to worry about. Weighings only 
are required and these can be carried out with a beam-balance to a 
fairly high degree of accuracy. Thus, a good value for the relative 
density and hence the density of the liquid can be obtained by this 
method, 

Contrasted with the simple measurements of density described 
earlier a measuring cylinder of the size ordinarily used can be read 
only to within about 0-5 cm*; even a burette to within 0-1 cm? only. 
Consequently, unless a very large volume of substance is used the 
percentage error in the volume measurement will be large. It follows 
that density determinations of liquids which depend on the direct 
measurement of volume will be less accurate than those obtained 
by the use of a density bottle. 


Relative density of a solid 


An accurate method for finding the relative density of a solid, 
based on Archimedes’ principle, is described in chapter 12. 


To measure the relative density of a powder 


This method is useful for substances in powder or granular form 
such as sand or lead shot. The procedure to be carried out in the case 
of sand is illustrated in Fig. 101 which is self-explanatory. 

Apart from the precautions already mentioned above, it is impor- 
tant to make sure that small air bubbles are not trapped in the sand. 
These can be removed by gently rotating or shaking the bottle. 
Violent shaking is to be avoided, or sand may become lodged in the 
stopper hole. 

The relative density of sand is obtained as follows: 

mass of any volume of sand 
mass of an equal volume of water 

mass of sand in (2) 
mass of water in (4) — mass of water in (3) 
= (m, =m) 

(mm, — m,) — (ms — m,) 


R.D. of sand = 
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(1) _ (2) 
Empty One third 
sand 
iy cy 


(3) (4) 
Sand plus Water 
water only 
ms M, 


Fig. 101, Density of an insoluble powder 
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The weighings should be recorded as in the previous experiment 
and the final result worked out as above. 


Fig. 102. Density measurement at the NPL 
These two cubes were made at the National Physical Laboratory in 1961, and used to determine the 
density of mercury to one partina million. 

Measurements were made of the mass of mercury which filled the hollow cube and of the mass 
displaced by the solid one. A mean value from the double experiment eliminated errors due to sur- 
face contamination which caused a positive error in one case and a negative error in the other. The 
volumes of the cubes were calculated from their dimensions measured in terms of light wave- 
lengths. It is of interest to note that the fused quartz plates of the hollow cube were made so accur- 
ately flat that they stuck together by molecular cohesion without need for cement. The solid cube 
was made from a sintered mixture of tungsten carbide and cobalt 


Table of densities in kg/m* 


Aluminium 2:7 x 10° | Mercury 13-6 x 10° 
Brass (varies) 8:5 = 10° | Methylated spirit 0-8 x 10° 
Copper 8-9 x 10° | Platinum 21:5 x 10° 
Glass (varies) 2-6 x 10° | Sand (varies) 26 x 10° 
Gold 19-3. x 10° | Steel (varies) 78 x 10° 
Ice at 0 °C) 0:92 x 10° | White spirit 0-85 x 10° 
Lead 11:3. x 10° | Zinc 71 =x ‘10° 


DENSITY AND RELATIVE DENSITY 


QUESTIONS: 9 


1, A piece of anthracite has a volume of 15 cm? and a mass of 27 g. What is 
its density: (a) in g/cm*; (6) in kg/m*? 
2. Calculate the mass of air in a room of floor dimensions 10m x 12m 
and height 4 m. (Density of air = 1-26 kg/m?.) 
3. Define density and relative density (or specific gravity). 

An empty 60 litre petrol tank weighs 10 kgf. What will it weigh when 
full of fuel of relative density 0-72? 
4. What is the volume occupied by 1 t of sand of density 2 600 kg/m?? 
5. A bottle full of water weighs 45 gf; when full of mercury it weighs 360 gf. 
If the empty bottle weighs 20-0 gf calculate the density of mercury. Assum- 
ing that you were carrying out this experiment state the order in which the 
readings would be taken. (S). 
6. A density bottle weighs 18-00 gf when empty, 44-00 gf when full of water, 
and 39-84 gf when full of a second liquid. Calculate the density of the 
liquid? 
7. How would you find the density of steel using a density bottle and a 
quantity of small steel ball-bearings? Why is this method capable of giving 
very accurate results? 
8. A density bottle was used to measure the density of glass in the form of 
beads and the following measurements taken: 


Mass of empty density bottle = 26-5 g. 

Mass of bottle filled partly with beads = 61:5 g. 
Mass of bottle with beads and topped up with water = 97 g. 
Mass of bottle filled with water only = 76 g. 


Find: (a) the volume of the bottle; (6) the volume of the beads; (c) the 
density of the glass. 

State any assumption made obtaining the answers. 
9. An enamelled silver jewel weighs 93 gf and is found to have a volume of 
10. cm’. What part of the total massis enamel ?(Density of silver = 10-5 g/cm; 
of enamel, 2-5 g/cm*.) 
10. A light alloy consists of 70 per cent aluminium and 30 per cent 
magnesium by mass. What would you expect its density to be? 
(Density of aluminium = 2700 kg/m*; of magnesium, 1740 kg/m*.) 
11. Distinguish between the density and relative density of a material. 

Describe how you would use a relative density (specific gravity) bottle 
to find the density of sand. Point out the precautions to be taken to obtain 
a good result. 

80 cm? of water are mixed with 140 cm? of liquid of relative density 
0:83. What is the density of the mixture if there is no change in total 
volume on mixing? (J.M.B.) 
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“Pressure” is a word we use from day to day without worrying too 
much as to its exact meaning. Before setting out on a car journey we 
make sure that the air pressure in the tyres has been correctly 
adjusted, not only to keep within the law, but for our own safety and 
that of others. Steam boilers have gauges fitted to measure the 
steam pressure. At home, in the kitchen, there may be a “pressure 
cooker” and so on. 

In physics, however, little progress is made until we are able to 
measure the things we talk about. So we must always define or state 
the exact meaning of the words we use. 


Thrust in both cases = weight of brick 
= 3kilogrammes force 
= 3x98 newtons 


Thrust 
Area 


Pressure = 


3x9-8N 


Pressure = 


0:06 m@ 
= 490 N/m2 = 327 N/m? 


Fig. 103. Calculation of pressure 


Pressure is defined as the force acting normally per unit area. 
(Here, the word “normally” means perpendicularly.) 

The SI unit of pressure is 1 newton per metre” (N/m?). 

Fig. 103 shows how to calculate the pressure exerted by a brick 
of mass 3 kg: (a) when standing on end; (4) when lying flat. The 
pressure has been worked out in SI units, N/m’. The total force or 
thrust exerted by the brick is the same in both cases. 
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Thus, pressure = 


area 
or thrust = pressure x area 


One does not have to use great force when using a very sharp 
knife. Owing to the very small area of the cutting edge, even a 
moderate force will create a very high pressure. The same principle 
applies to the piercing action of a needle or other sharp point. 


Atmospheric pressure 


Here on earth we are living at the bottom of a sea of air. Air has 
weight, and later in this chapter we shall show how its density can be 
measured. Owing to its weight the atmosphere exerts a pressure 
of approximately 1 kgf/cm?. Remembering that 1 m? = (100 cm)? = 
10 000 cm’, this pressure works out at 10 000 kgf/m? or 10 tf/m?. 

If we assume that, to a close approximation, 1 kgf = 10 N (page 
68), then atmospheric pressure in SI units = 100000 N/m? = 100 
kKN/m’. 

Now the atmospheric pressure acts not only on the earth’s surface 
but all over the surface of objects on the earth, including ourselves. 
An average-sized man having a surface area of 2 m? will therefore 
have a total thrust acting over his body of something in the region of 
20 t or 200 KN! He is not of course, conscious of this enormous load, 
since his blood exerts a pressure slightly greater than the atmospheric 
pressure, and so a balance is more than effected. At high altitudes, 
where the pressure of the air is less, nose-bleeding may occur owing 
to the greater excess pressure of the blood. 

Until the seventeenth century it was not realized that the atmos- 
phere did exert a pressure, and men explained its effects by saying 
that “nature abhorred a vacuum’. Thus the common experience that 
when air is sucked out of a bottle it immediately tries to rush back 
in again was explained by the theory that nature could not tolerate a 
vacuum. Nowadays, we say that the excess atmospheric pressure 
outside the bottle causes a flow of air into the bottle until the 
pressures inside and outside are equalized. 


Crushing can experiment 


The large forces which can be produced by atmospheric pressure may 
be demonstrated by means of a metal can fitted with anairtight stopper. 
The stopper having been removed, a small quantity of water is boiled in 
the can for a few minutes until the steam has driven out the air. The 
cork is then tightly replaced and simultaneously the flame beneath the 
can is turned out. 

Cold water is then poured over the can. This causes the steam 
inside to condense, producing water and water vapour at very low 
pressure. Consequently, the excess atmospheric pressure outside the 
can causes it to collapse inwards (Fig. 104). 


The Magdeburg hemispheres 


In 1654 a German scientist named Otto von Guericke made two 
hollow bronze hemispheres, one of which had a stop-cock. After the 
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Fig. 106. Vacuum pump. 
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Fig. 104. Crushing can experiment 


rims of these had been placed together with a greased leather ring in 
between to form an airtight joint the air was pumped out and the 
stop-cock closed (Fig. 105). 

Before this was done the hemispheres could be pulled apart quite 
easily, since the pressure outside was balanced by an equal pressure 
inside. On removal of the air from inside, only the external at- 
mospheric pressure acted and pressed the hemispheres tightly 
together. This experiment was first performed before the Imperial 
Court assembled at Ratisbon, on which occasion two teams of eight 
horses each were harnessed to the hemispheres and driven in opposite 
directions. They proved unable to separate the hemispheres until air 
had been readmitted through the stop-cock. 


The vacuum pump 


The invention of the air pump by Otto von Guericke led to big 
advances in the study of air pressure. Fig. 106 shows the principle of 
a modern type of pump. Each time the piston is at the bottom of the 
cylinder some air from the vessel to be evacuated expands into the 
space above the piston. On each upstroke the air above the piston is 
carried out through the valve A. The oil on top of the piston acts not 
only as a lubricant and air seal but also fills the dead space between 
piston and valve at the top of the stroke and ensures removal of all 
air trapped there. 


Pressure in a liquid 


Liquids exert pressure in the same way that air does. 

The pressure in a liquid increases with depth. 

This may be shown by means of a tall vessel full of water with 
side tubes fitted at different heights (Fig. 107). The speed with 
which water spurts out is greatest for the lowest jet, showing that 
pressure increases with depth. 
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Fig. 107. Pressure increases with depth 


The pressure at any point in a liquid acts in all directions. 

This may be demonstrated by the apparatus shown in Fig. 108. 
Several thistle funnels bent at different angles have thin rubber 
securely tied over their mouths. These are connected one at a time by 
rubber tubing to a U-tube containing water. If pressure is exerted on 
the rubber by hand the air inside is compressed and pushes up the 
water in the U-tube. So we may regard the whole device as an 
arrangement for indicating (though not measuring) pressure. 

When the funnels are lowered into water the U-tube indicates a 
pressure, whichever funnel is in use, thereby showing that pressure in 
the water acts in all directions. 


Calculation of pressure in a liquid 


Suppose we consider a horizontal area A, in m’, at a depth of A, 
in m, below the surface of a liquid of density p, in kg/m* (see Fig. 109). 
Standing on this area is a vertical column of liquid of volume A, 
in m*, the mass of which (volume x density) is given by hp, in kg. 

Now we saw on page 68 that the weight or thrust, in newtons, of a 
body on its support is given by mg, (m in kg, g = 9-8 m/s?). Hence, 

thrust (in N) on area = hApg 

thrust _ hApg 

areas A 
= heg 


Therefore, pressure (in N/m?) = 


It is important to notice that the area A does not appear in the final 
expression for the pressure. The pressure at any point in a liquid at rest 
depends only on the depth and density. This result can be verified by 
the following experiments. 


To study the variation of pressure with depth ina liquid 


A glass tube, 2 or 3 cm in diameter, with its lower end ground 
perfectly flat is clamped vertically over a large beaker. A flat metal 
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Fig. 109. Pressure of a liquid column 
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Fig. 110. Liquid pressure experiment 


plate attached by thread to a spring balance is held against the lower 
end of the tube (Fig. 110). 

The spring balance is clamped so as to give a convenient reading, 
and water is then slowly poured into the tube. The water will start to 
leak past the plate when the downthrust of the water becomes equal to 
(spring balance reading — weight of metal plate) = F. The depth, A, 
of the water is noted when the water just ceases to escape. 

The experiment is repeated for several spring balance readings and 
the results entered in a table. Note that, for convenience, we have 
used gf/cm? as units of pressure in this case. 


Weight of metal plate = ef 
Depth Spring-balance F ty 
h (cm) reading (gf) (gf) h 


If the area of cross-section of the tube at its base is A in cm’, then 


; rsgeaten’ i 
pressure in gf/em? = A 

or, since A is constant, pressure oc F. 

Hence, if pressure o A, the results should show that 


f = constant 


Alternatively, a straight line through the origin should be obtained 
if F is plotted against 4 on graph paper. 


To verify that pressure is proportional to density 


Starting with a large spring reading each time, various liquids of 
known density, p, are poured in to the same depth. The balance is 
lowered and its reading noted when the liquid just begins to escape. 


zy 


Density of liquid Spring-balance 
p (g/cm*) reading (gf) @ 


As in the previous experiment, 
pressure oc F 


Hence, if pressure oc p, the results should show that 


* = constant 
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Alternatively, a straight line through the origin should be obtained 
if Fis plotted against p on graph paper. 


Conclusion 
The first experiment shows that, pressure oc h 
and the second, pressure oc p 
Combining these results, pressure o h x p 


A liquid finds its own level 


When water or any other liquid is poured into the communicating 
tubes shown in Fig. 111 it stands at the same level in each tube. This 
illustrates the popular saying that, “water finds its own level”. 

When the liquid is at rest in the vessel the pressure must be the 
same at all points along the same horizontal level, otherwise the 
liquid would move until the pressures were equalized. The fact that 
the liquid stands at the same vertical height in all the tubes whatever 
their shape confirms that, for a given liquid, the pressure at a point 
within it varies only with the vertical depth of the point below the 
surface of the liquid. 


Measurement of gas pressure by the manometer 


Earlier in this chapter it was stated that the pressure of the at- 
mosphere was about 100 kN/m*. Before explaining how this is 
measured let us make a study of the manometer, an instrument for 
measuring the pressure of gas. 

The manometer consists of a U-tube containing water. When both 
arms are open to the atmosphere the same atmospheric pressure is 
exerted on the water surfaces A and B, and these are at the same 
horizontal level (Fig. 112 (a)). 

In order to measure the pressure of the gas supply in the labora- 
tory, the side A is connected to a gas-tap by a length of rubber tubing 
(Fig. 112 (6)). When the tap is turned on the gas exerts pressure on the 
surface A, with the result that the level B rises until the pressure at C 
on the same horizontal level as 4 becomes equal to the gas pressure. 
Thus, 


pressure of gas 
= atmospheric pressure + pressure due to water column BC 


It follows that the excess pressure, in N/m?, of the gas above that of 
the atmosphere is given by the pressure of the water column BC, and 
is therefore equal to Apg as explained on page 121. 

The height, h, is called the head of water in the manometer and it is 
often convenient to express the excess pressure simply in terms of h 
only. In this case the units generally used are millimetres of water 
(mmH,0)* 

For measuring higher pressures than in the example above, 
mercury (density 13-6 g/cm*) is used in the manometer, while for 
lower pressures a liquid such as xylene (density 0-88 g/cm*) is more 
suitable than water. 

We may therefore say, 


excess pressure of gas supply = A (in appropriate units) 


* H,O is the chemical symbol for water. 
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Fig. 112. The manometer 
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Torricelli’s experiment. Simple barometer 


About the middle of the seventeenth century an Italian scientist 
named Torricelli, living at Pisa, suggested an experiment to discount 
the theory that nature abhorred a vacuum. Torricelli believed that 
nature’s supposed horror of a vacuum was caused simply by atmo- 
spheric pressure. In a famous experiment, first performed in 1643, he 
set up the first barometer, an instrument for measuring the pressure 
of the air. 

In the laboratory a simple barometer can be made by taking a 
stout-walled glass tube about a metre long and closed at one end, and 
filling it almost to the top with clean mercury. This is done with the 
aid of a small glass funnel and short length of rubber tubing. Small 
air bubbles will generally be noticed clinging to the walls of the tube, 
and these must be removed. With the finger placed securely over its 
open end, the tube is inverted several times so that the large air 
bubble left at the top of the tube travels up and down, collecting the 
small bubbles on its way. More mercury is then added so that the 
tube is completely full. The finger is again placed over the open end 


Torricellian vacuum 


Atmospheric 
pressure 


| 


Fig. 113. Simple barometer 


of the tube, which is now inverted and placed vertically with its end 
well below the surface of some mercury in a dish (Fig. 113). 

The finger is then removed and the column of mercury in the tube 
falls until the vertical difference in level between the surfaces of the 
mercury in tube and dish is about 760 mm. The vertical height of the 
mercury column remains constant even when the tube is tilted, unless 
the top-of the tube is less than 760 mm above the level in the dish, 
in which case the mercury completely fills the tube. 

Torricelli explained that the column of mercury was supported in 
the tube by the atmospheric pressure acting on the surface of the 
mercury in the dish, and pointed out that small changes in the height 
of the column, which are noticed from day to day, are due to fluctua- 
tions in the atmospheric pressure. The space above the mercury in the 
tube is called a Torricellian vacuum; it contains a little mercury 
vapour, and in this respect differs from a true vacuum. 


Pascal's experiments with barometers 


Torricelli died a few years after the barometer experiment had been 
performed, and did not live to see his explanation of it, in terms of 
atmospheric pressure, generally accepted among scientists. 
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After Torricelli’s death Pascal repeated the experiment in France 
and set up two barometers. The first of these was placed at the foot of 
a mountain in Auvergne called the Puy-de-D6me, while the other was 
carried up the mountainside and the height of the column read at 
intervals on the way up. Owing to the decreasing height of the 
atmosphere above this barometer, its mercury column showed a 
progressive fall due to the reduced atmospheric pressure. The 
barometer at the foot of the mountain showed practically no 
change. 

Tt was this final experiment which brought about the downfall of 
the theory that nature abhors a vacuum and established the principle 
that the atmosphere exerts a pressure. 


The Fortin barometer 


The atmospheric pressure is often required accurately in laboratory 
experiments, and for more accurate measurement of the barometric 
height than can be obtained with a simple barometer, the Fortin 
barometer is used (Fig. 114). 

The tube containing the mercury is protected by enclosing it in a 
brass tube, the upper part of which is made of glass so that the 
mercury surface may be seen. Readings are taken by a vernier moving 
over a millimetre scale of sufficient length to cover the full range of 
variation in barometric height. 

To overcome errors due to alteration in the lower mercury level 
when the mercury rises or falls in the tube the dish of mercury used in 
the simple barometer is replaced in the Fortin by a leather bag which 
may be raised or lowered by a screw. Before taking a reading, this 
screw is adjusted until the lower mercury surface just touches an 
ivory pointer. This pointer has been fixed so as to coincide with the 
zero of the vertical millimetre scale. A Fortin barometer thus 
measures atmospheric pressure in millimetres of mercury (mmHg). 
This unit symbol uses the chemical symbol for mercury, Hg. 


The aneroid barometer and altimeter 


Barometers of the aneroid (without liquid) type are commonly used 
as weather glasses, the idea being that low pressure, or a sudden fall 
in pressure, generally indicates unsettled weather while a rising 
barometer or high pressure is associated with fine weather. The 
essential part of an aneroid barometer is a flat cylindrical metal box 
or capsule, corrugated for strength, and hermetically sealed after 
having been partially exhausted of air (Fig. 115). Increase in at- 
mospheric pressure causes the box to cave in slightly, while a decrease 
allows it to expand. The movements of the box are magnified bya 
system of levers and transmitted to a fine chain wrapped round the 
spindle of a pointer. The chain is kept taut by means of a hairspring 
attached to the spindle, while the pointer moves over a suitably 
calibrated scale. 

Aneroid barometer movements are also used in the construction 
of altimeters for aircraft. In these the scale is calibrated in metres of 
ascent. Roughly speaking the pressure falls by 10 mmHg per 120 m of 
ascent in the lower atmosphere. 
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Fig. 114. Fortin barometer 
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The water barometer 


Since the density of mercury is 13-6 g/cm’, it follows that if water 
were used as the liquid in a simple barometer the water column 
would have to be 76 x 13-6 cm = 10:3 m long. 

Such a barometer was constructed in the seventeenth century by 
von Guericke and fixed on the outside wall of his house. The upper 
level of the column was indicated by a small wooden float inside the 


eats Large movement 
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Fig. 115. Aneroid barometer movement 


tube on the surface of the water. With the aid of this barometer von 
Guericke made the first recorded scientific weather forecast. Having 
noted a sudden fall in the height of the water column, he correctly 
predicted the imminence of a severe storm. 


Pressure in relation to diving and aviation 


It should be clear from the previous paragraph that for every 
10-3 m (approx. 10 m in sea-water) a diver descends the pressure on 
his body increases by one atmosphere (page 127). 

The aqualung diving-suit incorporates a rubber helmet fitted with 
a circular window and supplied with air from compressed-air 
cylinders carried on the wearer’s back. Using this apparatus, ex- 
perienced divers can descend for very short periods to a maximum 
depth of about 60 m, where the total pressure is seven atmospheres. 
At depths in the neighbourhood of 45 m they can work for periods 
of about 15 minutes. It is dangerous to stay longer at these depths, 
since, as a result of the high pressure, an excess of nitrogen dissolves 
in the blood, and on return to the surface nitrogen bubbles form in 
the blood in the same way that bubbles form in a bottle of soda- 
water when the cork is removed. Such a condition causes severe pain 
or even death, and in cases of emergency the diver is immediately 
placed in a decompression chamber. This is a steel tank full of com- 
pressed air and, by slowly reducing the pressure over a long period, 
the nitrogen becomes gradually eliminated from the blood without 
forming bubbles. 

The danger to health from the painful diver’s bends, as this condi- 
tion is called, is greatly reduced if a mixture of 8 per cent oxygen and 
92 per cent helium is used in the gas cylinders. 

In contrast with the problems encountered by the diver, the crew 
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and passengers in aircraft flying at high altitude would experience 
difficulty in breathing and consequent danger owing to the low 
atmospheric pressure. The problem is overcome by “pressurizing” 
the aircraft. All openings are sealed, and a normal atmospheric 
pressure is maintained inside by the use of air pumps. 


Calculation of atmospheric pressure in various units 


For ordinary laboratory purposes, atmospheric pressure is 
measured by a Fortin barometer and expressed in mmHg (page 125). 
The average value of the barometric height at sea-level over a long 
period is 760 mmHg, and this has been taken as a unit of pressure 
and called one standard atmosphere (atm). 

The unit of pressure used for meteorological purposes is called the 
bar and is defined as a pressure of 10° N/m?. 

The more commonly used sub-unit is the millibar or one-thousandth 
of a bar, thus 

Pr 105 > 
1 millibar (mbar) = Toe 100 N/m 

Example. Express one standard atmosphere in: (a) newtons/ 
metre’; (b) bars; (c) millibars. (Assume g = 9°81 m/s?.) 

We know that, 


1 atm = 760 mmHg 
density of mercury = 13-6 g/cm? 


a kg/m? 


acceleration due to gravity = 9-81 m/s? 
Hence, using the expression, Apg, derived on page 121 we have, 
1 atm (in N/m?) = Apg (in m, kg and s units) 
_ 760 x 13-6 x 100° x 9-81 
ey 1000 x 1000 
= 101 400 N/m? 
_ 101 400 b 
=—jos— bar 
= 1-014 bar 
= 1014 mbar 
Answer: (a) 101 400 N/m? 
(6) 1-014 bar 
(c) 1014 mbar 


N/m? 


Note. As a matter of interest, atmospheric pressures over the British 
Isles rarely go below 960 mbar or above 1 040 mbar. 


To measure the density of dry air 


A clean, dry round-bottomed flask is fitted with a rubber bung 
through which passes a short glass tube carrying a short length of 
rubber pressure tubing fitted with a screw clip. 

With the clip open, the air is evacuated from the flask by connect- 
ing it to a good vacuum pump (Fig. 116). All the air will have been 
removed, when the levels are the same on both sides of the closed 
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mercury manometer. The clip is then closed and the flask weighed on 
an ordinary balance. A loop of thread is passed round the neck of 
the flask and the balance hook to support the flask on the pan. 

The flask is now connected to a calcium chloride drying tube and 
the clip opened slowly to admit dry air into the flask. When no more 
air enters, the clip is closed and the flask reweighed. The atmospheric 
pressure is read from a barometer and the temperature is also noted. 

The volume of the air is found by filling the flask with water and 
inserting the bung with the clip open. The bung is removed and the 
volume of the water found by using a suitable measuring cylinder. 
Record the results as below, in actual values instead of symbols. 


Temperature =6 (°C) 
Barometric pressure = H (mmHg) 
Volume of air = v in cm® =V (m) 
Mass of evacuated flask =m, (g) 
Mass of flask full of dry air = mM; (g) 
Mass of air = (m, — m,) in g =m (kg) 

“ __mass _m 3 
Density of air = Te py (kg/m*) 
Density of air at temp. @ and pressure H =__ kg/m 

Screw 


Pressure 
tubing 


Closed 
mercury 
manometer 


Fig. 116. Density of air experiment 


Why do we record temperature and pressure ? 

Densities of gases vary to a much greater extent with changes in 
temperature and pressure than do those of solids and liquids; hence 
it is very necessary to record temperature and pressure in the above 
experiment. For fair comparison, therefore, the densities of gases are 
calculated at the standard temperature, 0 °C, and standard pressure, 
760 mmHg (s.t.p.). How this is done is explained on page 193. 

Note that we have used SI units in our experiment. Various 
workers use other density units for gases, e.g., microgrammes/cm* 
(ug/cm*) or g/m%, to suit their own particular convenience. 


QUESTIONS: 10 
(Where required, assume g = 9-80 m/s? or 980 cm/s?) 


1. Define pressure, How is it measured in the SI system of units? 

2. The base of a rectangular vessel measures 10 cm = 18 cm. Water is 
poured in to a depth of 4 cm. What is the pressure on the base? What is the 
thrust on the base? (J.M.B.) 
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3. A rectangular block with sides 5-0 cm x 10-0 cm x 20-0 cm is made of 
material of density 2:50 g/cm*. Find the maximum pressure it can exert 
when resting with one of its faces on a horizontal surface. 


4. Describe any two experiments which show that air exerts a considerable 
pressure. (L., part qn.) 

5, What is the total pressure in cmHg at a point 15 m below the surface 
of a fresh-water reservoir. (Atmospheric pressure = 76 cmHg; density of 
mercury = 13-6 g/cm®.) 

6. Calculate the pressure exerted at the point of a drawing-pin if pushed 
against a board with a force of 2 kgf, assuming the area of the point to be 
0-1 mm”. Give the answer: (a) in tf/m?; (6) in N/m?. 

7. Draw a labelled diagram of a simple apparatus for finding the pressure 
of the gas supply. In what units would you express the result? (J.M.B.) 


8. State how the pressure in a liquid depends on (a) the depth of the 
liquid; (6) the density of the liquid. 

Describe an experiment to verify one of your statements. 

Draw a diagram to show how a water manometer is used to measure 
the pressure of gas at a gas-tap. Such a manometer connected to a gas 
main reads 12 cm. Calculate the pressure of the gas, in excess of atmospheric 
pressure, stating clearly the units in which your answer is expressed. If 
xylene were used as the manometric liquid, what would be the reading of 
the instrument? (Density of xylene = 0-88 g/cm*.) (A.E.B.) 


9. An open U-tube pressure gauge containing water shows a difference in 
level of 15 cm when connected to a gas supply. Find, in N/m, the excess 
pressure of the gas above atmospheric pressure. 


10, Explain how to calculate the thrust on a horizontal surface at a depth 
hin cm below the surface of a fluid of density p in g/cm*. 

A solid right circular cylinder of length 10 cm and radius 2 cm has its 
axis vertical, and its top end is 15 cm below the surface of a fluid of specific 
gravity 1-3. Calculate the thrust on: (a) the upper; (6) the lower end of the 
cylinder due to the fluid. 

From your results deduce the loss of weight of the cylinder on immersion 
in the fluid. (0.C.) 


11, Describe how you would set up a simple barometer, pointing out the 
precautions necessary to obtain a reasonably accurate form of instrument. 
How would you test whether you had a vacuum above the mercury? 
What would be the effect on the barometer reading of: (a) using a 
slightly tapered barometer tube; (6) an increase in temperature while the 
atmospheric pressure remains constant? (L.) 


12. A strong dry glass tube of uniform bore and about | m long is open 
at both ends. The tube is supported vertically with its lower end fixed well 
below the surface of mercury in a large dish. The upper end is connected by 
suitable tubing to a high-vacuum pump. Describe with the aid of a diagram, 
and account for, what would you expect to observe when the pump is 
switched on. 

What differences would you expect to observe if the tube was: (i) not of 
uniform bore; (ii) not vertical; (iii) of very small bore? Give reasons in 
each case. (S.) 
13. What effect, if any, is produced upon the vertical height of the mercury 
in a barometer by: (a) increasing the bore of the tube; (4) tilting the tube; 
(c) introducing air into the space above the mercury? (J.M.B.) 
14. On a certain day, atmospheric pressure as read on a mercury baro- 
meter is 750 mmHg. Express this in newtons per metre squared (N/m*). 
(Density of mercury = 13-6 g/cm*.) 

15. Draw a labelled diagram of an aneroid barometer. (C.) 
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16. Describe an experiment (a) to find the mass of 1 cm? of air, and (4) to 
demonstrate air pressure. Give details of each experiment. 

Calculate the mass of air ina room 5m x 4m x 2m given that the 
density of air is 1-3 g/litre. (A.E.B.) 
17. Define density. Describe an experiment to measure the density of air 
at the prevailing temperature and pressure? 

Acylindrical beaker of mass 50 g, cross-sectional area 25 cm?, and height 
10 cm, is filled with oil of density 0-8 g/cm*. What is the total mass? A piece 
of aluminium of mass 88 g and density 2-2 g/cm? is lowered carefully into 
the beaker. What volume of oil overflows? What is the final mass of the 
beaker and its contents after the outside has been wiped dry? 


Fig. 117. Lifting an aluminium sheet with giant rubber suckers. The weight of 

the beam expels air from the suckers as they are lowered on to the sheet, and a 

firm hold is then obtained by atmospheric pressure. To release the sheet, air is 
admitted between suckers and sheet by means of a lever-operated valve. 


The rubber sucker 


A very useful application of atmosphere pressure is found in a 
circular shallow rubber cup known as a sucker. These are used for 
attaching notices to shop windows and for similar purposes. When 
the rubber is moistened to obtain a good air seal and pressed on a 
smooth flat surface the cup is flattened and air squeezed out from 
beneath it. Atmospheric pressure then holds the sucker firmly on to 
the surface, 

The discs of thin plastic material used for attaching licences to 
motor-car windscreens are based on the same principle. 

Large rubber suckers are used in industry. Fig. 117 shows a lifting 
beam with two suckers each capable of supporting 4 t each. The 
weight of the beam expels the air from the suckers as they are lowered 
on to the aluminium sheet, and when the sheet has been lifted the 
suction is released by admitting air through a lever-operated valve. 


The common pump (lift pump) 


Pumps were used successfully to raise water from wells long before 
their action was properly understood, and are still to be seen in 
country villages, carefully preserved as relics of the past. They consist 
of a cylindrical metal barrel with a side tube near the top to act as a 
spout (Fig. 118). At the bottom of the barrel, where it joins a pipe 
leading to the well, there is a clack valve B. The latter is a hinged 
circular leather flap weighted by a brass disc so that it normally falls 
shut. A plunger carrying a leather cup and fitted with a second clack 
valve A is moved up and down inside the barrel by a handle H. 

To start the pump working it is first primed by pouring some water 
on to the top of the plunger. This makes a good air seal and prevents 
leakage of air past the plunger during the first few strokes which are 
needed to fill the pump with water. Once the pump is filled the action 
is as follows: 


The downstroke (Fig. 118 (a)) 

When the plunger moves downwards the valve B closes under its 
own weight. At the same time water inside the pump passes upwards 
through the valve A into the space above the plunger. 
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(a) Downstroke (b) Upstroke 
Fig. 118. The common pump 


The upstroke (Fig. 118 (6)) 

On the upstroke the valve A closes by its own weight, and as the 
plunger rises, water is pushed up the pipe through the valve B by 
atmospheric pressure acting on the surface of the water in the well. 
At the same time, the water above the plunger is raised and flows out 
of the spout. 


Limitations of the common pump 

Owing to the fact that the atmospheric pressure cannot support a 
column of water more than about 10 m long, it follows that 10 m is the 
theoretical maximum height to which water can be raised by a com- 
mon pump. An imperfect vacuum, however, is usually obtained 
owing to bubbles from dissolved air forming near the top of the water 
column. For this reason the practical working height of a pump is 
rather less than 10 m. 

Occasionally one finds a pump which can lift water to a height 
greater than the theoretical maximum. This will occur if air can leak 
into the pipe near the bottom. Air bubbles then rise in the pipe and 
break up the water column into a series of shorter columns. Thus, 
although the total length of water in the pipe is not more than about 
10 m, the total length of water plus air is greater than 10 m. Con- 
sequently, water can enter the pump. A similar thing can happen 
when one is using a pipette. If the pipette is inadvertently lifted out 
of the liquid while it is being filled air will enter and the bubbles will 
carry the liquid up into the mouth almost immediately. 


The force pump 


For raising water to a height of more than 10 m, the force pump is 
used (Fig. 119). It consists of a pump with a solid plunger and foot 
valve B, connected by a pipe to a chamber C through a valve 4. 
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The upstroke (Fig. 119 (a)) 
On the upstroke valve A closes and the atmospheric pressure pushes 
water up into the pump through valve B. 


The downstroke (Fig. 119 (b)) 

On the downstroke, valve B closes and water is forced into the 
chamber C through valve A by the pressure due to the mechanical 
force exerted on the plunger. 

The exit pipe P projects into the chamber C so that some air be- 
comes trapped at the top of the chamber. This is compressed and acts 
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Compressed 
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(a) Upstroke (b) Downstroke 


Fig, 119. The force pump 


as a cushion, thus preventing a sudden jolt to the pump when the 
water column in P falls slightly and sharply closes valve A at 
the beginning of the upstroke. C also helps to expel water on the 
upstroke. 

The maximum height to which water may be raised by this means 
depends on: 


(a) The force which is exerted on the plunger during the down- 
stroke. 

(6) The ability of the pump and its working parts to withstand the 
pressure of the long column of water in the exit pipe P. 


Early fire pumps 


Towards the end of the eighteenth century manual fire pumps came 
into use which consisted of a pair of force pumps connected to a long 
handle and worked by a team of four men. Both pumps fed alternately 
into a chamber with a compressed air space similar to that described 
above. At the moment of change-over of feed from one pump to the 
other the compressed air expanded, and so maintained a steady flow 
of water to the hoses (Fig. 120). 
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A late eighteenth-century fire engine (specification not A twentieth-century Merryweather diesel pumping set as installed 
available, but see text) in London's fireboats and capable of delivering over 9000 litres per 
minute at a pressure of 700 kKN/m? 


Fig. 120. Two centuries of progress 


The preserving jar 


Atmospheric Atmospheric pressure is used in the kitchen in connection with the 
pressure preservation of fruit. 

The preserving jar, with which we are familiar, is a glass jar covered 

—— Rubber ring with a glass cap seated ona flat rubber ring (Fig. 121). Clean fruit and 

water are placed in the jar, leaving a small air space at the top. 

Water vapour at Several of these jars are placed in a large vessel of cold water, which 
low pressure is then slowly brought to the boil. During this process the glass caps 
with their rubber rings are loosely held in position by a metal screw 
cap. About 10 minutes’ boiling is generally sufficient to sterilize the 
fruit and to cause air to be driven from the jars by steam from the 
water inside, The screw caps are then tightened and the jars removed 
from the water. 

After cooling, the space at the top of the jars contains only water 
vapour at low pressure. As a result, the glass cap is then firmly 
pressed down by atmospheric pressure. No bacteria-laden air can 
afterwards enter, and so the contents remain in good condition for a 
long period. It is important to notice that, when the jars have cooled 
the presence of the metal cap is not strictly necessary, as the seal is 
now maintained by atmospheric pressure. 


Fig. 121. Preserving jar 


The transmission of pressure in fluids. Hydraulic brake 


When a fluid completely fills a vessel and a pressure is applied to it 
at any part of its surface, as for example, by means of a cylinder and 
piston connected to the vessel, then the pressure is transmitted equally 
throughout the whole of the enclosed fluid. This fact, first recognized 
by the French scientist and philosopher, Pascal, in 1650, is called the 
principle of transmission of pressure in fluids. 
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Fig. 122 shows a piece of apparatus to demonstrate this principle. 
It consists of a glass barrel fitted with a plunger and ending in a bulb 
pierced with holes of uniform size. It is filled with water by dipping 
the bulb in water and slowly raising the plunger. When the plunger is 
pushed in the water squirts equally from all the holes. This shows that 
the pressure applied to the plunger has been transmitted uniformly 
throughout the water. 

The principle of transmission of pressure has a number of practical 
applications. Indeed, our lives may often be said to depend on it 
whenever we ride in a motor vehicle, since the brakes of the majority 
of road vehicles are worked by hydraulic pressure. 

This system of braking is shown diagrammatically in Fig. 123. The 
brake-shoes are expanded by a cylinder having two opposed pistons. 
These are forced outwards by liquid under pressure conveyed by a 
pipe from the master cylinder. The piston of the master cylinder is 
worked by the brake pedal. When pressure on the pedal is released 
the brake-shoe pull-off springs force the wheel pistons back into the 
cylinders, and the liquid is returned to the master cylinder. 

A very important advantage of this system is that the pressure set 
up in the master cylinder is transmitted equally to all four wheel 
cylinders so that the braking effort is equal on all wheels. (See also 
page 107 for a description of the hydraulic press.) 
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Fig. 123. Hydraulic brake 


To compare the densities of two liquids by means of Hare’s 
apparatus 


In chapter 9 we saw how the relative density of a liquid can be 
found by the use of a density bottle. The following method for 
measuring the relative density of a liquid is based on the pressure 
exerted by a liquid column. 

The apparatus consists of two vertical wide-bore glass tubes con- 
nected at the top by a glass T-piece. These tubes dip into beakers 
containing the two liquids of densities p, and p, respectively 
(Fig. 124 (a)). 

Some air is sucked out of the tubes through the centre limb of the 
T-piece and the clip closed. Removal of air causes a reduction of 
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Fig. 122. Illustration of Pascal's principle 
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(b) 
Fig. 124. Hare's apparatus 


pressure inside, with the result that atmospheric pressure pushes the 
liquids up the tubes. The liquids rise until the pressures exerted at the 
base of each column are both equal to atmospheric pressure. 

The pressure at the base of a column is made up of two parts: 


(i) the pressure, P, of the air in the tube above the liquid, 
and 
(ii) the pressure, jpg, of the liquid column itself (see page 121), 


hence P+hpg = P + hnp.g 
thus hyp, = hapz 

jot ee 
or = 

pry 


If liquid B is water, then (or z) will be equal to the relative 
density of liquid A. Pa 1 

A certain amount of difficulty may arise when measuring the height 
of the liquid columns, owing to the meniscus which forms when a 
boxwood scale touches the surface of the liquid. This may be over- 
come by the use of a bent wire attached to the lower end of the scale, 
as shown in Fig. 124 (6). The scale is adjusted until the tip of the wire © 
is just level with the liquid surface. The scale reading of the liquid 
level in the tube is then taken, and added to the distance x between 
the tip of the wire and the zero of the scale. 

Several pairs of values of h, and /, are taken, entered in a suitable 
table and the mean value of the ratio of the densities calculated. 


The siphon 


Most people are familiar with the use of a siphon for removing 
water from fish aquaria or other receptacles which cannot otherwise 
be emptied conveniently. 
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The siphon is a bent tube made of glass, rubber or plastic tubing 
with its short arm dipping into the tank of liquid and its longer arm 
outside (Fig. 125). 

To start the siphon it must first be filled with liquid. After this the 


-+— Atmospheric pressure at 
this level in both limbs 


<+— Atmospheric pressure + hpg 


Fig. 125, The siphon 


liquid will continue to run out so long as the end E£ is below the level 
of the liquid in the tank. 

At one time it was generally accepted that a siphon worked by 
atmospheric pressure. But there is now strong evidence to support the 
view that cohesion between the liquid molecules plays an important 


part. 


Older explanation 

The pressures at A and D in the two limbs of the tube are both 
equal to atmospheric pressure, since they are at the same horizontal 
level as the surface of the liquid in the tank. The pressure at the outlet 
E is equal to atmospheric pressure plus the pressure /ipg due to the 
column DE. The excess pressure, pg, therefore causes the liquid to 
flow out of the tube at £. 

Also, since the liquid has to rise a distance AB up the tube, it 
follows that the siphon will fail to work if AB is greater than the 
barometric height appropriate to the liquid being used. 


Newer explanation 

Experiment shows that siphons can be made to work in a vacuum 
and that, in certain cases, the flow will continue even if AB is some- 
what greater than the appropriate barometric height. 

The presence of atmospheric pressure, therefore, does not appear 
to be essential. It would seem that the flow of liquid occurs owing to 
the greater weight of the column CE, which pulls the shorter column 
AB through the cohesion (attractive force) of the liquid molecules. 
The action can be likened to that of a chain passing over a freely 
running pulley which will run off in the direction of the longer side 
(Fig. 126). Fig. 126. 
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Critical comment 

Only pure liquids will siphon satisfactorily in a vacuum. If dissolved 
gases are present the cohesive force between the molecules is greatly 
lowered and bubbles readily form under reduced pressure. Hence, 
atmospheric pressure is a necessary condition in the case of impure 
liquids as it compresses the liquids in the tubes and prevents breakage 
of the liquid columns through the formation of bubbles from dissolved 
gases. 


A more detailed discussion of the action of the siphon will be 
found in an article written by M. C. Nokes in the School Science 
Review, Vol. 29, p. 233. 


QUESTIONS: 11 


1. With the aid of two labelled diagrams, describe the construction and 
action of the common pump. 

What is the theoretical maximum height through which such a pump 
could raise water on a day when the atmospheric pressure is 760 mmHg? 
(Density of mercury = 13-6 g/cm’). 

2. Describe a force pump and describe its action. (L., part qn.) 
3. Distinguish between force and pressure. 

What do you understand by the principle of transmission of pressure in 
fluids. State two practical applications of this principle. 
4. Define relative density. 

Describe with a sketch, how you would set up Hare’s apparatus for 
measuring the relative density of a liquid, and show how the result is cal- 
culated. 

In such an experiment using methanol and water, the lengths of the 
methanol and water columns were found to be 16 cm and 12:8 cm respec- 
tively. Find the relative density of methanol. In a second experiment the 
length of the methanol column was altered to 21-5 cm. What would be the 
new height of the water column? 


5. Fig. 127 represents a glass U-tube used to measure the density of an oil 
by the following method. 

A little mercury is poured into the tube. Oil is then poured into the left- 
hand limb and water into the right-hand limb until the mercury has the 
same level in each limb, The density of oil is to be 0-80 g/cm?. 

Sketch the arrangement of the liquids in the tube and indicate on the 
diagram the readings that must be taken to obtain a result. (C.) 


6. How would you demonstrate by experiment that the atmosphere 
exerts a considerable pressure? 

Describe the construction and action of a simple lift-pump, and point 
out how the usefulness of such a pump is limited by atmospheric pressure. 

The weather forecasts prepared by the Meteorological Office show pres- 
sures in millibars. Calculate the height (in mm) at which a mercury baro- 
meter will stand if the atmospheric pressure is 980 millibars. (1 millibar = 
1000 dyn/cm’; density of mercury = 13-6 g/cm*; acceleration due to 
gravity = 980 cm/s*.) (A.E.B.) 
7. Describe and explain the action of a siphon. 

Calculate the greatest height in metres of the barrier over which water 
may be raised by means of a siphon. (Atmospheric pressure = 76 cm of 
mercury. Density of mercury = 13-6 g/cm?.) (0.C.) 
8. Explain why water in the bottom of a floating boat cannot be siphoned 
over the side. (Cc) 


When it was first proposed to build ships made of iron many people 
laughed at the suggestion. Owing to the fact that a piece of iron sinks 
when placed in water they held the view that iron ships would be a 
failure. 

When anything is placed in a liquid it receives an upward force or 
upthrust. In this chapter we shall describe a number of experiments to 
investigate the forces exerted on a body which is immersed or is 
floating in a liquid. 


Apparent loss in weight 


A simple but striking experiment to illustrate the upthrust exerted 
by a liquid can be shown by tying a length of cotton to a brick. Any 
attempt to lift the brick by the cotton fails through breakage of the 
cotton, but if the brick is immersed in water it may be lifted quite 
easily. The water exerts an upthrust on the brick, and so it appears 
to weigh less in water than in air. 

Stone boulders immersed in water have an upthrust on them equal 
to about four-tenths of their weight. This explains why boulders can 
be moved so easily by flood water. In July 1952, for example, a 
disastrous flood carried debris containing boulders weighing up 
to 20 t each into the streets of Lynmouth in Devon. Totally im- 
mersed they had an apparent weight of only about 12 t, and thus 
were more easily transported by the force of moving water. 

Heavy shingle piles up on a sea-beach for the same reason. 


Archimedes’ principle 


Experiments to measure the upthrust of a liquid were first carried 
out by the Greek scientist Archimedes, who lived in the third 
century B.c. The result of his work was a most important discovery 
which is now called Archimedes’ principle. In its most general form, 
this states: 

When a body is wholly or partially immersed in a fluid it experiences 
an upthrust equal to the weight of the fluid displaced. 

It should be noticed that the word “fluid” is used in the above 
statement. This word means either a liquid or a gas. The application 
of Archimedes’ principle to gases will be discussed later. 
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Fig. 128. Verification of Archimedes’ principle 


Fig. 129. Weighing in water 


To verify Archimedes’ principle for a body in liquid 


A eureka (or displacement) can is placed on the bench with a 
beaker under its spout (Fig. 128). Water is poured in until it runs 
from the spout. When the water has ceased dripping the beaker is 
removed and replaced by another beaker which has been previously 
dried and weighed. 

Any suitable solid body, e.g., a piece of metal or stone, is suspended 
by thin thread from the hook of a spring-balance and the weight of 
the body in air is measured. The body, still attached to the balance, is 
then carefully lowered into the displacement can. When it is com- 
pletely immersed its new weight is noted. 

The displaced water is caught in the weighed beaker. When no 
more water drips from the spout the beaker and water are weighed. 

The results should be set down as follows: 


Weight of body in air = ef 
Weight of body in water = ef 
Weight of empty beaker = ef 
Weight of beaker plus displaced water = ef 
Apparent loss in weight of body = ef 
Weight of water displaced = gf 


The apparent loss in weight of the body, or the upthrust on it, 
should be equal to the weight of the water displaced, thus verifying 
Archimedes’ principle in the case of water. Similar results are 
obtained if any other liquid is used. 


To measure the relative density of a solid by using 
Archimedes’ principle 


In chapter 9 we explained the meaning of the term, relative density 


(or specific gravity), and its importance in the accurate measurement 
of density. 


mass of any volume of substance 
mass of an equal volume of water 
weight of any volume of substance 
weight of an equal volume of water 


Relative density of a substance = 


or, since weight oc mass, R.D. 


Archimedes’ principle gives us a simple and accurate method for 
finding the relative density of a solid. If we take a sample of the solid 
and weigh it first in air and then in water the apparent loss in weight, 
obtained by subtraction, is equal to the weight of a volume of water 
equal to that of the sample. 

Therefore we may write, 


relative density of a substance 
weight of a sample of the substance 
apparent loss in weight of the sample in water 


The method of weighing a body in water is shown in Fig. 129. A 
wooden or aluminium bridge is placed over the left-hand pan of the 
balance, care being taken to see that the pan does not touch the 
bridge as it swings. The sample, e.g., a piece of brass, is then tied by 
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thin thread to the lower hook of the balance stirrup so that it hangs 
just clear of the top of the bridge. The brass is then weighed. 

A beaker containing water is then placed on the bridge so that the 
brass is completely immersed and does not touch the side of the 
beaker. Having made certain that there are no air bubbles clinging to 
the brass, a second weighing is made to find its weight in water. 

The results are recorded as below: 


Weight of brass in air 
Weight of brass in water 
Apparent loss in weight of brass 
Relative density of brass 
weight in air 
apparent loss in weight in water 


oui 


| 
whe, 99,93,, 


Relative density of a liquid by using Archimedes’ principle 


Using the same procedure as in the previous experiment, a sinker 
is weighed first in air, then in liquid, e.g., white spirit, and finally in 
water. The sinker is any convenient solid body, e.g., a piece of metal 
or a glass stopper. 

Since the same sinker is used in both liquids, the two apparent 
losses in weight will be the weights of equal volumes of spirit and 
water respectively. 

The results should be recorded as follows: 


Weight of sinker in air = ef 
Weight of sinker in white spirit = ef 
Weight of sinker in water = gf 
Apparent loss in weight of sinker in spirit gf 
Apparent loss in weight of sinker in water = _— gf 


Relative density of white spirit 
__ weight of any given volume of spirit 
~~ weight of an equal volume of water 
apparent loss of weight of sinker in spirit 
apparent loss of weight of sinker in water 
cai Sal 
= 


To measure the relative density of a solid which floats 


The relative density of a substance which floats in water, such as 
cork, may be determined if a sinker is used in conjunction with it. 
A piece of lead will serve for this purpose, but any small heavy body 
will also prove suitable, provided it is unaffected by water and is 
heavy enough to sink the cork when attached to it. 

The manner in which the experiment is carried out is illustrated in 
Fig. 130. The sinker is weighed in water while suspended by cotton 
from the lower hook of the balance. Next, the cork is attached to the 
cotton above the water so that a second weighing may be carried out 
to find the weight of the cork in air. A third weighing is taken with the 
cork attached to the cotton so that both cork and sinker are totally 
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Sinker in water. Sinker in water. 
Sinker in water Cork in air Cork in water 
x y z 
Fig, 130. Relative density of a solid which floats 


immersed in the water. If the same piece of cotton is used for each 

weighing its weight is eliminated in the final calculation, and so does 

not introduce error. The method of attaching the cork to the cotton 

so that the same piece of cotton is used is left to the reader’s own 

ingenuity. 

If the three weighings are called x, y and z respectively we have 
weight of cork in air =(y — x) 


upthrust on cork in water 
= weight of water displaced = (y — z) 


Hence, 
Relative density of cork 
Ts weight of cork in air 
~~ weight of an equal volume of water 
ee 
ae 
Balloons 


If a cork is held below the surface of water and then released it 
rises. The density of cork is less than that of water, so the weight of 
water displaced is greater than that of the cork itself. In accordance 
with, Archimedes’ principle, the cork is acted upon by a resultant 
upward force equal to the difference between its own weight and the 
weight of the water it displaces. 

A hydrogen-filled balloon rises in air for precisely the same reason 
that the cork rises in water. The density of air is about 14 times that 
of hydrogen. The total weight of a balloon consisting of fabric and 
hydrogen is thus much less than the weight of air it displaces. The 
difference between the two represents the useful lifting power of the 
balloon. 


Ships, Cartesian diver and submarines 


Bodies which are less dense than water float; those more dense 
sink. A piece of solid steel sinks, but a ship made of steel floats. 


THE PRINCIPLE OF ARCHIMEDES 


Because a ship is hollow and contains air, its average density is less 
than that of water. 

An interesting example of a body whose average density can be 
varied is the Cartesian diver. This is a small hollow figure made of 
thin glass and having a hollow, open-ended tail (Fig. 131). Normally, 
being full of air, it floats on water. If, however, the diver is put inside 
a bottle full of water with a nicely fitting cork it can be made to sink 
by pressing in the cork. Pressure on the cork increases the pressure 
inside the bottle, with the result that water is forced into the body of 
the figure through the hollow tail. The diver then consists of a 
mixture of glass, water and air. It will sink, remain stationary or 
rise in the bottle according as to whether its total weight is greater 
than, equal to or less than the weight of the water it displaces. 

Similarly, the buoyancy of a submarine depends on the quantity 
of water in its ballast tanks. When it is required to dive, water is 
admitted to special tanks. When the water is ejected from the tanks 
by means of compressed air the submarine rises to the surface and 
floats just like any other ship. 


Floating bodies 


When a piece of wood or other material of density less than that 
of water is placed in water it sinks until the weight of water displaced 
is just equal to its own weight. It then floats. 

Normally, a hydrogen balloon ascends in still air at a steady rate, 
but it can be made to float if the quantity of gas it contains is adjusted 
so that the average density of the balloon is just equal to the density 
of the surrounding air. The weight of the displaced air will then be 
equal to the weight of the balloon. 

The above two examples illustrate the law of flotation. 

A floating body displaces its own weight of the fluid in which it 
floats. 

It must be understood, however, that this does not express a new 
principle, but is merely an expression of Archimedes’ principle 
applied to a special case. 


To verify the law of flotation 


A measuring cylinder is about half filled with water and the read- 
ing noted. An ordinary test-tube with a cotton loop attached is then 
placed in the measuring cylinder, and lead shot added to the tube a 
little at a time until the tube floats upright (Fig. 132). 

The new water-level reading in the measuring cylinder is taken. 
The difference between this and the previous reading gives the volume 
of water displaced by the test-tube. Since the density of water is 
practically equal to 1 g/cm*, we are justified in assuming that the 
weight of water displaced is numerically equal to its volume in 
cm}, 

The test-tube is removed from the cylinder, dried and then 
weighed, using the cotton loop to attach it to the balance hook. 

The experiment is repeated several times, each time adding a 
little extra shot, and a table of results made out as shown. 

Corresponding figures in the first and last columns of this table 
should be found to agree, thus verifying the law of flotation. 
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Fig. 131. The Cartesian diver 


+— Water 
level 


Fig. 132. To verify the law of flotation 
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Lead shot 


Fig. 133, Hydrometers 


Fig. 134. Relative density of a solid 
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Wt. of lead Measuring cylinder Volume of 
shot and test- readings (cm*) water displaced | Wt. of water 
tube (gf) (cm*) displaced (gf) 


Hydrometers 


If we had performed the experiment with the test-tube and lead 
shot just described with several liquids of different densities, we 
should have found that the tube sank to a different level in each of 
the liquids. In every case, however, the total mass of liquid displaced 
(equal to volume x density) would have been equal to the mass of 
the tube and shot, which is constant. 

This is the principle of an instrument called a hydrometer, used 
for rapid and easy measurement of the relative density of liquids. 

The modern form of hydrometer shown in Fig. 133 (a) differs 
scarcely if at all from those made by Robert Boyle in the seventeenth 
century. The lower bulb is weighted with mercury or lead shot to 
keep it upright, and the upper stem, graduated to read the relative 
density of the liquid, is made thin to give the instrument a greater 
sensitivity. Such hydrometers are usually made in sets of four or 
more, each covering a certain range. 

In addition, others are obtainable for special purposes. One, 
called a /actometer, has a range of 1-015-1-045 and is used for testing 
milk. Another, enclosed in a glass tube fitted with a rubber bulb, is 
used for measuring the relative density of accumulator acid 
(Fig. 133 (b)). On squeezing the bulb and then releasing it, it expands 
causing the air pressure inside to decrease. The greater atmospheric 
pressure outside pushes acid up into the glass tube, and the density 
can then be read on the floating hydrometer. The acid in a fully 
charged cell should have a relative density of 1:25-1:30. A reading of 
less than 1-15 indicates that recharging is necessary. 


To measure the relative density of solids and liquids by a 
balanced lever 


Relative density of a solid 

A sample of the test solid is attached by a loop of thread 
to a metre stick pivoted near its mid-point and is balanced by 
any suitable unknown weight W, hung on the opposite side 
(Fig. 134). 

The distance d of the sample from the pivot 1s kept constant 
and the distance of W from the pivot is noted (d,). 

The sample is then immersed in water in a beaker and the balance 
restored by moving W closer to the pivot (d,). 


If W, = weight of sample in air 
and W, = weight of sample in water 
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then, taking moments about the pivot F, 


(i) Wxd=W,xd 
(ii) Wx d,=W,xd 
therefore ¥,= = 
W x d, 

and W,= eer 


weight in air 
loss in weight in water 
Wad, 
1 eT a) 
~ W,—W, Wd, Wd, d,—d, 
a Gear is 


Several pairs of values of d, and d, may be obtained from which a 
mean value for the relative density may be calculated. 


Relative density of sample = (see page 140) 


Relative density of a liquid 
Two experiments are carried out exactly as described above in 
which the sample is replaced by any convenient sinker (e.g., a metal 
cylinder). These are followed by a third experiment with the sinker 
immersed in the liquid whose relative density is required (Fig. 135). 
By reasoning similar to the above it may be shown that, 


relative density of liquid 
__ loss in weight of sinker in liquid 
~~ loss in weight of sinker in water 
4-4 
= d, = d, 
The steps used in arriving at this formula should be shown in full 
when the experiment is written up in the practical notebook. 


(see page 141) 


Worked examples 


1. A ship of mass 1200 t floats in sea-water. What volume of sea- 
water does it displace? If the ship enters fresh water, what weight of 
cargo must be unloaded so that the same volume of water is displaced 
as before ? (Density of fresh water = 1000 kg/m’, relative density of 
sea-water = 1:03; 1 t = 1000 kg.) 


Mass of sea-water displaced = 1200 t 
Density of sea-water = 1000 x 1-03 kg/m? 
é —_mass _ 1200 x 1000, 
Volume displaced = density ~ 1000 x 1-03 ™ 
= 1165 m3 of sea-water 


The same volume of fresh water weighs 1 165 x 1 000 kgf 

= 1165 tf 
1200 — 1 165 
351f 


Therefore, weight of cargo to be unloaded 


oud 


2. What volume of brass of density 8-5 g/cm? must be attached to a 
piece of wood of mass 100 g and density 0-2 g/cm so that the two 
together will just submerge beneath water ? 
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Fig. 135. Relative density of a liquid 
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The brass and wood together will just submerge when the average 
density of the whole is equal to that of water (1 g/cm’). 


Let the volume of the brass = V_—_ (in cm?) 


then mass of brass = 8:5V (in g) 
volume of wood = nz = 500 cm? 
and mass of wood = 100 g 


For an average density of | g/cm’ the total mass must be numerically 
equal to the total volume. 


Hence, 100 + 8-5V = 500+ V 
rearranging 7T-5V = 400 
400 3 
or V= 7. = 53-3 cm? of brass 


3. An ordinary hydrometer of mass 28 g floats with 3 cm of its stem 
out of water. The area of cross-section of the stem is 0-75 cm’. Find 
the total volume of the hydrometer and the length of stem above the 
surface when it floats in a liquid of relative density 1-4. 


By the law of flotation, the hydrometer displaces its own weight of 
any liquid. 

Therefore, weight of water displaced = 28 gf 
and volume of water displaced = 28 cm? 
Assuming top of stem to be flat and not rounded, 


volume of stem above water = 0-75 x 3 = 2:25 cm? 
therefore total volume of hydrometer = 28 + 2-25 = 30-25 cm? 


volume of liquid displaced = mee — 4 =20cm? 
therefore volume of stem above the liquid = 30-25 — 20 
= 10:25 cm 
oe 10-25 
hence length of stem above liquid = 075 = 13-7 cm 


It is reported that on one occasion King Hiero of Syracuse asked 
Archimedes to ascertain if a gold crown made by the Court goldsmith 
had been fraudulently alloyed with silver. 

The problem remained unsolved until Archimedes could find a 
way of measuring the volume of the crown. Tradition has it that the 
solution occurred to him one day at the baths. On immersing himself 
in a bath full to the brim he suddenly realized that the volume of 
water which spilled over was equal to his own volume. The displace- 
ment vessel shown in Fig. 99 is sometimes called a Eureka can in 
allusion to the legend that, in his excitement at the discovery, 
Archimedes ran unclothed through the streets shouting, “Eureka” 
(= I have found it). 

Our last worked example illustrates the kind of calculation which 
Archimedes may have made to incriminate the goldsmith. 


4. A lump of gold-silver alloy has a mass of 350-8 g and a volume of 
20 cm*. Assuming that no change in volume occurs when gold is 
alloyed with silver, find the mass of silver in the sample. (Density of 
gold = 19-3 g/cm?; of silver = 10-5 g/cm.) 
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Let the volume of silver in the alloy = V (in cm?) 
Then mass of silver in the alloy 05 V (in g) 
and mass of gold in the alloy = 19-3 (20 — V) (in g) 
but total mass of alloy = 350-8 g 


therefore 10-5V + 19-3(20 — V) = 3508 
10-5V + 386 — 19-3V = 350-8 


35:2 =88V 
whence V=4cm* 
Tt follows that mass of silver = 4 x 10:5 
= 42g 


QUESTIONS: 12 


1. Define density and relative density. 

A piece of sealing-wax weighs 27 gf in air and 12 gf when immersed in 
water, Calculate: (a) its relative density; (6) its apparent weight in a liquid 
of density 0-8 g/cm’. 

2. A metal cube of side 2 cm weighs 56-0 gf in air. Calculate: (a) its apparent 
weight when immersed in white spirit of density 0-85 g/cm®; (4) the density 
of the metal of which it is made. 

3. A river car-ferry boat has a uniform cross-sectional area in the region 
of its water-line of 720 m*. If sixteen cars of average mass 1 100 kg are 
driven on board, find the extra depth to which the boat will sink in the 
water. 

4. State Archimedes’ principle. 

Describe an experiment to determine the density of a stone using a 
method based on Archimedes’ principle. State the precautions you would 
take and explain your calculations. 

The fabric of a large balloon and its gondola weigh 500 kgf. The balloon 
is inflated with 2000 cubic metres of helium and moored in still air by a 
cable. If the temperature and pressure of the helium in the balloon and of 
the air are standard, calculate the tension in the cable. (Densities of air and 
of helium at s.t.p. are 1-3 and 0-18 grammes per litre respectively.) (A.E.B.) 

5. Distinguish between the density and the relative density of a material. 

Describe how you would use a relative density (specific gravity) bottle 
to determine the density of sand. 

A wooden block floats in water with two-thirds of its volume submerged. 
When placed in oil three-quarters of its volume becomes submerged. 
Calculate the density of (i) the wood, and (ii) the oil. (J.M.B.) 
6. State the aw of flotation. 

A piece of beeswax of density 0-95 g/cm? and mass 190 g, is anchored 
by a 5 cm length of cotton to a lead weight at the bottom of a vessel 
containing brine of density 1-05 g/cm*. If the beeswax is completely 
immersed find the tension in the cotton in newtons. 

7. State the principle of Archimedes and show how it may be used in 
determining the specific gravity of a liquid. 

If the specific gravity of ice is 0-92 and that of sea-water 1-025, what 
fraction of an iceberg floats above the surface? (0.C.) 
8. State Archimedes’ principle and describe an experiment to demonstrate 
it. 

Describe how you would find the density of a liquid using an experi- 
mental method based on Archimedes’ principle. Explain the necessary 
calculations. 

What mass of metal, of density 6 g/cm*, must be hung from a float of 
mass 4 gand volume 20 cm? in order to sink it in a liquid of density 1-2 
g/cm>? (A.E.B.) 
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9. Describe a method, which does not entail the measuring of volumes or 
the use of a hydrometer, of finding the relative density of a liquid. 

A piece of iron of mass 156 g and density 7-8 g/cm’ floats on mercury 
of density 13-6 g/cm*. 

What is the minimum force required to submerge it? (J.M.B.) 
10. The same cork is floated on mercury and water in turn. How are: 
(i) the volumes, and (ii) the weights of liquid displaced in each case related? 

(S., part qn.) 
11. A piece of marble of mass 1-4 kg and relative density 2:8 is supported 
by a light string from a spring balance and lowered into a vessel of water 
standing on a weighing machine. Before the stone enters the water the 
weighing machine reads 5-75 kg. What will be the reading of both spring 
balance and weighing machine when the marble is completely immersed 
in the water. 
12. State the “‘Law of Floating Bodies”. A piece of wood, volume 30 cm* 
and density 0:4 g/cm? floats on water. What is the volume immersed in 
the water? (S.) 
13. A cube made of oak and of side 15 cm floats in water with 10:5 cm of 
its depth below the surface and with its sides vertical. What is the density 
of oak? 
14. How would you use the principle of Archimedes: (a) to explain the 
upward motion of a hydrogen balloon in air; (6) to find the relative density 
ofacork? 

A hollow sphere made of glass floats in water with seven-eighths of its 
volume submerged, and in dilute acid with three-quarters of its volume 
submerged. What is the relative density of the acid? (J.M.B.) 
15. What fraction of a solid body, of density A in g/cm’, will be above the 
surface of a liquid, of density B in g/cm*, when the solid body is floating 
freely in the liquid? Give reasons for your answer. 

Use your answer, or any physical principle, to explain why: (i) the stem 
of a common hydrometer is graduated with the lower readings at the top 
and the higher readings at the bottom; (ii) sensitive hydrometers have 
narrow stems. 

A common hydrometer, with a stem 10 cm long and volume one-tenth 
of the whole hydrometer, floats with 2 cm of stem above the surface of 
water, What is the density of the liquid in which this hydrometer floats 
with 4 cm above the surface? (C.) 
16. Draw a labelled diagram of a common hydrometer capable of measur- 
ing the density of a liquid in the range 1-0 to 0-7 g/cm*. Describe how you 
would use it and state the principle upon which its action depends. 

A hydrometer has a weighted bulb of volume 28 cm? and a uniform stem 
with an area of cross-section 1 cm?. When floating in water 2 cm of the 
stem is immersed. What length of stem will be immersed when the 
hydrometer floats in a liquid of density 0-7 g/cm*? (J.M.B.) 
17. A test-tube (mass 15 g, length 12 cm) has a flat base and is partly 
filled with lead shot so that it floats vertically in water. The tube has a 
uniform cross-sectional area of 2-0 cm? and 10 cm of its length are under 
water. Calculate, with clear explanations: (i) the mass of lead shot in the 
tube; (ii) the length of the tube immersed if placed in a liquid of density 
1-25 g/cm’; (iii) the lowest density of liquid in which this tube would float. 

Give two reasons why it would have been better to have chosen a tube 
of smaller cross-sectional area if the apparatus were being used to measure 
the density of a liquid. 

What name is given to the commercial form of this apparatus? Why is a 
definite temperature usually marked on it? (S.) 
18. A lump of paraffin wax with a piece of iron embedded in it weighs 
151 gf in air and 43 gf when completely immersed in water. Calculate the 
weight of the iron. (Densities: iron, 7 g/cm*; wax 0:95 g/cm’.) 


Atoms and molecules 


Many of the ancient Greek philosophers believed that all sub- 
stances were composed of tiny particles or atoms; but it was not 
until the nineteenth century that this idea developed into a useful 
theory for explaining some of the chemical and physical properties 
of matter. 

In 1808, the English chemist, John Dalton, produced experimental 
evidence to show that chemical compounds consist of molecules 
which are groups of atoms of various elements united in the same 
simple numerical proportion. 

An element is a substance which cannot be split into simpler 
substances, while an atom is the smallest portion of an element which 
can take part in a chemical change. 

At the time of which we are speaking, scientists thought of atoms 
as being like tiny billiard-balls, but since then we have learned a 
great deal about the nature of the atoms themselves. The structure 
of atoms is discussed in chapter 45. In the present chapter we shall 
show how the molecular theory is used in physics to explain some of 
the elementary properties of gases, liquids and solids. 


Brownian movement. Kinetic theory of matter 


One day in the year 1827 the botanist, Robert Brown, was using a 
microscope to examine some pollen particles in water when he was 
surprised to notice that they were in a continuous state of vigorous 
haphazard movement. At the time Brown could offer no explanation, 
but many years afterwards it came to be realized that the motion of 
the particles is caused by the impact of moving water molecules. 

The same kind of movement can be seen in the case of smoke 
particles in air. Observations of this kind strongly suggest that the 
molecules of liquids and gases are in a state of continuous motion. 
This idea of molecular motion and the mathematical calculations 
which have been applied to it is called the kinetic theory of matter. 


To study Brownian movement 


The Brownian movement may be observed by the apparatus shown 
in Fig. 136. A small glass cell contains water with some tiny graphite 
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Fig. 136, Brownian movement apparatus 
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particles suspended in it and these are strongly illuminated by light 
focused from a line filament lamp by a glass or perspex rod. This 
very efficient optical system was devised by Leo O’Donnell. The 
particles scatter the light so that when viewed through a microscope 
they appear as bright points moving with the same irregular motion 
as Brown’s pollen grains. 

To see the same effect in air, the glass cell is replaced by one con- 
taining a little smoke from smouldering string and covered by a thin 
glass slip. The smoke consists of tiny particles of combustion pro- 
ducts and these show a similar movement. 

It is important to note that the particles must be very small if 
their movement is to be seen. Simple kinetic theory has established 
the result that the mean kinetic energy is the same for all particles. 
Consequently, a large particle will have a low average speed which 
is too small to be observed. 


Nature of the force between atoms and molecules 


Newton’s law of universal gravitation which works so well in 
calculations of the force between two pieces of matter whose 
distance apart is large compared with their size, fails to give the right 
answer when applied to two molecules which are very close together. 
This does not mean that gravitational attraction no longer acts but that 
incomparably greater forces of a different kind come into action. Now 
a full account of these forces belongs to very advanced physics, so we 
shall deal with the subject very briefly. 

Later on we shall learn about electricity and see that it can pro- 
duce electric and magnetic forces of attraction and repulsion. 
Atoms themselves contain particles of electricity in motion and so we 
get electric and magnetic forces between them. We shall, therefore, 
sum up the situation by saying that, when atoms are very close 
together, the forces between them are electromagnetic in nature. 

The net result is that, when their centres are a certain distance 
apart, the resultant force between two atoms of molecules is zero. 
When closer than this they repel one another and when further apart 
they attract one another. Furthermore, these electromagnetic 
forces differ from one kind of atom to another and even between 
atoms of the same kind depending on whether a substance is in the 
liquid state or some particular kind of solid state. A good example of 
a substance which can exist in more than one kind of solid state is 
carbon. 


Three states of matter 


Matter commonly exists in either the solid, liquid or gaseous 
state. 

Ina solid substance the molecules vibrate about their zero resultant 
force positions, alternately attraction and repelling one another. 
All true solids have a crystalline structure in which the atoms are 
arranged in a regular pattern called the /attice (Fig. 137 to 139). 
There is, however, a borderline class of materials which appear to 
be solids but actually are very viscous liquids. Pitch isa good example, 
When struck with a hammer, it readily splinters, but if placed in a 
funnel and left for several years it slowly flows out. 
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In a liquid, the molecules are also vibrating to and fro alternately 
attracting and repelling one another with forces which can be just 
as strong as those in a solid (see action of a siphon, page 137). At 
the same time, however, the liquid molecules can move freely 
among one another, exchanging partners as they go. It is this freedom 
of movement which enables a liquid to take up the shape of any 
vessel in which it is placed. It is worth mentioning that experimental 


Fig. 137. Dr. E. J. Whittaker and Mr. R. D. Swinburne examine a Fig. 138, The surface of tungsten as revealed by a field ion 
model of the crystal structure of asbestos at the Ferodo Research microscope at a magnification of about 5 million times, Each spot 
Laboratories. represents an individual atom 


A piece of rock containing two /ayers of asbestos fibres is seen in 
the foreground, Models of this kind (magnification 150 million 
times) are constructed from information obtained from X-ray dif- 
fraction patterns formed b y the crystal. 


evidence indicates that small groups of liquid molecules can arrange 
themselves for very short periods of time into the same kind of 
regular pattern found in solids. 

In a gas the molecules are much further apart than those in solids 
and liquids. They move at high velocities colliding with one another 
and with the walls of their containing vessel. Except at the moment of 
collision, the short-range intermolecular forces we have been describ- 
ing do not come into action. Unless the gas is highly compressed, 
the molecules are, for the greater part of the time, so far apart that 
the attractive force is effectively negligible. Consequently, a gas is 
perfectly free to expand and completely fill the vessel containing it. 

The average distance moved by a molecule between collisions is 
called its mean free path. Rudolf Clausius applied the laws of 
mechanics to these collisions and showed how they explained the 
relation between the pressure and volume of a gas. 
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Fig. 1. Polycrystalline Fig. 2. Tungsten (single Fig. 3. Lithium fluoride Fig. 4. Rock salt (single 
copper crystal) (single crystal) crystal) 


Fig. 139. A proton scattering microscope at Edwards High Vacuum 
International Research Laboratories. This instrument uses a proton 
beam to reveal crystal lattice structure, some examples of which are 
shown 


To measure the approximate length of a molecule 


A rough idea of the length of a molecule of a substance which 
will form a film of water may be obtained by a method originally 
carried out by Lord Rayleigh who was awarded the Nobel prize for 
physics in 1904. 

From chemical studies we know that molecules of oils and fatty 
acids are longer than they are broad and that one end has an affinity 
for water. If a drop of such a substance is placed on water surface it 
spreads in the form of a circular film with the molecules standing 
upright rather like the pile on a piece of velvet. When the spreading 
stops, it is reasonable to assume that the film is one molecule thick. 

A suitable substance to use for this experiment is oleic acid 
prepared for use as a 0-5 per cent solution in methanol (methyl 
alcohol). 1 cm? of oleic acid is run into a 200-cm* measuring flask 
half full of methanol. More alcohol is added to fill the flask to its 
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graduation mark, ensuring thorough mixing during the process. We 
now have a solution which contains 0-005 cm? of oleic acid in 1 cm? 
of solution. 

A large plastic dish full of water is allowed to stand until the water 
is at rest and is then lightly dusted with lycopodium powder from 
a pepper caster (Fig. 140). Using a capillary pipette, 0-005 cm? of the 
oleic acid solution is then run into the centre of the water surface. 


Lycopodium on Oleic ocid 
aci 
Copillary water surface patch 
pipette 
l—-0:005 cm3 
to mark 


Fig, 140. Oil-film experiment 


The alcohol in the solution partly evaporates and partly dissolves 
in the water leaving the oleic acid to spread in the form of an 
approximately circular patch. Several experiments are performed, 
using fresh water each time and a value for the mean diameter, 
d in cm, of the oil film calculated from measurements taken in 
different directions across it with a mm scale. 


Calculation 
Values for film diameter cm. 
Mean diameter = cm 
Volume of oleic acid in 0-005 cm? of solution = 0-005? cm?. 
Assuming the film to be a flat cylinder of thickness / where /in cm 
is the length of a molecule, then, 


2 
volume in em? = wr?/ = a 
= 0-005? cm? 
From which, 
0-005? x 4 
length of molecule = 25a Gee cm = m 


Only a rough value is to be expected since, in addition to other 
assumptions, we have ignored the space between the molecules. 
Experiments of this kind have been found to give values in the region 
of 0:000 000 001 or 10-° m. This is called 1 nanometre (nm). 

The unit of length which has been commonly used for such short 
lengths is the Angstrém unit (A) which is equal to 0-000 000 000 1 m 
or 10-?° m. 

However, one of the basic international recommendations is 
that, when multiples or sub-multiples of SI units are used, they should 
be related to the fundamental unit by powers of 10 which are 
exactly divisible by 3. Hence the nanometre (10~° m) is to be preferred 
to the angstrém unit (10-!° m). 

One of the main reasons for this “rule of three” is that it provides 
some check on arithmetical errors. In calculations involving a 
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To gas supply 


Water 


(a) (b) 
Fig. 141. Diffusion experiment 


Section through needle floating on water 
Fig. 142. 


number of different units to various powers of 10, the power of 10 
in the final expression should be either zero or exactly divisible by 3. 
If this is not so, then clearly some arithmetical slip has been made. 

Nevertheless, where only single measurements are involved the 
tule is not so hard and fast that we are not permitted to use, for 
example, centimetres (10-? m) in certain measurements if we find it 
convenient to do so. 


Diffusion 


The speed with which molecules move about inside a gas depends 
on their mass and temperature. Thus, at a given temperature the 
heavy molecules of carbon dioxide move more slowly than the light 
molecules of hydrogen. This has an important bearing on the rate 
at which one gas will diffuse into, or mix with, another. 

Thomas Graham found that, at constant temperature gases diffuse 
at rates which are inversely proportional to the square roots of their 
densities. This is known as Graham’s law of diffusion. 

The difference in the rates of diffusion of two gases through a 
porous partition may be demonstrated by the experiment shown in 
Fig. 141 (a). An unglazed earthenware pot is fitted with a rubber 
bung and a length of glass tubing and set up vertically with the 
tube dipping into a beaker of water. When the porous earthenware 
pot is surrounded by gas from the laboratory supply in the manner 
shown the gas diffuses through into the pot more rapidly than the 
air diffuses outwards. The pressure in the pot therefore increases, 
and bubbles make their appearance at the end of the glass tube. 

If the inverted beaker containing the gas is taken away, the outward 
diffusion of gas already inside the pot is more rapid than the inward 
diffusion of air. Consequently, there is a reduction of pressure inside; 
and water is now forced up the tube (Fig. 141 (b)). A device based 
on this principle has been used for detecting the presence of the 
dangerous gas methane in coal-mines. 

Diffusion in a liquid can be shown by placing some blue copper 
sulphate crystals at the bottom of a tall beaker containing water. If 
the beaker is placed where it will be undisturbed the crystals will 
dissolve and form a dense blue solution at the bottom. During 
succeeding weeks the blue coloration gradually extends upwards. 
In spite of their comparatively large mass, the copper sulphate 
molecules have sufficient energy to enable them to overcome the 
force of gravity and diffuse upwards through the water. 


Surface tension 


Most people are aware that an ordinary sewing needle can be 
made to float on water. The experiment works best if the needle is 
slightly greasy. Usually, the needle is placed on a small piece of 
filter paper, which is then gently placed on the water surface. 
Within a few seconds the paper sinks to the bottom and the needle 
is left floating. 

Close examination reveals that the needle rests in a slight depression 
(Fig. 142). The surface of the water behaves as though covered with 
an elastic skin. This property of a liquid is called surface tension. A 
piece of gauze cut and bent into the form of a rectangular box will 
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also float, but if a few drops of alcohol, soap solution or detergent 
are added to the water the surface tension is decreased and the gauze 
and needle will sink. 

A tent keeps out water owing to the tension which exists in 
the lower surface of the rain-water in contact with the canvas, 
Campers soon learn that it is important not to touch the inside of 
the canvas, or the surface film may be broken. When this occurs, the 
water spreads round the strands of the material and, having nothing 
to support it, begins to drip through. 


Further illustrations of surface tension 


We have already seen that soap solution, detergents and alcohol 
will lower the surface tension of water. Camphor has a similar effect. 
When a piece of camphor is thrown on to the surface of water it 
slowly dissolves and causes a reduction of surface tension in its 
immediate neighbourhood. The stronger pull exerted by the surround- 
ing uncontaminated water sets up a movement of the surface and 
the camphor is carried along with it. After a time the concentration 
of the surface solution becomes uniform and all movement ceases. 

The above experiment illustrates the principle of a toy duck, 
made of light plastic material, which swims about on the surface of 
water when a small piece of camphor is attached to it. A similar 
toy in the shape of a small metal boat has a reservoir of methylated 
spirit. A short wick dips in the spirit and trails over the stern. 
Reduction of surface tension occurs where the spirit contaminates 
the water and the boat moves forward. 

Quantatively, the surface tension is defined as the tangential force 
in the surface acting normally per unit length across any line in the 
surface. (The word “normally” here means “perpendicularly”.) 

The tension in the surface of a liquid is well illustrated by a soap 
film. A wire frame with a piece of cotton tied across it is dipped into 
soap or detergent solution so that a film is formed. When the film on 
one side of the cotton is removed by touching it with filter-paper 
the tension in the film on the opposite side pulls the cotton into an 
arc of a circle. A similar frame has a length of cotton with a loop in 
it. The loop is pulled into the form of a circle when the film is 
removed from its centre (Fig. 143). 


Adhesion and cohesion 


The force of attraction between molecules of the same substance 
is called cohesion, as distinct from adhesion or the force between 
molecules of different substances. 

The adhesion of water to glass is stronger than the cohesion of 
water. Hence, when water is spilled on a clean glass surface it wets the 
glass and spreads out in a thin film. On the other hand, the cohesion 
of mercury is greater than its adhesion to glass. Therefore, when 
mercury is spilled on glass it forms small spherical droplets or larger 
flattened drops. 

The difference between the adhesive and cohesive properties of 
water and mercury explains why the meniscus of water curves upwards 
and that of mercury curves downwards when these liquids are 
poured into clean glass vessels (Fig. 144). 
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Soap film shown shaded 
Fig, 143, Surface tension experiment 
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Fig. 144. Capillarity 
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Water 


Strong sugar 
solution 


Parchment 
Fig. 145. Osmosis demonstrated 


Capillary attraction 


If a piece of ordinary glass tubing is heated in a gas flame until it 
softens it may be drawn out into a tube of very fine bore. This is 
called a capillary tube (from the Latin capilla = hair). 

On dipping the tube into water, alcohol or any other liquid which 
wets glass it is noticed that the liquid rises in the tube to a height of 
several centimetres. Mercury, however, gives a capillary depression 
(Fig.144). 

In the case of liquids which wet glass the adhesion of the molecules 
for glass is greater than their cohesion. Consequently, the meniscus 
curves upwards and the liquid rises in the tube. 

Conversely, the cohesion of mercury molecules is greater than their 
adhesion to glass. The meniscus therefore curves downwards, and 
this is accompanied by a capillary depression. 

Blotting-paper owes its absorbent properties to the capillary rise 
which occurs in the narrow interstices between the soft fibres from 
which it is made. Oil rises up a lamp wick for the same reason. 

All well-constructed houses possess a damp-course. This is a layer 
of slate, bitumenized lead foil or other suitable material inserted 
between the wall bricks just above ground, but below floor level. 
Being impervious to water, the damp-course prevents the capillary 
attraction of moisture from the ground, which would otherwise 
make the walls damp and unhealthy. 


Osmosis 


Before cooking dried fruits such as prunes and apricots it is 
customary to leave them soaking in cold water for some hours so 
that they swell up and become restored, as far as possible, to their 
original condition. During this time water passes through the cell 
walls of the fruit by a process called osmosis. 

Osmosis can be demonstrated by the following experiment 
(Fig. 145). A thistle funnel, with its mouth covered with parchment, is 
partly filled with strong sugar solution and then placed, mouth 
downwards, in a beaker of water. Very soon, the liquid level in the 
stem of the funnel begins to rise, showing that water is passing 
through the parchment into the sugar solution. The osmotic pressure 
of the solution is measured by the hydrostatic pressure, h, of the 
liquid column in the tube. 

Parchment is described as a semi-permeable membrane, i.e., it 
permits water molecules to pass through its pores but obstructs the 
passage of the larger sugar molecules. Water molecules therefore 
pass through in both directions, but owing to the space occupied by the 
sugar molecules the concentration of water molecules is less on 
the sugar side of the membrane than on the water side. Consequently, 
the rate of passage of water molecules is greater from the water 
side to the sugar side. The reason why a prune swells in water now 
becomes apparent. The cells of the fruit contain a high concentration 
of sugar and are surrounded by a semi-permeable membrane, 

Most animal and vegetable membranes are semi-permeable, and 
so osmosis plays an important part in the general functioning of 
living things. For example, water is absorbed through the roots of 
plants by this process. Osmosis also plays a part in the elimination 
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of waste products from the blood through our kidneys. Cellophane, 
which is another semi-permeable material, has been successfully 
employed in the construction of an artificial kidney. This is connected 
between an artery and a vein and maintains the essential purification 
of the blood while the natural kidneys are out of action through 
illness. 


Strength of materials. Elasticity 


Before various materials are used in the construction of machinery 
and buildings, tests are carried out to ensure that they are able 
safely to stand up to the stresses to which they are likely to be 
subjected. Industrial laboratories have special apparatus for carrying 
out these tests. 

Brittle substances such as masonry and cast iron will support large 
weights or forces of compression, but will easily break if stretching 
(tensile) forces are applied. Where tensile forces are involved an 
elastic material such as steel is used. Elasticity is the ability of a sub- 
stance to recover its original shape and size after distortion. 


Hooke’s law 


During the time London was being rebuilt after the great fire of 
1666 a great deal of research went on in connection with building 
construction and the strength of materials. 

Robert Hooke, who was Chief Surveyor to the City of London, 
took a leading part in this work and extended his researches to 
include an investigation of elasticity in general. He came to the con- 
clusion that, provided the elastic limit is not exceeded, the deformation 
of a material is proportional to the force applied to it. This statement 
is known as Hooke’s law. 

Hooke illustrated the law by reference to four different experiments: 


(1) Loading a wire (deformation = increase in length), see later. 

(2) Loading a spiral spring (deformation = increase in length), 
see page 17. 

(3) Loading a horizontal beam fixed at one end (deformation= 
depression of the free end). 

(4) Tightening a watch spring (deformation = angular rotation). 


To study the relation between load and extension for a 
copper wire 


Two copper wires about 50 cm long and 0-45 mm diameter are 
used in this experiment. One, the test wire, carries a vernier and the 
other a millimetre scale about 15 cm long. The two wires are held by 
chucks mounted on a rigid wall bracket and hang vertically as shown 
in Fig. 146. Two wires are used to eliminate temperature errors: 
thermal expansion affects both wires equally, and therefore no 
relative change in length occurs. The object of the experiment is to 
study the increase in length of the test wire as it is gradually loaded. 

An initial load is hung from the wire in order to pull it straight and 
the vernier reading noted. Further readings are obtained as the wire 
is loaded by, say, 0:25 kgf at a time. The results are entered in a 
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E - Elastic limit 
Y - Yield point 

N - Maximum load 
1 8 - Breaking point 
! OS -Permanent set 


Load (kgf) 


Extension (cm) 
Fig. 147. Load/extension graph for copper wire 


suitable table and a graph plotted of load against extension (Fig. 147). 

It is advisable to place a bucket of sand or some soft material 
beneath the apparatus to check the fall of the weights when the wire 
breaks at a load of about 4 kgf. 

At the point Y, called the yield point, the wire “runs” and a given 
increase in load produces a much bigger extension than previously. 
Internal slipping is now taking place between the layers of atoms 
in the metal crystals. This is described as plastic deformation. It 
leads to an alteration in the grouping of the crystals (metallurgists 
call this, grain flow). More importantly, it is accompanied by an 
increase in the strength of the metal. Metal or alloys which undergo 
plastic deformation are said to be ductile. 

The point N represents the maximum load the wire can stand. 
The force per unit area of cross-section for this loading is called the 
ultimate tensile stress of the material. At this stage the wire is liable 
to stretch suddenly and form a waist at its weakest part. Once this 
happens, the wire will go on stretching, even under reduced load, 
until the breaking point, B, is reached. 


Interpretation of the load/extension graph 


The first portion, OE, of the graph is a straight line showing that 
the extension is proportional to the load. The wire stretches in 
accordance with Hooke’s law (see page 157). Over this range the 
wire is perfectly elastic, i.e., it will recover its original length when 
the load is removed. This may be explained as follows. 

On page 150 we learned thatthe molecules of a solid arecontinuously 
oscillating about their equilibrium positions. In the case of an 
elastically stretched wire the molecules are pulled slightly apart so 
that they now oscillate about a mean position where the net force 
is attractive. These attractive forces give resultant attractions at the 
ends of the wire which are balanced by the externally applied forces. 

The force per unit area of cross-section of the wire corresponding 
to the point E£ is called the e/astic limit of the material. For loads 
beyond this, the graph bends slightly; Hooke’s law ceases to apply 
and the wire begins to stretch permanently. If it is unloaded during 
this stage the wire will not return to its original length but will be 
found to have acquired a permanent set which is measured by the 
distance OS along the extension axis. 


Automatic plotting of the load/extension graph 


Owing to the necessity to reduce the load when a waist occurs the 
simple apparatus of Fig. 146 cannot be used to obtain readings for 
the portion NB of the graph. 

The complete graph can, however, be plotted automatically in a 
few minutes using the apparatus shown in Fig. 148 which is suitable 
for testing wires about 0-5 mm or less in diameter. 

A 50cm length of wire to be tested is clamped, one end to a 
strong spring, and the other end to a nut on a long screwed rod. 
Turning the handle of the screw, tensions and stretches the wire. 

The extension of the previously calibrated spring gives a measure 
of the load applied and this is transmitted by a string passing round 
a pulley to the load cross-slide. A light beam at right angles to the 
cross-slide carries a sliding ball-point pen. Simultaneously, a string 
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Fig. 148. Load/extension apparatus for wires 


passing round pulleys as shown conveys a movement exactly equal 
to the extension of the test wire to the extension cross-slide. This 
carries a beam at right angles to it which pushes the pen along the 
first beam. The pen plots a graph of load against extension ona sheet 
of graph paper beneath. In this way the characteristics of a number 
of different materials may be compared on the same graph paper, 


using pens of different colours. 
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Fig. 149, 4000-tonne forging 
press, worked by oil pressure, at 
the Birmingham works of Alcan 
Industries Ltd. The large forgings 
were produced, in open dies, for 
an aircraft prototype 


Fig. 151. Section through the hub 


of a forged propeller blade show- Fig. 150. Forging a propeller blade at the Birmingham works of Northern 
ing grain flow Aluminium Company 
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Industrial applications of metallurgical studies 


The behaviour of metals and alloys under stress is important 
in connection with the forging of metal components. In this process 
the hot or cold metal is squeezed or hammered into shape instead of 
being cast in a mould (Fig. 149 and 150). 

Fig. 151 shows the crystal grain flow which takes place during a 
forging operation. In this condition the matérial becomes much 
tougher and more resistant to the formation of cracks which would 
lead to ultimate fracture. Examination of the crystal structure and 
behaviour of materials has led to the development of tough alloys 
so vital to human safety as, for example, in aircraft construction. 


QUESTIONS: 13 


1. What do you understand by the Brownian movement? 

With the aid of a diagram describe an experiment to demonstrate it in 
either a liquid or a gas. 

Give a brief explanation in terms of the simple kinetic theory. 

2. What is meant by osmosis and diffusion? 

Describe an experiment to illustrate each of these processes. (L., part qn.) 
3. Describe briefly two quite different experiments which indicate that 
liquid surfaces appear to be in a state of tension. (O.C., part qn.) 
4. Two pieces of clean capillary tubing are placed upright, one in a beaker 
of mercury and the other in a beaker of water. Each tube is pushed well 
down, raised a little and then clamped. Draw sketches to show the liquid 
surfaces inside and outside the tubes. 

Describe another effect due to the force responsible for those shown 
in your sketches. (L., part qn.) 
5. A small amount of water placed on the flat surface of a wax block forms 
into drops, but the same water placed on a clean glass surface spreads 
into a thin film. Give an explanation of this effect in terms of the forces 
between molecules. 

Why is it that a needle may float on clean water but sinks when some 
detergent (wetting agent) is added to the water? (C., part qn.) 
6. Describe an experiment to show that hydrogen or coal gas diffuses 
through the walls of a porous pot more rapidly than air. (L., part qn.) 
7, What features of the behaviour of a substance such as water lead us to 
believe in the existence, between molecules, of both attractive and repulsive 
forces? Why do we believe these forces can be very large compared with 
the force of gravity on a molecule? (O.C., part qn.) 
8. Show graphically the relation between the extension of a wire and the 
load attached to it. Label the axes of your graph and point out the main 
features shown by the curve. (L., part qn.) 
9. The following results were obtained when stretching a copper wire: 


Force 0 O05 10 15 20 25 30 35 40 41 41 


Length 500 500-5 501-0 501-5 502-0 504-0 516-0 525-0 573-0 597-0 610-0 
(mm) 


Plot a graph of load against extension and comment on its main features. 
10. (a) Discuss briefly two pieces of evidence which indicate that there are 
attractive forces between molecules, 

(6) Describe an experiment by means of which an estimate may be 
made of molecular size using a suitable liquid. (0.C.) 
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Men of the Cheshire County Fire 
Brigade at practice. Clad in aluminized 
asbestos suits, they effect a mock 
rescue of a dummy figure from a 
blazing car. 


For several reasons, internal molecular energy which can be made 
available in the form of heat is the most important form of energy 
we have at our disposal. This has already been discussed in chapter 7. 
Without the heat which comes to us from the sun, life on 
earth would soon become extinct. At one stage or another heat 
plays a part in the energy transformations by which we obtain 
electricity, which is the most useful and convenient of all forms of 
energy. 


Thermometers 


We must be careful not to confuse the temperature of an object 
with the heat energy which can be obtained from it. 

The temperature of a substance is a number which expresses its 
degree of hotness on some chosen scale. Thus, the temperature of a 
bucketful of warm water is lower than that of a red-hot poker, but 
the water contains a much larger quantity of internal energy than 
the poker. 

Temperature is measured by means of a thermometer, of which a 
number of different types are available. Some depend on the 
expansion of a liquid when heated; others on the expansion of a 
compound strip of two metals. Most people are familiar with the 
mercury or alcohol thermometers for domestic use. These usually 
have spherical bulbs and are mounted on boxwood or metal scales. 
Laboratory thermometers have cylindrical bulbs for easy insertion 
through holes in corks and have their scales engraved directly on 
the stem. When the bulb is heated the liquid inside expands and the 
temperature is read at the level of the thread in the stem. 

For some industrial purposes thermoelectric thermometers are 
used. These are based on the electric current which is generated when 
a junction of two different metals is heated (Fig. 200). For accurate 
scientific work temperatures are often measured by a platinum re- 
sistance thermometer, This consists of a fine platinum wire contained 
in a silica tube. Temperature changes may be calculated from the 
change in electrical resistance of the platinum. Details of these ther- 
mometers will be found in more advanced textbooks. 
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To construct a mercury thermometer 


One end of a length of clean capillary tubing is heated in a bunsen 
flame until the glass softens and seals the end of the tube. The tube is 
then withdrawn from the flame and a small bulb is blown at the end. 
By repeating this operation the size of the bulb may be increased as 
required. 

The size of bulb needed will depend on two things, the bore of the 
tube and the desired temperature range. Often, in commercial prac- 
tice, bulbs of a correct size are made separately and afterwards fused 
on to the stem. 

The next stage is the filling of the thermometer. It is placed with 
its open end beneath the surface of some mercury in a jar and the 
bulb gently heated. The air inside expands and bubbles through the 
mercury. On cooling, the air contracts and some mercury runs up 
into the bulb. The thermometer is then taken out and the bulb 
heated to boil the mercury. When the mercury vapour has expelled 
all the air the open end is quickly inverted once more in mercury. 
On cooling, the mercury rises and completely fills the bulb and stem. 
Remember that mercury vapour is poisonous, so that all these operations 
ought to be done in a fume chamber. 

The thermometer is now taken out and heated to a temperature 
somewhat higher than the maximum for which it is to be used. 
While at this temperature the end of the stem is rotated in a small 
blowpipe flame, drawn out and sealed off. 

The thermometer is now ready to be graduated. However, owing 
to the heat treatment it has received, the glass goes on contracting 
slowly for a considerable time. It is therefore advisable to put it 
aside for several months before graduation is finally carried out. 


The fixed temperature points 


The principle underlying the graduation of all types of thermo- 
meter is to choose two fixed and easily obtainable temperatures 
called the upper and lower fixed points and then to divide the interval 
between them into a number of equal parts or degrees. 

The upper fixed point is the temperature of steam from water boiling 
under standard atmospheric pressure of 760 mmHg. 

The temperature of the boiling water itself is not used as a fixed 
point for two reasons. First, local overheating may occur, accom- 
panied by “bumping” as the water boils; secondly, any impurities 
which may be present will raise the boiling-point. The temperature 
of the steam just above the water will always be constant, and 
depends only on the barometric pressure at the time. 

The lower fixed point is the temperature of pure melting ice. 

The ice must be pure, since the presence of impurities will lower 
the melting-point. 


Temperature scales 


The difference in temperature between the two fixed points is 
called the fundamental interval (Fig. 152). This is divided into 100 
equal degrees, the ice point being called 0°C and the steam point 
100 °C. This method of subdividing the interval was suggested by a 
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Swedish astronomer named Celsius, and is now called the Celsius 
scale. Temperatures on it are called “degrees Celsius” €@)* 

Another method of subdividing the interval was devised by Manometer 
Fahrenheit of Danzig. On the Fahrenheit scale the ice point is called 
32° and the steam point 212°, so there are 180 degrees in the funda- 
mental interval. These particular figures arose from the fact that 
Fahrenheit did not use the ice and steam fixed points, but chose 
instead the temperatures of (a) an unspecified mixture of ice and salt, 
and (6) the human body, which he called 0° and 96° respectively. 
It so happened that, on this scale, pure ice melts at 32°F and water 
boils at 212°F. The Fahrenheit scale is of historic importance only: Double walls 


it is no longer used in physics. Sian 
exit 
Determination of the upper fixed point inate 
ulb in steam: 
This is done by pushing the thermometer through a hole in a cork at atmospheric 
and placing it inside a double-walled copper vessel called ah Lypsometer pressure Ss 
(Fig. 153). Water is steadily boiled in the lower part of the hypsometer, Boiling water () 


thus keeping the bulb surrounded by pure water vapour at atmospheric 
pressure. For reasons already mentioned, it is important that rhe bulb 
should not be allowed to dip into the boiling water. The thermometer 
is adjusted so that the mercury thread is visible just above the top of 
the cork. When the thread has remained steady for some minutes its 
level is marked on the stem by a light scratch. The double walls 
reduce loss of heat and consequent cooling of the vapour surrounding 
the thermometer, while the manometer seen in the diagram gives 
warning should the pressure inside the hypsometer differ from 
atmospheric pressure. If the barometric pressure at the time is not 
equal to 760 mmHg, then the true boiling-point for the prevailing 
pressure must be ascertained from a table giving the variation of 
boiling-point with pressure. Due allowance is then made when 
marking the stem. 


Fig. 153. Hypsometer (Upper fixed point) 


Pure melting 
ice 


Determination of the lower fixed point 


The thermometer is placed in a glass funnel kept full of pure ice 
shavings, having a beaker underneath to catch the water. The 
mercury thread is allowed to show just above the top of the ice. When 
the level of the thread has remained steady for some time its position 
is marked as before (Fig. 154). Fig. 154. Lower fixed point 


To measure temperatures with the thermometer 


When a Celsius thermometer is graduated in a factory the stem 
between the two fixed points is divided into 100 equal parts by means 
of a special dividing engine. 

This is generally beyond the resources of the ordinary laboratory, 
but the thermometer may still be used to measure an unknown 
temperature if the following procedure is adopted. 

The distance (y) on the stem between the upper and lower fixed 
points is measured and compared with the length (x) of the mercury 

* Actually the Celsius scale as we know it today was first suggested by Linnaeus 


in 1745. Earlier, Celsius used a similar scale in which the ice point was marked 
100° and the steam point 0°, 
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Fig. 156. Six’s thermometer 


thread above the lower fixed point at the unknown temperature @. 
Then 0 => x 100°C 


Note. The Greek letter @ (theta) is the usual symbol for tempera- 
tures in °C. 


The clinical thermometer 


This is a thermometer specially designed for measuring the tem- 
perature of the human body, and so it is only necessary for it to have 
a range of a few degrees on either side of the normal body tempera- 
ture (Fig. 155). The thermometer is generally placed beneath the 

Constriction 


3536 3 0 a a 45 Celsius 
Fig. 155. Clinical thermometer 


patient’s tongue and left there for at least two minutes to ensure that 
it fully acquires the body temperature. When the thermometer is 
taken from the mouth the mercury thread does not contract back into 
the bulb, but remains in the stem. The reason for this is that the 
stem has a narrow constriction in its bore just above the bulb. When 
the thermometer is removed from the mouth the sudden cooling 
and contraction of the mercury in the bulb causes the thread to 
break at the constriction, and so it stays in the stem at its original 
reading. This enables the temperature to be read at leisure. Before 
being used again, the mercury in the stem must be returned to the 
bulb by shaking. 

The average body temperature of a healthy person is taken as 37°C. 


Six's maximum and minimum thermometer 


This thermometer is popular among gardeners for use in green- 
houses. Its purpose is to record the maximum and minimum tempera- 
tures reached since the thermometer was last read. General speaking, 
a minimum temperature occurs during the night and a maximum 
during the day. 

Invented by James Six towards the end of the eighteenth century, 
the thermometer consists of a fairly large cylindrical bulb A which 
originally contained alcohol, although oil of creosote is now more 
generally used. This is connected by a U-shaped stem to a second bulb 
nearly full of the same liquid (Fig. 156). The bend of the U contains 
a thread of mercury. Two scales are provided, one against each limb 
of the tube so that the temperature may be read against either of the 
mercury levels. Resting on each of the mercury surfaces are small 
steel indexes provided with light springs to hold them in position in 
the stem. Expansion or contraction of the liquid in A causes a move- 
ment of the mercury thread. Consequently, one or other index is 
pushed forward by the mercury and left in the extreme position 
reached. Thus, the lower end of the index on the left indicates the 
minimum and that on the right the maximum temperature attained. 

After readings have been taken a small magnet is used to bring the 
indexes back into contact with the mercury. 
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Choice of liquid for thermometers 


Whether mercury or alcohol is used in a thermometer depends on 
the range over which temperature is to be measured. Mercury freezes 
at —39°C and boils at 357°C, while alcohol freezes at —115°C. It is 
therefore essential to use alcohol thermometers in places such as 
northern Canada and Russia, where winter temperatures of —40°C 
are not uncommon. Alcohol also possesses the advantage of having 
a coefficient of expansion about six times that of mercury. 

Apart from these advantages, mercury is to be preferred to alcohol 
as a thermometric liquid for the following reasons: 


(1) It does not wet glass. Alcohol tends to cling to the wall of the 
tube, and this leads to low readings when the thread is falling. 

(2) It does not, like alcohol, vaporize and distil on to the upper 
part of the bore. 

(3) Itis opaque and easily seen, whereas alcohol has to be coloured. 

(4) It is a better conductor of heat than alcohol, and therefore 
responds more rapidly to changes of temperature. 


For extra low-temperature work (down to —200°C) pentane is 
used instead of alcohol. Water is unsuitable for use in thermometers, 
not only because it freezes at 0 °C but also because of its irregular 
expansion (see page 179). 


Use of the symbol, °C, to represent temperature range and 
specific temperature. 


In this book we have adopted the recommendations of the General 
Conference of Weights and Measures, the International Organiza- 
tion for Standardization and the Association for Science Education 
recommendations on SI units in using the symbol, °C, to represent 
not only a range of temperature but also a specific point on the 
temperature scale. 

Previously the symbol, deg C, was commonly used to mean a range 
in temperature. When using °C one should be quite clear in one’s mind 
as to whether it refers to a range of temperature or to a specific point 
on the scale. 


QUESTIONS: 14 


1. List the advantages and disadvantages of mercury and alcohol as 
thermometric liquids. 

The ice and steam points on an ungraduated thermometer are found to 
be 192 mm apart. What temperature is recorded in °C when the length of 
the mercury thread is 67-2 mm above the ice point mark. 

2. Why are fixed points necessary in order to establish a thermometer 
scale? Define those usually employed and describe how you would deter- 
mine whether they are marked correctly on a given mercury thermometer. 

A thermometer is found to indicate —0-5° at the lower fixed point and 
100-5° at the upper one. What does this thermometer read when the true 
temperature is 600°C? 

Mention one advantage and one disadvantage of an alcohol thermometer 
as compared with a mercury thermometer. (L.) 
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3. State three good reasons why water is considered unsuitable for use in 
thermometers. 

Give a labelled diagram of a clinical thermometer and explain its action. 

(L., part qn.) 

4. Criticize the action of a nurse who attempted to sterilise a clinical 
thermometer in boiling water. (S.) 
5. Describe with the aid of a clear diagram, the construction and action 
of a combined maximum and minimum thermometer. (W., part qn.) 
6. Given that 32°F = 0°C and 212°F = 100°C, draw a straight-line 
graph for converting °F to °C over the range 0°F to 220 °F. Find from your 
graph: (a) 60°C in °F; (6) 60°F in °C. 
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With few exceptions, substances expand when heated, and very large 
forces may be set up if there is an obstruction to the free movement 
of the expanding or contracting bodies. 

If concrete road surfiices were laid down in one continuous piece 
cracks would appear owing to expansion and contraction brought 
about by the difference between summer and winter temperatures, 
To avoid this, the surface is laid in small sections, each one being 
separated from the next by a small gap which is filled in with a com- 
pound of pitch. On a hot summer day, expansion often squeezes this 
material out of the joints. 

In the older methods of laying railway tracks gaps have to be left 
between successive lengths of rail to allow for expansion. Even when 
such gaps have been left the rails may sometimes “creep” and close 
up the gaps. If this happens a rise in temperature may lead to 
buckling of the track (see Fig. 157). Free movement at the rail 
joints is allowed for by making the bolt holes slotted as shown in 
Fig. 158. 

In modern practice, however, railway lines are welded together to 
form long, continuous lengths. With this method, it is only the last 


Fig. 157. Railway lines distorted 
by expansion during hot weather. 
This condition is brought about by 


fifty to one hundred metres of any length which show expansion, mechanical and thermal creep 
usually of a few centimetres. This movement is taken up by planing which closes the gaps left be- 
the ends of the rails and overlapping them as shown in Fig. 159. tween rail sections 


The remainder of the rails are unable to expand and so the forces set 
up develop internal potential energy in the metal. To keep this in- 
ternal energy to a minimum, it is best to lay the track at a time when Rail 
the temperature is midway between the summer and winter averages. 
This technique has been made possible by the use of concrete sleepers ©) ©) © © 
and improved methods of fixing the rails so that the track may with- 
stand the thermal stresses set up in it without buckling. 

Allowance also has to be made for the expansion of bridges and the 
roofs of buildings made of steel girders. Various methods are used to 
overcome the difficulty, a common one being to have one end only of Rail 
the structure fixed while the other rests on rollers. Free movement is 
thus permitted in both directions. Seneca 

Over a very long period of years, expansion and contraction causes 
“creeping” of lead on the sloping roofs of buildings. Fig. 160 shows t == 
a portion of the roof of Westminster Abbey before it was repaired in Fig. 158, Expansion joint 


Fishplate 


Fig. 160. Damage to the lead on 
the roof of Westminster Abbey 
prior to its restoration in 1954. 
Thermal creep of this kind occurs 
when large sheets of lead are 
used on a steeply hipped roof 


1954. When heated by the sun, the lead expands and tends to move 
down the roof under its own weight. On cooling and contracting, the 
force of contraction is opposed by the weight of the lead and friction 
between it and the roof planking. This sets up a strain in the lead and 
gives it a very slight permanent stretch. After many years the lead 
stretches more and more, and eventually it forms into folds and may 
even break. 

This trouble has been aggravated by the all too common practice in 
the past of using lead in very large sheets. When restorations are 


Fig. 159. Overlapping joint to allow for expansion on continuous welded 
rails 


carried out it is now usual to replace the lead in much smaller 
sections. 


Useful applications of thermal expansion 


Although expansion can be troublesome, it often proves very 
useful. 

The wheels of rolling-stock, particularly the large driving wheels of 
locomotives, are fitted with steel tyres, which have to be renewed 
from time to time owing to wear. To ensure a tight fit the tyre is made 
slightly smaller in diameter than the wheel. Before being fitted the 
tyre is heated uniformly by special gas burners arranged in a ring. The 
resulting expansion enables the tyre to be slipped easily over the 
wheel, and on cooling it contracts and makes a tight fit. 

The force of contraction when hot metal cools is also utilized in 
riveting together the steel plates and girders used in shipbuilding and 
other constructional work. The rivets are first made hot. This softens 
them so that they are easily burred into a head by pneumatic ham- 
mers, and their contraction on cooling serves to pull the plates tightly 
together. 
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Expansion of various substances 


When rods of the same length but of different substances are 
heated through the same range of temperature, experiment shows 
that their expansions are not equal. Brass, for example, expands 
about one and a half times as much as steel; aluminium expands 
about twice as much as steel. An alloy of steel and nickel known as 
invar has an exceptionally small expansion when its temperature 
rises, and is used in watches and thermostats. Glass has a smaller 
expansion than iron, Fused silica and Pyrex glass have very low 
expansions, 


The bimetallic strip 


The difference in the expansion of brass and iron may be shown by 
riveting together a strip of brass and an equal strip of iron (Fig. 161). 
On heating this bimetallic strip it bends so that the brass is on the 
outside of the curve. The brass thus becomes longer than the iron, 
showing that it expands more than iron for the same temperature 
change. 

The bimetallic strip has many useful applications, of which one of 
the most important is the electric thermostat. A thermostat is a device 
for maintaining a steady temperature. Fig. 162 shows the principle of 
a thermostat used for controlling the temperature of a room warmed 
by an electric heater. The heater circuit is completed through the two 
silver contacts of the thermostat, one of which is attached to a metal 
strip S and the other to a bimetallic strip M. If the room becomes too 
warm the bimetallic strip bends, separates the contacts and cuts off 
the current. On cooling, contact is remade and the heater switched on 
again. The temperature at which the contacts open is controlled by 
a screw which presses against an insulating sleeve on the strip S. If S 
is moved to the left the bimetallic strip will have to bend further 
before the contacts open, and so a higher temperature will be main- 
tained in the room. 

Thermostats working on the bimetal principle are also used to con- 
trol the temperature of laundry irons, hot-water storage tanks, 
aquaria for tropical fish and for many other purposes. 

Fig. 163 shows how a strip of bimetal is used in an automatic 
flashing unit suitable for direction indicator lamps on motor cars or 
for electric advertising signs. When the switch is closed current passes 
through a heating coil wound round a bimetallic strip. The heating 
coil is in series with the lamp, but owing to the resistance of the 
heating coil the current which flows in the circuit is insufficient to 
light the lamp. It is, however, sufficient to warm the strip, which 
bends upwards and closes the contacts shown. This shorts out the 
heating coil and applies the full voltage to the lamp through the 
bimetallic strip itself. The lamp therefore lights up and the strip 
immediately starts to cool. After a short interval the contacts open 
and the cycle is repeated. 

Fig. 164 shows the principle of the bimetallic thermometer. One 
end of a thin bimetallic spiral is fixed, the other end being attached 
to the spindle of a pointer which moves over a scale of degrees. The 
metals used are brass and invar, and the spiral tends to curl in a 
clockwise direction as the temperature rises. For simplicity, the coil 
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Fig. 164. Bimetallic thermometer 


in the diagram is shown as a flat spiral, but in practice it is much 
longer than is shown and is wound in a cylindrical form. 


To measure the coefficient of linear expansion of a metal 


We have seen that various substances do not expand equally when 
their temperatures are raised. Their properties in this respect are 
expressed by the coefficient of linear expansion, which is defined as 
follows. 

The coefficient of linear expansion of a substance is the fraction of 
its original length by which a rod of the substance expands per degree 
rise in temperature. 

Various forms of apparatus are available for measuring the co- 
efficient of linear expansion of a substance. One of these is shown in 
Fig. 165. The length of a metal rod, about 50 cm long, is carefully 
measured with a metre rule and then enclosed in a steam jacket, be- 
tween a fixed stop S and a micrometer M. Before passing steam the 
rod is pushed against the stop S and the micrometer screw advanced 
until it just touches the end of the rod. The micrometer reading is 
recorded and also the temperature of the rod is noted from a 
thermometer placed inside the jacket. 


Steam in 
i Jacket Brass rod 


Thermometer 


Fig. 165. Measurement of thermal expansion 


The micrometer is then unscrewed several turns and a current of 
steam from a boiler passed through the jacket for some minutes. The 
micrometer is once more adjusted until it again touches the end of the 
rod and its new reading taken. As a precaution, the micrometer 
should be unscrewed again and the steam flow continued for a further 
few minutes. A final reading of the micrometer will make certain 
whether or not the rod had fully acquired the steam temperature in 
the first instance. Lastly, the temperature of the steam is noted. A 
typical set of readings for this experiment, in the case of a brass rod, 
is given below. 

(See reference to use of the symbol, °C, on page 169.) 


Original length of brass rod 
Initial temperature of rod 
Final temperature of rod 
Ist micrometer reading 

2nd micrometer reading 
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Calculation 
Rise in temperature of rod = 99-5 — 16-6 = 82:9°C 
Expansion of rod = 427 — 3-48 = 0-79 mm 
= 0:079 cm 
‘ ; A expansion 
Coefficient of linear expansion original length x rise in temp. 
-. coefficient of linear expan- _ __ 0-079 
sion of brass ~ 50:2 x 82:9 
= 0-000 019/°C 


The table below gives the values of the coefficients for a number of 
different substances. 


Coefficients of linear expansion (range 0-100°C) 


Iron 0-000 012/°C 
Brass 0-000 019 
Aluminium 0-000 026 
Invar 0-000 001 
Glass 0-000 008 5 
Silica 0-000 000 42 
Concrete 0-000 O11 


Compensation for expansion in clocks and watches 


When pendulum clocks first came into general use in the eighteenth 
century it was found that they lost time during warm weather owing 
to expansion of the pendulum. Various methods were therefore 
devised to compensate for this, and two of historic interest are shown 
in Fig. 166. 

The mercurial pendulum invented by George Graham consists of 
a cylindrical glass vessel of mercury supported by an iron rod. The 
depth of mercury is adjusted so that the downward expansion of the 
rod is exactly compensated by the upward expansion of the mercury. 

John Harrison’s “gridiron” pendulum depends on the differential 
expansion of a set of brass and iron rods. Now the coefficients of 
expansion of brass and iron are approximately in the ratio of 3 to 2. 
In the gridiron pendulum it is arranged that three lengths of iron 
expand so as to lower the bob, while two lengths of brass expand so 
as to raise it. The net result is that the position of the bob remains 
unaltered as the temperature changes. 

Watches are controlled by a balance, which is a small wheel with 
a heavy rim, oscillating to and fro under the action of a hairspring. 
An increase in temperature causes the watch to lose time for two 
reasons. It increases the diameter of the wheel and weakens the 
elasticity of the hairspring. Compensation is effected by making the 
rim of the wheel of bimetallic strip and dividing it into two portions 
as shown in Fig. 167. A rise in temperature causes the strip to bend 
inwards, which compensates both for the outward expansion of the 
spokes and the reduced elasticity of the hairspring. 


Thermal expansion in the kitchen 


Most people know that hot water should never be poured into thick 
glass tumblers or dishes, since they are liable to crack. Glass is a poor 
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conductor of heat, so that when hot liquid is poured into the glass the 
inside becomes hot while the outside remains cold. Expansion of the 
inside thus sets up a strain which cracks the glass. 

Very often, cold jam-jars will crack when hot jam is poured into 
them. However, this may be prevented if the jars are first heated 
slowly in a warm oven before filling them. 

Special glassware and ceramics of low coefficient of expansion are 
obtainable for kitchen and laboratory use. Pyrex and Pyrosil are 
examples. Even when very hot, dishes or beakers made of these 
materials may be plunged into cold water without cracking. 


How to remove a tight glass stopper 


Glass stoppers in bottles often become tightly fixed, and attempts 
to remove them by force generally result in breakage. The following 
treatment is invariably successful. 

Two pairs of hands are required. One person holds the bottle 
firmly on the table, while another rapidly pulls to and fro a strip of 
cloth which has been wrapped once round the neck of the bottle. 
Work done against friction between cloth and glass becomes con- 
verted into internal energy in the glass. This raises the temperature 
and causes the neck to expand sufficiently for the stopper to be with- 
drawn easily. 


The gas thermostat 


Oven temperature control in a gas-cooker is effected by utilizing 
the exceedingly low thermal expansion of invar, an alloy of steel with 
36 per cent of nickel. From the table on page 175 it will be seen that 
invar expands by only one-millionth of its length per °C rise in 
temperature. 

The flow of gas to the oven burners passes through a valve A having 
an invar stem. This stem is attached to the closed end of a brass tube 
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Fig. 168. Gas thermostat 


projecting into the top of the oven (Fig. 168). When the burners are 
lit the oven begins to warm up and the brass tube expands. The 
expansion of the invar is negligible, and so it moves to the left, 
partially closing the valve opening and reducing the gas flow. Should 
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the temperature of the oven fall, the brass tube contracts and the 
invar rod moves to the right, thus increasing the gas supply. The 
thermostat is provided with a rotating knob, not shown in the dia- 
gram, which varies the minimum opening of the valve and so controls 
the steady temperature to be maintained. 


Equation for expansion 


Suppose we let /, be the original length of a rod of material and « 
its coefficient of linear expansion. 

For a rise in temperature of @ the expansion is /,«0 

The new length, /, = original length + expansion 


ie, h=h+ha8 
or 1,=1,(1 + a8) 


Expansion in area and volume 


Corresponding with the equation above, we have similar equations 
to give the new area and volume when thermal expansion takes place. 


Thus, A, = A,(1 + B6) 
and V,= Vi(1 + 8) 


where A, and A,, and V, and V, represent the areas and volumes 
before and after a temperature rise of @ and 8 and y the coefficients 
of superficial (or areal) and cubical expansion respectively. 


EXPANSION OF LIQUIDS 


We have already seen that liquids expand, in connection with our 
study of liquid-in-glass thermometers. The expansion of a liquid may 
be shown by means of a flask fitted with a rubber bung and a length 
of glass tubing (Fig. 169). The flask is filled with water or other liquid 
and the bung pushed in until the level of the liquid comes a short 
distance up the tube. On plunging the flask into a can of hot water it 
is noticed that the level of the liquid at first falls slightly and then 
starts to rise steadily. The initial fall in level is caused by the ex- 
pansion of the glass which becomes heated and expands before the 
heat has had time to be conducted through the glass into the liquid. 


To compare the expansions of various liquids 


Different liquids have different thermal expansions. To demonstrate 
this, several fairly large glass bulbs with glass stems are filled to a 
short distance above the bulb with various liquids (Fig. 170). In order 
to make a fair comparison, the bulbs and stems must all be of the 
same size. The bulbs are immersed in a metal trough containing cold 
water and left until they have reached a steady temperature. A little 
extra liquid should now be added, where necessary, to make all levels 
the same. The bath is now heated and well stirred to ensure a uni- 
form temperature. When the bulbs and their contents have acquired 
the new temperature of the bath it will be seen that the liquid levels 
have risen by different amounts. Thus, for a given rise in temperature, 
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Liquid level first 
falls then rises 
when flask is 
plunged into hot 
woter 


Fig. 169. Expansion of a liquid 
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Fig. 170, Comparison of expansion 


equal volumes of different liquids show different expansions in 
volume. 


Real and apparent expansion of a liquid 


Unlike solids, liquids have no fixed length or surface area but 
always take up the shape of the containing vessel. Therefore, in the 
case of liquids we are concerned only with volume changes when they 
are heated. 

The coefficient of real (or absolute) expansion of a liquid is the frac- 
tion of its volume by which it expands per degree rise in temperature. 

Any attempt at direct measurement of the expansion of a liquid is 
complicated by the fact that the containing vessel itself expands. 
However, since liquids must always be kept in some kind of vessel, it 
is just as useful to know the apparent expansion of a liquid, which is 
the difference between its real expansion and the expansion of the 
vessel. 

The coefficient of apparent expansion of a liquid is the fraction of its 
volume by which the liquid appears to expand per degree rise in 
temperature when heated in an expansible vessel. 

In this book we shall not be concerned with methods of measuring 
these coefficients. 


Density related to coefficient of expansion 


When a fixed mass of substance expands, the increase in volume 
will bring about a decrease in density. This principle applies to all 
substances, but has a special application to liquids. Liquids have no 
fixed length or surface area but take up the shape of their containing 
vessel. In such cases we are concerned only with the coefficient of 
cubical expansion. 
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Suppose we take a mass, m, of a substance whose coefficient of 
cubical expansion is y. If the initial volume is V,, and the temperature 
is raised by @, then the new volume V; is given by (page 177), 


V,z=V; (1 + 78) 
Now, mass = density x volume 


hence, if the initial and final densities are p, and p, respectively, then 
since the mass remains constant, 


m= pV, = prb2 
pV Vi 
This relationship is used to measure the coefficient of cubical ex- 


pansion of a liquid in terms of its density at two different tempera- 
tures, of which details will be found in more advanced textbooks. 


” The unusual expansion of water 


Some substances do not always expand when heated. Over certain 
temperature ranges they contract. Water is an outstanding example. 

If we take some water at 0°C and begin to heat it the water con- 
tracts instead of expanding over the temperature range 0 to 4°C. Its 
behaviour is said to be anomalous. At about 4°C the water reaches 
its smallest volume, and this means that its density is now a maxi- 
mum. If we continue to raise the temperature the water expands 
(Fig. 171). 

The volume changes described above may be demonstrated by 
means of a compensated volume dilatometer. This is a glass bulb with 
a stem attached and containing a quantity of mercury equal to 
one-seventh of the volume of the bulb. A thermometer is fused into 
the bulb and the rest of the space is filled up with water (Fig. 172). 

The mercury compensates for the expansion of the glass. The 
coefficient of cubical expansion of glass is about one-seventh that of 
mercury, and so any increase in volume of the glass bulb when it is 
heated will be exactly cancelled out by the equal expansion of the 
mercury inside it. The volume of the remaining space will, therefore, 
keep constant as the temperature changes. Hence, if this remaining 
space is filled with water any movement of the water up the stem 
when the temperature is raised will represent the real and not the 
apparent expansion of the water. 

The dilatometer is placed in melting ice and left until the water- 
level in the stem becomes steady. It is then taken out and allowed to 
warm up slowly while readings of temperature and water-level are 
taken at suitable intervals. Between 0 and 4°C the level progressively 
falls showing a contraction in volume, but after this it begins to rise. 

One disadvantage of the above method is the difficulty of ensuring 
uniformity of temperature throughout the water, since it is not 
possible to stir it. 


Density changes in water 


The density changes which occur when a piece of ice at —10°C is 
gradually heated up to 100°C are shown in Fig. 173. The maximum 
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Variation of water volume 
with temperature 
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Fig. 171. 
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(4 vol.) 
Fig. 172. Compensated dilatometer 
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Fig. 173. 


density region on this graph should be compared with the corres- 
ponding volume changes shown in Fig. 171. 


Biological importance of the anomalous expansion of 
water 


The peculiar expansion of water has an important bearing on the 
preservation of aquatic life during very cold weather (Fig. 174). As 
the temperature of a pond or lake falls, the water contracts, becomes 
denser and sinks. A circulation is thus set up until all the water reaches 


Fig. 174. Temperatures in an ice-covered pond 


its maximum density at 4 °C. If further cooling occurs any water below 
4°C will stay at the top owing to its lighter density. In due course, ice 
forms on the top of the water, and after this the lower layers of water 
at 4°C can lose heat only by conduction (see chapter 17). Only very 
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shallow water is thus liable to freeze solid. In deeper water there will 
always be water beneath the ice in which fish and other creatures can 
live. 


QUESTIONS: 15 


1. Define coefficient of linear expansion, and describe how you would 
measure the value of this quantity for a specimen of metal in the form of a 
rod or tube. 

Describe one practical application where advantage is taken of expansion 
(or of differences in the expansions of different metals), and one practical 
case in which expansion is a nuisance. (0.) 


2. Define coefficient of linear expansion. 

Describe briefly two experiments, one to demonstrate the expansion of 
a solid when heated, and the other to demonstrate that two different 
metals possess different coefficients of expansion. 

Draw a diagram of a useful device which involves the expansion of 
two different metals and indicate how the device works. Make clear which 
metal has the greater coefficient of expansion. 

Calculate the expansion of 15 m of copper pipe when heated from 5°C 
to 60 °C, if the coefficient of linear expansion of copper is 0-000 017/°C 

(C) 
3. A compound strip of brass and iron, is straight at room temperature. 
Give a labelled diagram to show its appearance when it is heated. Describe 
one use of such a strip. 

A compound strip of brass and iron 10 cm long at 20°C is held hori- 
zontally with the iron uppermost. When heated from below with a bunsen, 
the temperature of the brass is 820°C and of the iron 770°C. Calculate 
the difference in lengths of the iron and the brass. (Coefficient of linear 
expansion of brass = 0-000 019/°C; of iron = 0-000 012/°C.) 

(L., part qn.) 
4, An iron tyre of diameter 50 cm at 15°C is to be shrunk on to a wheel of 
diameter 50-35 cm. To what temperature must the tyre be heated so that it 
will slip over the wheel with a radial gap of 0-5 mm? (Coefficient of linear 
expansion of iron = 0:000 012/°C.) (O.C., part qn.) 
5. Define coefficient of linear expansion. 

Describe how you would find by experiment the coefficient of linear 
expansion of a metal in the form of a rod or tube. State the precautions 
you would take and explain your calculations. 

A metal rod has a length of 100 cm at 200°C. At what temperature will 
its length be 99-4 cm if the coefficient of linear expansion of the material 
of the rod is 0-000 02/°C. 

Name and describe briefly one use of the different expansions of metals. 

(A.E.B.) 


6. A square metal plate, each side 100 cm long at 0°C, has a circular hole 
of diameter 40 cm in the middle of it. At what temperature will the sides 
be 101 cm long, and what will then be the diameter of the hole? (Coeffi- 
cient of linear expansion of the metal = 0-000 012 5/°C.) _ (C., part qn.) 


7. What is meant by the statement that the coefficient of linear expansion 
of brass is 0-000 018/°C? Give a detailed account of an experiment to 
verify it. 

The internal diameter of a brass ring is 15-94 cm and the diameter of a 
wheel is 16-00 cm, both measured at the same temperature. Find the 
smallest rise in temperature through which the brass ring must be heated 
in order that it may just slip on to the wheel. (L.) 
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8. State whether each of the following characteristics of an aluminium 
washer increases, decreases, or remains unchanged when the washer is 
heated: (a) internal diameter; (6) volume; (c) mass; (d) density. CC 


9. Explain the construction and mode of action of a compensated pendulum. 
The difference in length between a brass and an iron rod is 14 cm at 
10°C. What must be the length of the iron for this difference to remain at 


14 cm when both rods are heated to 100°C? (Coefficient of linear expan- 
sion of brass = 19 x 10~§/°C; of iron = 12 x 10-°/°C) (0.C.) 
10. The coefficient of linear expansion of iron = 0-000 012/°C. Explain the 
meaning of this statement, and devise an experimental method for 
measuring the temperature of a large oven using this property of iron. 
An iron rod is 100 cm long at 0°C. What must be the length of an alu- 
minium rod at 0°C if the difference between the lengths of the two rods 
is to be the same at all temperatures? (Coefficient of linear expansion of 
aluminium = 0-000 024/°C.) (S.) 
11. Some thick glass vessels crack when a hot liquid is poured into them. 
Why do the following not crack when so treated: (i) thin glass beakers; 
(ii) thick jars made of certain kinds of glass? (O.C., part qn.) 
12. Show how suitable combinations of two metals of different coefficients 
of expansion can be used: (a) to operate a thermostat; (6) to make a clock 
pendulum whose period of swing does not alter with temperature. 
(O., part qn.) 
13. A steel tape of correct length at 15-0°C is used to measure distance on a 
day when the temperature is 10:0°C. Is the result too large or too small? 
If the coefficient of linear expansion of steel is 11-0 x 10~§/°C, what is 
the error in measuring a distance of 20 m? (O.C., part qn.) 
14. Make a labelled diagram of an experiment to show that alcohol 
expands more than an equal volume of water, for the same rise in 
temperature. (S.) 
15. Indicate on a graph how the volume of a given mass of water changes 
with temperature when it is heated from the freezing-point to the boiling- 
point. What information does the graph give of the variation of the density 
of water with temperature. (L., part qn.) 
16. How does the density of water change as the temperature is lowered 
from, say, 15°C to freezing-point? 
Describe an experiment in support of your answer and illustrate the 
account by a diagram and a graph. 
How would you expect the temperature of the water in a deep pond to 
vary with distance below the surface during a long period of hard frost. 
(0.C.) 
17. A flask filled with liquid at room temperature is sealed with a bung 
fitted with a length of open glass tubing, so that the level of the liquid 
appears a short distance up the tube. The flask is held upright and is then 
plunged into a beaker containing hot water. Describe and account for 
what is observed. 
Why is mercury used in thermometers and water is never used? 
(L., part qn.) 


Galileo’s air thermometer 


The thermal expansion of air was first put to practical use in 1592 
by Galileo Galilei, who used it as a crude method of indicating tem- 
perature changes. Galileo’s air thermometer consisted of a glass bulb 
about the size of a hen’s egg attached to a long, thin tube which 
dipped into a vessel of water. 

A model of this thermometer may easily be made by fitting a glass 
flask with a rubber bung and a length of glass quill tubing. This is set 
up vertically with the end of the tube below the surface of some water 
in a vessel (Fig. 175). On placing a warm hand over the flask, the air 
inside becomes heated and expands. Bubbles are seen to emerge from 
the lower end of the tube and, when the hand is removed, the air in 
the flask contracts and the water rises in the tube. Subsequent changes 
of temperature will cause the water either to rise or fall in the tube. 
Galileo attached a scale to his instrument and marked it in degrees, 
but he made no attempt to standardize the scale by the use of fixed 
temperature points. 

An air thermometer of this type has a very serious fault. Its read- 
ings are affected by changes in atmospheric pressure as well as by 
temperature. This defect was pointed out in 1665 by Robert Boyle, 
who had recently made a study of the way in which the volume of a 
gas alters with pressure when its temperature is kept constant. 

Experiments to measure the thermal expansion of a gas are, there- 
fore, bound to be complicated by the fact that the volume can be 
altered by a change in pressure as well as by a change in temperature. 
This difficulty does not arise in the case of solids or liquids, as these 
are very much less compressible. 

In order to make a full study of the behaviour of a gas as regards 
volume, temperature and pressure, three separate experiments have 
to be carried out to investigate respectively: 


(1) the relation between volume and pressure at constant tempera- 
ture (Boyle’s law); 

(2) the relation between volume and temperature at constant 
pressure (Charles’s law); 

(3) the relation between pressure and temperature at constant 
volume (Pressure law). 


Fig. 175. Model of Galileo's air 
thermometer 
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Robert Boyle’s work on air 


The law relating the volume and pressure of a fixed mass of air 
kept at constant temperature was first investigated experimentally by 
Robert Boyle about the middle of the seventeenth century. In the first 
instance he used a glass tube in the form of a letter J having its 
shorter arm closed. Mercury was added so as to trap air in the short 
arm and the quantity of air adjusted so that the levels were the same 
on both sides. More mercury was then poured in until the difference 
in levels was equal to the barometric height (about 760 mmHg). 


760 mm of 
mercury 


(a) (b) 
Fig. 176. Robert Boyle's experiments 


Having thus doubled the pressure, it was noticed that the volume of 
the air had been halved (Fig. 176 (a)). This kind of relationship is 
called inverse proportion. 


Expressed mathematically, volume oc 


pressure 
or Vo ~ 
P 
It follows that V = constant x ; 
or pV = constant 


Altogether, Boyle took about twenty-five pairs of readings for 
different pressures and volumes and found that they were in very 
close agreement with the above equation. 

The pressure was found by adding the difference in the mercury 
levels to the barometric height. The volume was taken as being pro- 
portional to the length of the air column in the closed tube. 

The J-tube, of course, gave only readings for pressures above at- 
mospheric. For lower pressures he used a straight tube closed at its 
upper end and dipping into a long jar of mercury (Fig. 176 (b)). This 
was raised to various heights out of the mercury and the pressure 
found by subtracting the difference in mercury levels, 4 in mm, from 
the barometric height. 

Later experiments showed that all the so-called permanent gases 
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behave in the same way as air, and so the result may be expressed as 
a universal law. 


Boyle’s law 


The volume of a fixed mass of gas is inversely proportional to the 
pressure, provided the temperature remains constant. 


To verify Boyle's law for air 


Fig. 177 illustrates a modern method of verifying Boyle’s law for 
pressures both above and below atmospheric. Nowadays we have the 
advantage of flexible tubing which was not available in the seven- 
teenth century. The apparatus consists of a burette B connected by a 
length of rubber or plastic tubing to a glass reservoir containing 
mercury. 

It is first necessary to remove any water vapour which may be 
present with the air in the burette. The tap 7 is opened and the 
reservoir raised until the burette is full of mercury. A calcium 
chloride drying tube is attached to the tap and the reservoir lowered 
until the burette is about half full of dry air. The tap is then closed 
and the drying tube removed. 

Starting with the reservoir A in its lowest position, the volume V, 
in cm*, of air in the burette is noted together with the readings.of the 
mercury levels A and B on a vertical millimetre scale. The reservoir 
is then raised a few centimetres at a time and a series of such readings 
obtained. 

Now, if the volume of a gas is altered, the temperature will change. 
It is therefore necessary to wait a short while after each adjustment of 
the reservoir in order to give the air time to revert to room tempera- 
ture (see under Temperature rise resulting from compression, 
page 217). 

The atmospheric pressure H, in mmHg, is read from a Fortin 
barometer. If the difference in the mercury levels is # in mm, then 
the absolute pressure of the enclosed air is given by p = (H + h) 
when A is above B and p = (H — h) when A is below B. 

All the measurements made should be entered in a table as shown. 


Barometric height = H = mmHg 
Pressure p = 1 
Volume | Level A | Level B h Hth Perro 
V (cm’)| (mm) (mm) (mm) | (mmHg) Pp 


Provided the room temperature has remained constant during the 
experiment, the results should show that pV = constant. 


Graphical treatment of results 

In mathematics the equation y = mx gives a straight line through 
the origin when y is plotted against x on graph paper. In this equation 
m is a constant and a series of values of y are calculated by giving 
various values to x. 
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Fig. 177. Boyle's law apparatus 
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Vp 
Fig. 178. 


Now, if both sides of the equation, pV = c, are divided by p it will 
be converted into an equation of the form y = mx. 


Thus, 4 


ll 

° 

x 
Ble 


Here, V is the dependent variable (corresponding with y) ade is the 


independent variable (corresponding with x). The constant ¢ plays 
the same part as m. 
Hence, if Boyle’s law is true we ought to get a straight line through 


the origin by plotting V against ; (see Fig. 178). 


Note. In more simple forms of the apparatus shown in Fig. 177 
the graduated burette is replaced by a plain closed tube of uniform 
cross-section. In such cases the volume of the enclosed gas is taken as 
being proportional to the /ength of the air column. 


Coefficient of expansion of a gas at constant pressure 


It may be remembered that when the coefficient of linear expansion 
ofa solid was defined on page 174 it was not specified that the original 
length of the rod of material should be measured at 0°C. Owing to the 
smallness of the linear expansion of most substances, it makes very 
little difference to the result obtained for the coefficient whether we 
start with the rod at 0°C or at ordinary temperature. 

In the case of a gas, however, the situation is different. The ex- 
pansion of gases is very much larger than that of solids, and conse- 
quently the value of the coefficient of expansion obtained will depend 
on the starting temperature. Hence, in order to make a satisfactory 
comparison between different gases, the coefficient is always calculated 
in terms of an original volume at 0°C. The volume coefficient of ex- 
pansion of a gas is thus defined as follows: 

The coefficient of expansion of a gas at constant pressure is the 
fraction of its volume at 0°C by which the volume of a fixed mass of gas 
expands per °C rise in temperature. 


To measure the coefficient of expansion of a gas at 
constant pressure 


One of several different forms of apparatus available for this ex- 
periment is illustrated in Fig. 179. 

A quantity of dry air is contained in a glass bulb B, which forms 
part of a U-tube graduated to read volume in cm®. A straight tube 
leading from the bend of the U-tube is connected to a mercury 
reservoir by a length of rubber tubing. The temperature of the air is 
controlled by a water bath which may be heated either by an electric 
immersion heater or else by passing in steam. 

Dry air is introduced into the apparatus by the same method as 
that used for the Boyle’s law apparatus (page 185). Starting with cold 
water in the bath, the reservoir is adjusted until the mercury levels in 
both sides of the U-tube are the same. The enclosed air will then be at 
atmospheric pressure. Having noted the volume of the air and the 
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temperature, the water is then stirred continuously and its tempera- 
ture raised in steps of about 10 degrees at a time. 

At each stage the reservoir is readjusted to equalize the mercury 
levels and the volume and temperature recorded, after allowing 
sufficient time for the air to acquire the temperature of the water. 

Provided the atmospheric pressure remains constant, the change 
in volume of the air will be due to temperature only. The expan- 
sion of the glass introduces a slight error, but owing to the fact 


Thermometer 


— Stirrer 


>~—Mercury surfaces all at 
same level when volume 
readings are taken 


Fig. 179. Charles's law apparatus 


that this is small compared with the expansion of the air it may be 
neglected. 

From the results obtained, a graph of volume against temperature 
is plotted (Fig. 180). The graph is found to be practically a straight 
line, showing that the air expands uniformly with temperature as 
measured on the mercury thermometer. If the graph is produced 
backwards it cuts the volume axis at a point which gives the volume 
which the air would have at 0°C. Similarly, by producing the graph 
in the opposite direction the volume of the air at temperatures of 
100°C or more may be obtained. Producing a graph in this way is 
called extrapolation. 

The simplest way of calculating the volume coefficient of expan- 
sion, a, is to read from the graph the volumes of the air Vo and 


*) 


Volume (cr 


Temperature (°C) 
Fig. 180. 
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Vioo at 0°C and 100°C respectively and to substitute in the equation, 


change in volume 
volume at 0°C x change in temperature 


Le: z= 


The value obtained is approximately 345 or 0-003 66/°C and, 
moreover, practically the same result is obtained for all gases. 

The original experimental work on this subject was carried out to- 
wards the end of the eighteenth century by the distinguished French 
scientist, Jacques Charles, whose researches were doubtless inspired 
by an interest in flight by hot-air balloons (Fig. 181). He later decided 
in favour of hydrogen balloons, since these had greater lifting power. 


Fig. 181. An old sport revived, This modern hot-air ballon uses a pro- 
pane gas burner with a heat output of 730 kilojoules per second. It has 
a capacity of 1840 cubic metres, and when heated to 100 °C, has a lift of 
about 500 kilogrammes-force. Note. The first hot-air balloon passengers 
were a cock, a duck and a sheep in 1783. This otherwise successful 
flight was marred only by the sheep which kicked the cock en route 
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The result obtained in the experiment just described is generally 
known as Charles’s law. 

The volume of a fixed mass of gas at constant pressure expands by 
ztz of its volume at 0 °C per °C rise in temperature. 


Pressure coefficient of expansion of a gas at constant 
volume 


It now remains to investigate the manner in which the pressure of 
a gas varies when it is heated at constant volume. 

The pressure coefficient of expansion of a gas at constant volume is 
defined as the fraction of its pressure at 0°C by which the pressure of 
a fixed mass of gas increases per °C rise in temperature. 


To measure the pressure coefficient of expansion of air 


The apparatus for this experiment was designed by the German 
professor of physics, Philipp Jolly, who lived during the nineteenth 
century. It is generally called the simple constant volume air ther- 
mometer (Fig. 182). 

A glass bulb B joined to a capillary tube is connected to a mercury 
reservoir R by a length of rubber tubing. By means of a three-way tap 
air may be pumped out of the bulb and dry air afterwards admitted 
through a calcium chloride drying tube. 

The bulb is placed in a large beaker or can and surrounded by cold 
water. The height of the reservoir is then adjusted until the mercury 
level reaches a fixed mark M on the connecting tube. The temperature 
of the water bath is noted by a thermometer, and also the mercury 
levels at M and R are read on a vertical millimetre scale. 

The barometric height H in mmHg is read on a Fortin barometer. 
If the difference in the mercury levels at M and Ris / in mm, then the 
pressure of the air in the bulb is given by (H + A) according as R 
is above or below M. 

A series of such readings is obtained, as the temperature of 
the water bath is raised by about 10 degree intervals. Each time the 
mercury level is carefully adjusted to the mark M to ensure that the 
volume of the air remains constant. The water is well stirred, and 
sufficient time must be allowed for the air to reach the same tempera- 
ture as the water before the readings are taken. 

The results are recorded in a table as shown and a graph plotted of 
pressure against temperature (Fig. 183). 


Barometric pressure = H = mmHg 
Pressure 
Temperature | Level M | Level R Difference in Hth 
Ce) (mm) (mm) levels h_ (mm) (mmHg) 
L pe 


As in the previous experiment, the graph is extrapolated to 
find the pressure which the air would have at 0 and 100 °C and 
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Fig. 182. Pressure law apparatus (Simple 
constant volume gas thermometer) 


Pressure (mmHg) 


° 100° 
Temperature (°C) 


Fig. 183. 
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the pressure coefficient calculated by substitution in the equation 


change in pressure 
dae at 0°C x temp. rise 


ae 
BS 0 Xx FSO p er °C 


pressure coefficient = 8 
or 


The result is found to approximate very closely to 343 or 
0-003 66/°C. All other gases besides air give very nearly the same 
result. 

We therefore arrive at the important conclusion that the pressure 
coefficient is equal to the volume coefficient. 


Volume 
(cm) 
Note: 
T, = (273 + &)K e 
To= (273 + @)K ent 
deeks 2 
-273°C orc 100°C (Celsius scale) 
OK 273K a Tz 373K (Kelvin scale) 


Fig. 184. 


The results obtained in the above experiment may be expressed by 
the Pressure law. 

The pressure of a fixed mass of gas at constant volume increases by 
ahs of its pressure at 0°C per °C rise in temperature. 


The Absolute or Kelvin scale of temperature 


If volume-temperature and pressure-temperature graphs for a gas 
are plotted on extra large sheets of paper it is found that when the 
graphs are produced, they cut the temperature axis at —273°C (Fig. 


Pressure 
(mmHg) 
Note:— 
T = (273 + &)K ae 


Te (273+@:)K 9 


ao ee 

=273°C orc & 8 100°C (Celsius scale) 

OK 273K T Tz 373K (Kelvin scale) 
Fig. 185. 


184 and 185). This suggests that —273°C is the lowest temperature 
attainable or the absolute zero of temperature. 

But this can only be an assumption since we know that most gases 
liquefy long before such a temperature is reached, and, in any case 
the mercury in our thermometer freezes at —39°C. 
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However, by reasoning which is beyond the scope of this book, 
Lord Kelvin showed that it is possible to define an absolute scale of 
temperature in terms of the product, pV, for a theoretical perfect or 
ideal gas, i.e., one which obeys Boyle’s law exactly under all 
temperature conditions, 

Thus, if the products pV at the ice and steam points denoted by 
0°C and 100°C are plotted on a graph and joined by a straight line, 
this line will cut the temperature axis at —273°C. This is taken as the 
zero of what is now called the absolute or Kelvin scale of temperature. 
Degrees on this scale are equal in magnitude to Celsius degrees on the 
perfect gas scale, They are represented by 7 and denoted by K (not, 
as formerly, by °K). 

Tt follows that degrees on the Celsius scale can be converted to 
degrees on the Kelvin scale simply by adding 273. Thus, 0°C = 273K, 
60°C = (273 + 0) K, and so on. 

In the case of practical gas thermometers it is difficult to measure 
both p and Vat the same time and so it is usual to keep V constant, in 
which case the temperature will be proportional to the pressure of the 
gas as we shall now explain. 


Jolly’s constant volume apparatus as a thermometer in its 
own right 


In the experiment with Jolly’s apparatus to measure the pressure 
coefficient of expansion of air we used a mercury thermometer to 
measure temperature. Without using a mercury thermometer, we 
could calibrate the apparatus as a gas thermometer itself, simply by 
measuring the gas pressures first with the bulb in pure melting ice and 
then in steam. The Celsius scale of this thermometer is obtained by 
dividing the fundamental pressure interval into 100 equal parts, 
remembering that a suitable correction must be made if the steam is 
not at the standard pressure of 760 mmHg. The most convenient way 
of representing the scale is to plot these two pressure values on a 
graph of pressure against temperature and to join them by a straight 
line. 

When the bulb is at any other temperature we measure the pressure 
and ascertain the gas temperature by reference to the graph. 

Now, if the gas in the bulb were perfect then the result obtained 
would agree with the Kelvin scale which is independent of the 
properties of any particular substance. Unfortunately, no real gas is 
perfect but the one which comes most closely to this requirement is 
hydrogen. An improved form of Jolly’s apparatus is called the 
standard gas thermometer, descriptions of which are to be found in 
more advanced textbooks. This thermometer needs laborious correc- 
tions and is far too difficult and cumbersome for ordinary day-to-day 
use. When very high temperatures are to be measured it is filled with 
nitrogen and is employed only for the purpose of obtaining accurate 
values for a number of other fixed points both above 100°C and 
below 0°C, e.g., the freezing-point of gold (1 063°C) and the boiling- 
point of oxygen (—193°C). 

In practice, therefore, such instruments as the platinum resistance 
thermometer, thermo-couples and so on are standardized by the 
fixed points so obtained and used to measure temperature over a wide 
range where mercury thermometers are unsuitable. 
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Other ways of expressing Charles's law and the Pressure 
law 


If we assume that the two graphs in Figs. 184 and 185 have been 
plotted using Celsius and absolute Kelvin temperatures then we can 
use them to express Charles’s law and the Pressure law in a form 
which is usually more convenient for calculation purposes than the 
statements of the laws given on pages 189 and 190, 

In the volume-temperature graph, any pair of triangles such as 
ABC, ADE are similar and therefore, 

BC _ DE 

AC AE 
But the lengths of these sides represent volumes and corresponding 
absolute temperatures to scale. Hence, 


Ys _ Va 
T, 7; 
This applies to all values of volume and absolute temperature and 
SO we can Say, 


ae constant 
7= 

Similarly, from the pressure-temperature graph we may show that 
F = constant 


These two equations enable us to state the gas laws in the following 
forms, which should be compared with those given previously on 
pages 189 and 190. 


Charles’s law 


The yolume of a fixed mass of gas at constant pressure is proportional 
to its absolute temperature. 


Pressure law 


The pressure of a fixed mass of gas at constant volume is proportional 
to its absolute temperature. 


The relation between pressure, volume and absolute 
temperature 


Summarizing the gas laws dealt with in this chapter we have 


pV =constant (Boyle's law) 


_ constant (Charles's law) 
£ =constant (Pressure law) 
These three equations can be combined into the single equation, 
ae = constant 


since, if T is constant, then pV = constant 
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us 


or if p is constant, then T= constant 
or if V is constant, then 2 = constant 
It follows that yy = constant includes all three gas laws. 


Reduction of gas volumes to standard temperature and 
pressure 

In certain chemical experiments a volume of gas is collected at 
room temperature and pressure, and it is necessary to calculate the 
volume which the gas would occupy at 0°C and 760 mmHg pressure. 
0°C and 760 mmHg are called standard or normal temperature and 
pressure; usually abbreviated, s.t.p. 


Worked examples 


1. 125 cm’ of gas are collected at 15°C and 755 mm of mercury 
pressure. Calculate the volume of the gas at s.t.p. 


This type of problem is solved by applying the relation 


pV 
— = constant 
T=? 
We therefore write down the initial values and the required values 
of the volume, pressure and temperature, remembering that tempera- 
tures must be converted to the absolute scale. 


Initial values Required values 
Pp, = 755 mmHg P, = 760 mmHg 
V, = 125 cm Vas } 
T, = (273 + 15) T, = 273K 
= 288K 
ree AG F 
Since ches constant, it follows that 
PaVa _ PVs 
T, qT, 
* A Th 
or V,=V,x2~%2 
: ue Poel 
hence, substituting numerical values, we obtain 
755 _ 273 
volume of gas at s.t.p. = V, = 125 x 760 * 288 
= 118 cm’ 


2. An empty barometer tube, | m long, is lowered vertically, mouth 
downwards, into a tank of water. What will be the depth at the top of 
the tube when the water has risen 20 cm inside the tube ? (Atmospheric 
pressure may be assumed equal to 10-4 m head of water.) 


Assuming the temperature remains constant, Boyle’s law may be 
applied, i.e., 
pV = constant 
or PV. = DV, 
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Let h = depth, in m, of water-level in tube below surface, then 


P2 = (10-4 + A) in m of water 
Vv, = (0-8 x A) in m> 


where A = area of cross-section of tube in m?. 


V, = (1 x A) in m> 
Substituting in the above equation 
(10-4 + A)(0-8 A) = 104 x 1 x A 


Ke = 10-4 in m of water 


therefore 
Hence top of tube is 2-6 — 0-8 = 1-8 m below surface 


3. When tested in a cool garage at 10°C a motor tyre is found to have 
@ pressure of 1:2 kgf/cm*. Assuming the volume of the air inside 
remains constant, what would you expect the pressure to become after 
the tyre has been allowed to stand in the sun so that the temperature 
rises to 37°C? (Atmospheric pressure = 1-0 kgf/cm.) 


In this problem it must be understood that 1-2 kgf/cm? is the 
excess pressure above atmospheric pressure and hence the absolute 
pressure inside the tyre is (1-2 + 1-0) = 2-2 kgf/cm?. 

Applying the Pressure law 


P 
== ce it 
F = constani 


poy ol 
or T, = T, 
We have, T, = 273 + 37 = 310K 


Pi = 1:2 +1-0= 2-2 kgf/em* 
T, = 273 + 10 = 283 K 


Substituting in the equation, 


Po 22 

310-283 
WISIN. i 
whence a 2-4 kgf/cm’ 


Therefore, new pressure as given by pressure gauge 
= 2-4 — 1-0 = 1-4 kgf/cm? 


Conversion to SI units of pressure (newtons/metre?) 


We know that 1 kgf = 9-8 N (see page 68) 
and 1 m? = (100 cm)? = 100? cm? 
therefore pressure = 1-4 x 9-8 x 100? N/m? 

140 000 N/m? 


oil 


140 kN/m? 
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QUESTIONS: 16 


1. Describe with a diagram and any desirable precautions how you would 
investigate the relationship between the pressure and volume of a given 
sample of air at constant temperature. Show on a sketch how you would 
express your results in the form of a straight-line graph. 

An air bubble at the bottom of a lake 90 m deep has a volume of 1-5 cm*. 
What will be its volume just below the surface if the atmospheric pressure 
is equivalent to a height of 10 m of water? (S.) 


2. State Boyle’s law and describe an experimental method of verifying it. 

A uniform, narrow-bored tube, closed at one end, contains some dry 
air which is sealed by a thread of mercury 15-0 cm long. When the tube is 
held vertically, with the closed end at the bottom, the air column is 20-0 
cm long, but when it is held horizontally, the air column is 24-0 cm long. 
Calculate the atmospheric pressure. (C.) 
3. State Boyle’s law and explain how you would attempt to verify it. Sketch 
your apparatus. 

A narrow, uniform glass tube contains air enclosed by a thread of 
mercury 15 cm long. When the tube is vertical, with the open end upper- 
most, the column is 30 cm long. When the tube is inverted the length of the 
column becomes 45 cm. 

Explain why the length of the column changes and calculate the pressure 
of the atmosphere. (0.C.) 
4. State Boyle's law and apply it in order to solve the following problem. 

A U-tube of uniform cross-section has limbs of unequal length and is 
held vertically with its longer limb open to the atmosphere so that air may 
be trapped in the shorter limb, which is closed, by adding mercury. The 
length of the air column in the closed limb is 16 cm when the difference in 
the vertical heights of the meniscus levels in the two limbs is 20 cm. 
When the difference is increased to 77 cm, by adding more mercury, the 
air column is only 10 cm long. Use these data to calculate the height of the 
mercury barometer, which may be considered to have remained constant 
during the experiment. 

Explain why the assumption of Boyle’s law may not be strictly valid in 
this case. (L.) 

5. State Boyle's law and describe an experiment to demonstrate it in the 
laboratory. 

The cylinder of an exhaust pump has a volume of 25 cm?, It is connected 
through a valve to a flask, of volume 225 cm’, containing air at a pressure 
of 75 cm of mercury, Calculate the pressure of the air in the flask after 
two strokes of the pump, assuming that the temperature of the air remains 
constant. (A.E.B.) 


6. Describe an experiment to show how the volume of a mass of air at 
constant temperature is related to its pressure. 

State the result you would expect to obtain. 

A diving bell containing air initially at atmospheric pressure is lowered 
into sea-water of density 1-02 g/cm*. At what depth will the bell be one- 
quarter full of water if the temperature remains the same? (Atmospheric 
pressure = 76 cm of mercury; density of mercury = 13-6 g/cm*.) 

(J.M.B.) 
7. The mercury in a barometer of a cross-sectional area 1 cm? stands at 
75 cm, and the space above it is 9 cm in length. What volume of air, 
measured at atmospheric pressure, would have to be admitted into the 
space to cause the column of mercury to drop to59cm? (W,, part qn.) 
8. State Charles's law and describe fully, with the aid of a labelled diagram 
of the apparatus, how would you verify it by experiment. 

A cylinder contains 20 litres of gas at 13 °C and the pressure-gauge 
attached to the cylinder records 15 atmospheres. The cylinder is opened 
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and then closed. The new reading of the pressure-gauge is 11 atmospheres 
and there has been no temperature change. What volume of gas at atmos- 
pheric pressure has been released? 

The temperature of the gas remaining in the cylinder falls to 0°C. 
What pressure will then be registered by the gauge? (A.E.B.) 
9. State Charles’s law for the expansion of a gas heated at constant 
pressure. Describe how you would test the truth of the law experimentally, 
and show how it leads to the idea of an absolute zero of temperature. 

The density of hydrogen at 0°C and standard pressure is 0-09 g/litre. 
Find the volume occupied by | g of hydrogen at 200°C and standard 
pressure. (O.) 
10. Describe an instrument that measures temperatures by measuring the 
changes in the pressure of a fixed volume of gas. Explain how you could 
use the instrument to check the 50°C mark of the scale of an ordinary 
mercury thermometer. 

An empty bottle is corked when the air inside it is at 10°C and the 
barometer reads 75 cm of mercury. If the cork blows out when the pressure 
inside the bottle exceeds the atmosphere’s pressure by 100 cm of mercury, 
calculate the temperature to which the bottle must be heated to cause the 
cork to be expelled. Assume that the volume of the bottle remains con- 


stant when heated. (C.) 
11. One litre of air at 10 °C is heated to 80 °C. What will be the new volume 
if the pressure remains atmospheric? (J.M.B.) 


12. Define coefficient of expansion of a gas at constant pressure and des- 
cribe an experiment to determine its value. 

A capillary tube sealed at the lower end stands vertically and contains 
a thread of mercury 10 cm long which seals off a column of air 25 cm 
long at 12°C. What is the pressure on this air if the barometric height is 
75 cm of mercury? To what temperature must the tube be heated for the 
mercury to rise 5 cm? (L.) 


13. State the law relating to the expansion of a fixed mass of gas which is 
heated while its pressure remains constant. 
Describe how this law (Charles’s law) may be verified experimentally. 
The volume of 0-354 g of helium at 273°C and 114 cm of mercury 
pressure is 2667 cm*. Calculate the volume and density at s.t.p. 


(A.E.B.) 
14. To what temperature must 2 litres of air at 17°C be heated at constant 
pressure in order to increase its volume to 3 litres? (J.M.B.) 


15. State the law which indicates how the pressure of a fixed mass of air 
varies with its temperature as recorded on a mercury thermometer, when. 
the volume remains constant. 

Describe an experiment to verify the law. 

80 cm® of hydrogen are collected at 15°C and 75 cm of mercury 
pressure. What is its volume at s.t.p.? (L) 


16. Draw and label a constant-volume air thermometer. State two advan- 
tages of such a thermometer as compared with a mercury thermometer. 
A capillary tube, sealed at both ends, contains a small thread of mercury 
which divides the enclosed air into two parts, the ratio of the lengths being 
3 to 1, the whole tube is initially at 0°C. If the tube is heated to 273°C, 
how will the air inside be affected? (S.) 


17. Describe an experiment to determine the absolute zero of temperature 
using a mass of air either at constant volume or at constant pressure. 

In an experiment the pressure of a mass of air at constant volume was 
found to increase from 75 cm of mercury at 15°C to 91 cm of mercury at 
75°C. From these results what would be: (i) the pressure of the air at 0°C; 
(ii) the coefficient of increase of pressure of air at constant volume? 

(J.M.B.) 
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18. What is understood by: (i) s.t.p.; (ii) absolute gas scale of temperature? 

A fixed mass of air is heated: (a) without altering the pressure and 
(6) without altering the volume. State in each case the law governing the 
change which takes place. 

Three litres of air at 0°C and a pressure of 1 atmosphere are heated in 
such a way as to keep its volume unchanged. Calculate the temperature 
of the air when its pressure becomes 5 atmospheres. 

The temperature is now kept constant and the pressure reduced again 
to 1 atmosphere. What will be the resulting volume? 

If, finally, this last pressure is maintained, calculate the temperature 
for which the volume will be reduced to 2 litres. (L.) 
19, State the laws of Boyle and Charles and show how to obtain a formula 
which includes both. Explain the meaning of the terms absolute tempera- 
ture and absolute zero. 

Calculate the volume of gas at 17°C and 720 mm pressure which 
occupies a litre at s.t.p. (0.C.) 
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Fig. 186. Keeping the heat in. A 
layer of thermally insulating ma- 
terial (fibreglass) reduces loss of 
heat from the oven by conduc- 
tion. As an extra precaution, the 
lagging is encased in bright alu- 
minium foil which helps to pre- 
vent further heat loss by radiation 


If a steel poker is pushed into the fire and left there for a time the 
handle becomes warm. Heat travels through the metal by a process 
called conduction. 

This process is complex. It differs between metals and non-metals, 
and only a brief explanation can be attempted here. 

When a metal is heated the free electrons (see page 386) which it 
contains begin to move faster, i.e., their kinetic energy increases. 
The hot electrons then drift towards the cooler parts of the metal 
and at the same time there is a drift of slower-moving (cooler) 
electrons in the reverse direction. 

To a much less extent, heat energy is transmitted through a metal 
by vibrations of the atoms themselves which pass on energy from one 
to the other in the form of waves (see chapter 26). These waves are 
of very high frequency and are transmitted in tiny energy packets 
called “‘phonons”. 

In non-metals which have no free electrons heat energy is con- 
ducted entirely by phonons. 


Good and bad conductors of heat 


Most metals are good conductors of heat; silver and copper are 
exceptionally good. On the other hand, substances such as cork, 
wood, cotton and wool are bad conductors. Both good and bad 
conductors have their uses. The “bit” of a soldering iron is made of 
copper, so that when its tip is cooled through contact with the work, 
heat is rapidly conducted from the body of the bit to restore the 
temperature of the tip and maintain it above the melting-point of 
solder, 

Bad conductors have a very wide application. Beginning with 
our own personal comfort, we prevent loss of heat from ourselves 
by a covering of poorly conducting material. Textiles are bad con- 
ductors of heat, since they are full of tiny pockets of air enclosed by 
the fibres of the material. Air, in common with all gases, is a very 
bad conductor of heat. It is usual to say that wool is warmer than 
cotton. Technically, of course, we imply that it has a lower thermal 
conductivity than cotton. 

A stone floor feels cold to the bare feet, but a carpet on the same 
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Fig. 187. Keeping the heat out. Refrigeration hold of a cargo vessel during construction. Note the 
use of thick layers of mineral fibre to prevent the entry of heat by conduction 


floor feels warm. This difference arises from the fact that stone is a 
better conductor of heat than a carpet. 

To begin with both the stone floor and the carpet are at the same 
temperature. This may be verified by placing a thermometer in 
contact with each in turn. Since the feet are warmer than either, heat 
tends to flow from the feet. Stone, being the better conductor, 
conveys heat away from the feet more rapidly than the carpet. 
Consequently, the feet feel cold on the stone but warm on the carpet. 

Precisely the same effect is experienced when handling a garden 
fork in winter, The iron part of the fork feels cold, but the wooden 
handle warm. 


Lagging 


Loss of heat by conduction through the walls of an oven is reduced 
by constructing it with double walls. The space between is packed 
with slag wool or glass fibre. These substances are not only very 
poor conductors but also have the merit of being non-inflammable. 
Material of low thermal conductivity used for the purpose of prevent- 
ing heat loss is called /agging. Another example is the covering of 
hot-water storage tanks and pipes with a layer of plaster mixed with 
asbestos. Similarly, cold-water pipes are lagged with strips of felt or 
sacking to prevent freezing during very cold weather. (See also Fig. 
186 and 187.) 
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Fig. 189. Miner's safety lamp 


Ignition point of a gas 


An inflammable gas will burn if its temperature reaches a value 
known as the “ignition point”. The effect of a good conductor in the 
neighbourhood of a flame can be shown by placing a wire gauze about 
5 cm above a bunsen-burner. If the gas is turned on and lighted 
underneath the gauze it is found that the flame does not pass through 
the gauze. The wires of the gauze conduct the heat of the flame 
away so rapidly that the hot gases passing through the gauze are 
cooled below the ignition temperature (Fig. 188). 


Flame does not pass 
through gauze 


<——— Temperature 
of gas does 
not rise to 
ignition point 


Fig. 188. Gauze experiment 


The gas is now turned out and after the gauze has cooled, the gas 
is again turned on and lit above the gauze. This time the flame con- 
tinues to burn above the gauze. As in the previous case, the wires 
conduct heat rapidly away, with the result that the temperature of 
the gas in contact with the underneath surface of the gauze is not 
raised to its ignition point. The flame will pass through the gauze 
only if it should become red hot. As we shall now show, this experi- 
ment illustrates the principle of the Davy safety lamp. 


The miner’s safety lamp 


The enormously increased output of coal for industrial purposes 
towards the end of the eighteenth century brought with it a corres- 
ponding increase in the number of fatal mine accidents. An inflam- 
mable gas called methane or fire-damp is often found in coal-mines. 
This, when mixed with the air of the mine, exploded when it came 
into contact with the naked flames of the candles which, at that time, 
were used for illumination. 

In 1813 a society was formed to study methods for preventing 
these explosions, and Sir Humphry Davy was approached for 
advice. Davy investigated the problem and eventually found a 
remedy in the safety lamp. In its original form this consisted of a 
simple oil burner completely surrounded by a cylinder of wire 
gauze. The gauze, however, threw undesirable shadows, and later a 
thick cylindrical glass window was added, still keeping the gauze 
above, but encased in a brass shroud to protect it from damage 
(Fig. 189). 

Should the atmosphere surrounding the lamp contain methane, 
its presence will be indicated by the flame becoming surrounded by 
a bluish haze. This is caused by the methane burning when it comes 
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into contact with the flame. The flame cannot extend beyond the 
gauze and cause an explosion, since the wires of the gauze rapidly 
conduct the heat away. The temperature of the gauze, therefore, 
never rises to the ignition point of the gas-air mixture in the mine. 

Although Davy lamps have long been replaced by electric lamps 
they will always be remembered as an important application of 
science in the interests of human safety. 


Comparison of thermal conductivities 


Rods of different materials but having the same length and diameter 
are passed through corks inserted in holes in the side of a metal 
trough (Fig. 190). The rods are first dipped into molten paraffin 


Hot water 


Arrows show 
extent to which 
wax melts 


Fig. 190. Comparisons of thermal conductivities 


wax and withdrawn to allow a coating of wax to solidify on them. 
Boiling water is then poured into the trough so that the ends of the 
rods are all heated to the same temperature. After some minutes 
have elapsed it is noticed that wax has melted to different distances 
along the rods, indicating differences in their thermal conductivities. 


Comparison of wood and copper 


The difference between the conductivity of a poor conductor such 
as Wood and a good conductor such as copper can be shown by 
turning down one end of a wooden rod in the lathe so that it will 
just fit into a copper tube of the same diameter. The two materials 
together will then form a single rod of uniform diameter. A piece 
of paper is stuck round the joint so that it covers the wood and copper 
equally (Fig. 191). 

On passing the rod several times through a bunsen flame, the 
paper chars where it covers the wood, but remains unharmed where 
it covers the copper. Copper conducts the heat from the paper so 
rapidly that it remains comparatively cool. On the other hand, the 
wood conducts the heat very slowly from the paper, with the result 


| 201 


Close paper 
collar 


[] {Charred 
_——— 


Copper Wood 


Fig. 191. Relative conductivity of copper 
and wood 
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Fig, 192. Showing that water is a bad 
conductor of heat 
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Fig. 193. Mercury conducts heat better 
than water 
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Fig. 194. Convection currents in water 


that its temperature quickly rises to the point at which it begins to 
burn. 


Conduction of heat through liquids 


All ordinary liquids, with the exception of mercury and other 
metals in the liquid state, are poor conductors. Nevertheless, heat 
can be transmitted very quickly through liquids by a different pro- 
cess called convection. This will be described later. 

To prevent convection, and to confine the process of heat trans- 
mission to conduction only, it is necessary to heat a liquid at the top. 
Thus we may show water to be an extremely bad conductor of 
heat by wrapping a piece of ice in gauze to make it sink and placing 
it at the bottom of a test-tube nearly full of water. By holding 
the top of the tube in a bunsen flame, the water at the top may be 
boiled vigorously while the ice at the bottom remains unmelted 
(Fig. 192). 

Mercury may be shown to be a better conductor than water by 
taking two test-tubes containing mercury and water respectively 
and attaching a cork to the bottom of each with melted wax (Fig. 193). 
A piece of thick copper wire bent twice at right angles is then placed 
with a leg in each of the two liquids. On heating the centre of the 
wire with a bunsen flame, heat is conducted through the metal 
equally into the water and mercury. In a very short time the wax on 
the mercury-filled tube melts and the cork falls off. Very prolonged 
heating is necessary before the same occurs with the water-filled 
tube. 

It may be noted that gases are far worse conductors of heat than 
liquids. 
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Convection in liquids 


When a vessel containing a liquid is heated at the bottom a 
current of hot liquid moves upwards and its place is taken by a cold 
current moving downwards. Unlike conduction, where heat is 
passed on from one section of the substance to another as described on 
page 198, the heat is here actually carried from one place to another 
in the liquid by the movement of the liquid itself. This phenomenon 
is called convection. The same process occurs when a gas is heated. 

Convection currents in water may be shown by filling a large 
spherical flask with water and dropping a single large crystal of 
potassium permanganate to the bottom of it through a length of 
glass tubing. A finger is placed over the end of the tube, which is then 
removed, together with the coloured water it contains. This method 
of introducing the crystal ensures getting it in the centre and also 
prevents it from colouring the water before it is required. On heating 
the bottom of the flask with a very small gas flame, as shown in 
Fig. 194, an upward current of coloured water will ascend from the 
place where the heat is applied. This coloured stream reaches the 
top and spreads out. After a short time it circulates down the sides 
of the flask, showing that a convection current has been set up. 
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Explanation of convection currents 


When a portion of liquid near the bottom of a vessel is heated it 
expands. Since its mass remains unaltered, it becomes less dense, 
and therefore rises. Thus a warm convection current moves upwards; 
for the same reason a cork rises in water or a hydrogen-filled 
balloon rises in air. In effect, convection is an application of Archi- 
medes’ principle. 

Tf, on the other hand, some liquid in a vessel is heated at the top, 
the liquid there expands and remains floating on the denser liquid 
beneath. No convection current is set up, and the only way in which 
heat can travel downwards under these conditions is by conduction. 


Convection in air 


The air convection current rising from an electric lamp may be 
shown with the aid of a small windmill. A suitable windmill may 
be cut with scissors from thin card or aluminium foil to the pattern 
of Fig. 195. The vanes are slightly bent and the mill, pivoted on a 
piece of bent wire, is held over the top of an electric lamp. When the 
lamp is switched on the windmill rotates in the upward hot air current. 
A device similar to this is often used to produce a flickering effect in 
domestic electric heaters of a type which are disguised to resemble 
glowing coal fires. 

During the eighteenth century coal-mines were ventilated by 
sinking two shafts to the workings, known as the upcast and down- 
cast shafts respectively. A fire was lit at the bottom of the upcast 
shaft, which caused the air in it to become heated and rise. Fresh 
air entered the downcast shaft and passed through the passages of 
the mine workings before it, in turn, became heated and passed out 
through the upcast shaft. In this way a constant flow of fresh air was 
maintained through the mine. Fig. 196 shows a laboratory model to 
illustrate this method of ventilation. It consists of two wide glass 
tubes projecting from the top of a rectangular wooden box with a 
removable glass front. A short piece of candle is lit at the base of 
one of the tubes. When a piece of smouldering brown paper is held 
over the top of the other tube, the direction of the convection cur- 
rents will be rendered visible by the passage of smoke through the 
box. 


The domestic hot water supply system 


The domestic hot water supply system consists of a boiler, a hot 
water storage tank and a cold supply tank interconnected by pipes 
arranged as shown in Fig. 197. When the system is working a 
convection current of hot water from the boiler rises up the flow 
pipe A while cold water descends to the boiler through the return 
pipe B, where it becomes heated in turn. In this way a circulation 
is set up, with the result that the hot water storage tank gradually 
becomes filled with hot water from the top downwards. It isimportant 
to notice that the flow pipe A leaves the boiler at the top and enters 
the top of the hot tank, while the return pipe B connects the bottom 
of the hot tank to the bottom of the boiler. 

Hot water for use in kitchen and bathroom is taken from a pipe 
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Fig. 196 Ventilation by convection 
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Fig. 197. Domestic hot water supply system 


leading from the top of the hot tank. When hot water is run off an 
equal volume of water from the cold supply tank enters the hot 
storage tank at the bottom through the pipe C. The whole system is 
thus kept constantly full of water and no air can enter. The water- 
level in the cold tank is maintained by a supply from the mains which 
enters through a ball-cock. 

An expansion pipe rises from the top of the hot tank and is bent 
twice at right angles so that its end is over the cold tank. This is a 
safety precaution; if the fire is allowed to burn so fiercely that the 
water boils, steam and hot water are discharged harmlessly into the 
cold tank and no damage results. The expansion pipe also permits 
the escape of dissolved air which comes out of the water when it 
is heated, as otherwise this might cause troublesome air-locks in the 
pipes. 

Fig. 198 shows a glass model which demonstrates the convection 
currents described above. To begin with, the water in the lower flask 
is coloured with blue ink, while the tubes and upper vessel are full 
of colourless water. When the flask is steadily heated with a bunsen- 
burner a hot convection current of coloured water rises up the bent 
tube. After a short time a visible layer of hot coloured water collects 
at the top of the upper vessel. Eventually this layer increases in 
depth until the upper vessel is entirely filled with hot coloured water. 
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Finally, warm coloured water will be seen descending the straight 
tube. 


Land and sea breezes 


At places on the coast in summer-time it is noticeable that a breeze 
generally blows in from the sea during the day, while at night the 
direction of the wind is reversed. These breezes are local convection 
currents. 

During the day the land is heated by the sun to a higher tempera- 
ture than the sea. There are two reasons for this. First, water has a 
higher specific heat capacity than earth; secondly, the surface of the 
sea is in constant motion, leading to mixing of the warm surface water 
with the cooler layers below. Air over the land is therefore heated, 
expands and rises while cooler air blows in from the sea to take its 


Day-time Night-time 
Fig. 199. Land and sea breezes 


place. The circulation is completed by a wind in the upper atmosphere 
blowing in the opposite direction (Fig. 199). 

At night the land is no longer heated by the sun and cools very 
rapidly. On the other hand, the sea shows practically no change in 
temperature, since it has been heated to a greater depth than the 
land, and consequently acts as a larger reservoir of heat. By com- 
parison the sea is now warmer than the land, so that the air convec- 
tion current is reversed. 

Both conduction and convection are ways of conveying heat from 
one place to another which require the presence of a material sub- 
stance, either solid, liquid or gas. 

There is a third process of heat transmission which does not require 
a material medium. This is called radiation, and is the means by which 
energy travels from the sun across the empty space beyond the earth’s 
atmosphere. 

Radiant heat consists of invisible electromagnetic waves which 
are able to pass through a vacuum. These waves are partly reflected 
and partly absorbed by objects on which they fall. The part which 
is absorbed becomes converted into heat. Radiant heat which has 
passed through a vacuum can be easily felt by holding the hand near 
to a vacuum-filled electric lamp when the current is switched on. 
A more general discussion on the subject of electromagnetic waves 
will be found at the end of chapter 26. 


The detection of radiant heat. The thermopile 


Radiant heat may be detected by converting the heat energy into 
electric energy. A simple experiment serves to show how this is 
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done. A copper and an iron wire are twisted together to form a 
junction, while the free ends of the wires are connected to the 
terminals of a sensitive reflecting galvanometer (Fig. 200). On warm- 
ing the junction an electric current is produced in the circuit and the 
galvanometer gives a deflection. This is called the thermoelectric 
effect. 

Reflecting 

galvanometer 


Tron Cold junction 


Fig. 200. Thermoelectric effect 


Bismuth and antimony are two metals which show the thermo- 
electric effect in a marked degree, and they are used for the detection 
of radiant heat in an instrument called a thermopile. In order to 
magnify the effect, as many as 64 pairs of antimony and bismuth 
bars are joined in series, to give 64 junctions on which the radiant 
heat is allowed to fall. The bars are placed side by side, insulated 
from one another by paper, and their ends are soldered together. 


Bismuth — p= 
a ————al 
Radiant ARENONY —T 
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junctions 


> junctions 
Fig. 201. Thermopile construction 


The whole is mounted in plaster of paris set in a short brass cylinder, 
and provided with two terminals connected to the free ends of the 
two end bars (Fig. 201). 


To compare the radiation from different surfaces 


The rate at which a body radiates heat depends on its temperature 
and the nature and area of its surface. It is found that, for a given 
temperature, a body radiates most heat when its surface is dull 
black and least when its surface is highly polished. 

A comparison of the radiating powers of different surfaces was 
first made by John Leslie of Edinburgh towards the end of the 
eighteenth century. Leslie used a hollow copper cube, each side of 
which had a different surface. One may be highly polished metal, 
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Fig, 202. Comparison of radiating powers 
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another coated with lamp black by holding it in the flame of a candle, 
while the remaining two surfaces may be painted in a light and dark 
colour respectively (Fig. 202). 

The cube is filled with hot water and a thermopile placed at the 
same distance from each face in turn. In each case the steady deflec- 
tion obtained on the galvanometer is recorded. The results show 
that the dull black surface produces the largest, and the polished 
metal the smallest deflection. Of the painted surfaces, the darker 
one is usually better, but this is not always the case. The texture of 
the surface appears to be a more important factor than its colour. 


Absorption of radiant heat by a surface 


As stated earlier in this chapter, radiant heat falling on a surface 
is partly absorbed and partly reflected. The absorbing powers of a 
dull black and a polished surface may be compared by using two 
sheets of tinplate, one polished and the other painted dull black. 
On the reverse side of each plate, a cork is fixed by means of a little 
melted paraffin wax. The plates are then set up vertically, a short 
distance apart, with a bunsen burner midway between (Fig. 203). 
When the burner is lit, both surfaces receive equal quantities of 
radiant heat. In a very short time the wax on the dull black plate 
melts and the cork slides off. The polished plate, however, remains 
cool and the wax unmelted. 

This experiment shows that the dull black surface is a much 
better absorber of radiation than the polished surface. The polished 
surface is therefore a good reflector of heat. 

The experiment should be repeated with other types of surface 
whose radiating powers have been previously compared by the Leslie 
cube experiment. In every case it is found that the better radiator is 
also the better absorber of heat. 


Practical applications of radiation 


The investigations on radiation and absorption described above 
have a number of useful applications. Buildings which are white- 
washed or painted in light colours keep cooler in summer, since the 
light surfaces reflect radiant heat from the sun. Many factory roofs 
are now aluminium-painted. The bright surface reduces the heat 
lost in winter, and keeps the interior cool in summer. We ourselves 
choose light-coloured clothing in summer for the same reason, and 
in very hot countries white clothing is generally the rule. 

Brightly polished objects retain their heat for a long period. This 
is one reason why a silver teapot is to be preferred to others. See 
also Fig. 186 

The so-called “radiators” of a hot water central heating system do, 
in fact, emit most of their heat by convection. Nevertheless, in order 
to increase the proportion of heat radiated they are sometimes painted 
in a dark colour. 


The vacuum flask 


The vacuum flask is also commonly known as a Thermos flask, 
which is the trade-name used by a large manufacturing firm. Origi- 
nally, it was devised by Sir James Dewar for the purpose of storing 
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Fig. 204. Vacuum flask 


liquefied gases. Liquid oxygen, for example, boils at the very low 
temperature of —183 °C, so that if it is placed in an ordinary flask 
it rapidly boils away. It is necessary therefore to keep it in a vessel 
through which heat cannot pass. 

The vacuum flask consists of a double-walled glass vessel having 
a vacuum between the walls. Both walls are silvered on the 
vacuum side (Fig. 204). No heat can enter or leave the inner flask by 
conduction or convection across the vacuum. A certain amount of 
heat can be gained by the flask through radiation, but this is reduced 
to a minimum owing to the silvering. In addition, there will be a 
little heat transmitted by conduction through the thin glass walls at 
the neck, and through the poorly conducting cork. The sum total 
of this heat transfer is very small, so that a cold liquid inside remains 
cold for a very long period. 

The vacuum flask is equally suitable for keeping liquids hot. 


The greenhouse 


Anyone who walks into a greenhouse, even on a day when the 
sunlight is rather dull, realizes how efficiently it acts as a heat trap. 

Very hot bodies such as the sun emit most of their heat radiation 
in the form of visible light and short wavelength infrared rays which 
easily pass through glass without being absorbed. (The term wave- 
length is explained on page 302). These rays are absorbed by the 
earth and objects inside the greenhouse which, in turn, raise the 
temperature of the air by conduction and convection. The warm 
objects inside also radiate heat, but, owing to their comparatively 
low temperature the infrared rays they emit are of long wavelength 
and cannot penetrate the glass (see pages 299, 323, 326). 


QUESTIONS: 17 


1. Describe briefly an experiment to illustrate each of the following: 

(a) water is a bad conductor of heat, 

(6) copper is a better conductor of heat than iron, 

(c) convection currents in gases, 

(d)a rough surface is a better emitter of radiation than a polished 

surface. (A,E.B.) 
2. A stone floor feels very cold to bare feet in the winter, but a carpet in 
the same room feels comfortably warm. Why is this? (L., part qn.) 
3. Draw a labelled diagram of a domestic hot water system and explain 
its action. 

Distinguish the processes by which a room becomes warmed by a 
hot-water radiator. Which of these processes is usually most effective, 
and how does this affect the design of the radiator? (L.) 
4. Explain the transfer of thermal energy by conduction and convection. 
Describe: (i) a laboratory experiment which illustrates convection; (ii) a 
large-scale example of convection in nature. 

A beaker of hot water is placed on a bench. Describe all the ways in 
which it loses heat and suggest a simple way minimizing each.  (C.) 
5. What is meant by conduction of heat? Sketch the apparatus you would 
use to show that water is a poor conductor of heat. 

Why are woollen materials bad conductors of heat? —_(L., part qn.) 

6. Distinguish between conduction and radiation of heat. Describe an 
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experiment to show that a dull black surface is a better absorber of heat 
than a polished one. Give two ways by which the heat lost by a body can 
be assisted and show how this is effected in one practical example. (S.) 
7. Give an account of the transfer of heat by conduction. How would 
you show that copper is better than iron as a conductor of heat? 

Describe the Davy safety lamp, and explain what happens when it is 
surrounded by an inflammable mixture of gas and air. (O.) 
8. Give a short account of the methods by which a vessel containing a hot 
liquid loses its heat. 

Draw a diagram of a vacuum flask and explain how the rate of loss of 
heat by a hot liquid placed in the flask is reduced to a minimum. (L.) 
9. Two similar kettles containing equal weights of boiling water are placed 
on a bench; the surface of one is highly polished and the surface of the 
other is covered with soot. Compare their rates of cooling, giving reasons 
for your answer. 

Give a labelled diagram of a Dewar (or Thermos) flask, and explain the 
principles on which its action depends. (WwW) 
10. An electric filament lamp with a clear glass bulb is switched on and 
gives a bright white light. The bulb contains a small quantity of argon 
(an inert gas). Give an account of the parts played by conduction, con- 
vection, and radiation in the loss of heat from the lamp filament. 

(C,, part qn.) 
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One of the great landmarks in scientific progress was an under- 
standing of the nature of heat and it is one of the purposes of this 
chapter to talk about the ideas and experiments which led up 
to it. 

In chapter 7 we discussed the subject of energy in general and 
explained that heat is the name given to energy in the process of 
transfer from one place to another as the result of a temperature 
difference between them. 

Thus, since heat is a mode of energy transfer, it is measured in 
joules the same as any other kind of energy. 

Now, the easiest way to produce heat, and at the same time to be 
able to measure it accurately in joules, is by an electrical method: 
but an explanation of this will have to wait until after we have 
studied electricity and its units (chapters 41 and 42). 

We shall therefore begin by saying something about the thermal 
units in which heat was formerly measured. Although these particular 
units are now obsolete in physics it is necessary to mention them to 
show the part they played in the development of our understanding 
of the relationship between heat and other forms of energy. 


Thermal units of heat 


The science of heat measurement is called calorimetry and first 
began to take shape after the invention of satisfactory forms of 
thermometer in the early eighteenth century. It then soon became 
obvious that units of heat could be defined in terms of the quantity 
of heat required to raise unit mass of water through one degree 
on the particular temperature scale used. 

The two most important units which came into general use were 
the calorie (cal) and the kilocalorie (kcal). 

The calorie is defined as the quantity of heat required to raise the 
temperature of | g of water through 1°C. 

The kilocalorie is defined as the quantity of heat required to raise 
the temperature of | kg of water through 1°C. 

The kilocalorie has been used mainly for measuring the energy 
value of foods. 
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Heat capacity 


The heat capacity of a body of any kind is defined as the heat 
required to raise its temperature by 1°C. 

The SI unit of heat capacity is therefore the joule per degree C 
(/°C). 

The thermal unit formerly used for measuring heat capacity was 
the calorie per degree C (cal/°C). 


Specific heat capacity 


If we take equal masses of water and oil and warm them in 
separate beakers by the same burner it is found that the oil tempera- 
ture may rise by 10 °C in 3 min, but the water may rise by only 5 °C. 
Since the rate of supply of heat is the same in both cases, it is clear 
that oil has a smaller heat capacity than an equal mass of water. 
When comparing the heat capacities of various substances we talk 
of their specific heat capacities. The word specific is used in physics 
when we refer to unit quantity of a physical property. 

The specific heat capacity of a substance is defined as the heat 
required to raise unit mass of it through 1 °C. (Symbol used = c.) 

It follows that the unit of specific heat capacity in the SI system 
is the joule per kilogramme degree C (J/kg °C). The thermal unit 
formerly used was the calorie per gramme degree C (cal/g °C). 

In the following table it will be seen that water has the unusually 
high specific heat capacity of 4 200 J/kg °C. Very few substances 
have a higher value than this, the most notable being hydrogen at 
constant volume, and mixtures of certain alcohols with water. In- 
cidentally, the high specific heat capacity of hydrogen, coupled with 
its high thermal conductivity renders it a very efficient cooling gas 
for enclosed electric generators. 


Table of specific heat capacities in J/kg °C 


Aluminium 900 Lead 130 
Brass 380 Mercury 140 
Copper 400 Methylated spirit 2400 
Glass (ordinary) 670 Sea-water 3900 
Ice 2100 Water 4200 
Tron 460 Zinc 380 


Although the SI unit of specific heat capacity is the J/kg °C, some 
workers prefer to use the multiple unit (kJ/kg °C) or the sub- 
multiple unit (J/g °C). 


Now since 1kJ = 1000J 
and lkg=1000g 


it follows that both the kJ/kg °C and the J/g °C units are numerically 
equal, and their values may be obtained simply by dividing the 
figures in the above table by 1 000. 

Methods for measuring specific heat capacities are fully dealt with 
in chapter 42. 
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Heat calculations 


(1) How many joules of heat are given out when a piece of iron of 
mass 50 g and specific heat capacity 460 J/kg °C, cools from 80 °C to 
20°C? 

To say that the specific heat capacity of iron is 460 J/kg °C means 
that 1 kg of iron gives out or takes in, as the case may be, 460 J 
when its temperature changes by 1 °C. 

It follows that 50 g (= 0-05 kg) of iron in cooling through 1 °C gives 
out, 

0-05 x 460 J 


Hence 50 g of iron in cooling from 80 °C to 20 °C gives out 
0-05 x 460 x (80 — 20) = 1 380J 
If we write the above expression in words we get a useful formula: 
heat energy given out (or received) 
= mass x specific heat capacity x temperature change 


Putting this equation into symbols we have, 
heat energy in joules = mc(@, — @,) 
where m = mass in kg 
c = specific heat capacity in J/kg °C 
6, = higher temperature in °C 
8, = lower temperature in °C 
so that (0, — 0,) = change in temperature. 


Note. The Greek letter @ (theta) is the accepted symbol for tem- 
perature in °C. If ¢ is used instead of @ it may lead to confusion in 
equations where ¢ is used to represent time in seconds. 


(2) What is the final temperature of the mixture if 100 g of water 
at 70°C is added to 200 g of cold water at 10°C and well stirred. 
(Neglect heat absorbed by the container.) 

From the table on page 211 we note that the specific heat capacity 
of water is 4 200 J/kg °C. 

Heat given out by hot water = heat received by cold water. 

Let the final temperature of the mixture =6in°C 
Then, change in temperature of hot water = (70 — @) in °C 
and, change in temperature of cold water = (@ — 10) in °C 


Thus, using the formula mc(@, —,) explained in the previous 
example, we substitute values in the equation. 

Heat given out by hot water = heat received by cold water which 
gives (remembering to convert g to kg), 

0-1 x 4200 x (70 — #) = 0-2 x 4200 x (@ — 10) 
dividing both sides, by 4 200 
7 —0:16=0-20 —2 
rearranging 9 =0:30 
whence @=30°C 
= final temperature of mixture. 


(3) A piece of copper of mass 250 g is heated to 100°C and then 
transferred to a well-lagged aluminium can of mass 10-0 g containing 
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120 g of methylated spirit at 10-0°C. Calculate the final steady tem- 
perature after the spirit has been well stirred. Neglect the heat capacity 
of the stirrer and any losses from evaporation and use the table of 
Specific heat capacities on page 211 for any data required. 


Let the final steady temperature = 0 


The copper cools from 100 °C to @ 
The aluminium and spirit both warm up from 10-0 °C to @ 
Proceeding as in the previous examples, remembering to work in kg, 


Heat in J given out by copper =0-25 x 400 x (100 — @) 
Heat in J received by aluminium = 0-01 x 900 x (@ — 10) 
Heat in J received by spirit = 0-12 x 2400 x (@ — 10) 
Heat given out = heat received 
therefore 100 x (100 — #) =9 x (@ — 10) + 288 x (@ — 10) 


or, 10000 — 100@ = 2978 — 2970 
Rearranging, 12970 = 3970 

12970 - 
whence O. = 307 = $2:7.°C 


= final steady temperature. 


(4) 500 g of a certain metal is heated to 100°C and then placed in 
200 g of water at 15°C. If the final steady temperature rises to 21°C, 
calculate the specific heat capacity of the metal. 

Let the specific heat capacity of the metal = ¢ in J/kg °C 
Heat in J given out by metal = 0:5 x ¢ x (100 — 21) 

Heat in J received by water = 0-2 x 4200 x (21 — 15) 


Equating, 05 x c x 79=02 x 4200 x 6 
whence c= “~ = 128 J/kg°C 


From the table of specific heat capacities we infer that the metal 
is probably lead. 


Rival theories of heat 


Our present ideas regarding the nature of heat began to be put 
on a firm basis only from about the middle of the nineteenth century. 
Before then, discussion on the nature of heat had been going on 
among men of science for more than 250 years. It is interesting to 
trace the path of investigations which led to the development of our 
modern viewpoint. 

During the seventeenth century the foremost thinkers of the day 
regarded heat as a form of motion. For example, it was known that a 
nail became hot when it was hammered into a piece of wood. 
Robert Boyle explained this by saying that the blows of the hammer 
set the molecules of the nail into violent vibration, and therefore 
they became hot. This view, of course, comes very close to the present- 
day notion of internal energy. But while the seventeenth-century 
scientists understood the meaning of motion and force, it did not 
occur to them to combine the two and think in terms of work or motion 
against force. In brief, the ideas of work and energy as we understand 
them today had not yet made their appearance in the realm of 
mechanics and physics. 
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The motion theory therefore failed to make progress, and by the 
beginning of the eighteenth century it had become supplanted by an 
entirely different theory. Heat came to be considered as a weightless 
fluid called caloric. This idea was more acceptable to men such as 
James Black, who found it easier to talk about heat in terms of a 
quantity of caloric rather than a vague quantity of motion. And so 
the caloric theory gained ground and was destined to occupy a 
prominent place in the study of heat for the next 150 years. 


Count Rumford and the revival of the motion theory of 
heat 


In spite of the popularity of the caloric theory during the eighteenth 
century, there were some who did not find it altogether satisfactory. 
Its main critic was an American named Benjamin Thompson, who, 
for his services to the Elector of Bavaria, was later given the title 
of Count Rumford. 

During the time he was in charge of the arsenal at Munich, 
Rumford noticed that a great deal of heat was produced during the 
boring of brass cannon. According to the caloric theory, this was 
caused by caloric being squeezed out of the metal by the action of 
the boring tool. This loss of caloric could be explained by supposing 
that the metal chips had a smaller heat capacity than the solid metal. 
However, Rumford disposed of this notion by measuring the specific 
heat capacities of both chippings and solid metal. They both proved 
to be equal, and hence the overspill of caloric could not have 
resulted from a change in the heat capacity of the brass. 

Tt was then suggested that the caloric might have come from the 
air. So, in 1798, Rumford carried out a test in which air was excluded. 
He placed a brass cylinder in a wooden box filled with water and 
then subjected it to the action of a blunt borer worked by horses. 
As the operation proceeded the water gradually warmed up until, 
after about 2} hours, it actually boiled. Clearly, caloric could not 
have come from the water, since this had gained caloric. 

From these tests Rumford became convinced that such a thing as 
caloric did not exist. As he saw the situation, motion only had been 
supplied to the brass cylinder and borer. He therefore affirmed his 
belief in the older idea that heat was a form of motion. 

Rumford’s experiments aroused considerable interest at the time, 
but although he referred to the heat as being “generated by friction” 
and “communicated by motion”, he measured neither the friction 
nor the motion and failed to grasp the connection between the two, 
namely, the performance of work which increased the internal energy 
of the brass cylinder and the water. 


Heat as a form of energy 


During the years which followed Rumford’s observations the 
concept of energy or work began to emerge in scientific thought. 
Moreover, the rapid development of steam power, which was then 
taking place, played its part in stimulating a general interest in the 
relationship between heat and mechanical work. 

At first the discussion was confined to the theoretical level. In 
England, Thomas Young drew attention to the confusion which 
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existed between force as such and the work which is done when a 
force is exerted through a distance. He was also the first to use 
the word energy to refer to the capacity of a moving body for 
doing work. The German physicist, Robert Mayer, calculated the 
work done when a gas is compressed and assumed that the whole 
of this work became converted into internal energy which increased 
the temperature of the gas. 

Generally speaking, the main body of scientific opinion was 
hostile to the new ideas. Eventually, however, during the period 
1840-50, a series of experiments was carried out by James Joule which 
settle the problem of the nature of heat beyond all reasonable doubt. 


Joule’s work on the relation between thermal units of heat 
and mechanical units of energy 


James Joule was the son of a Salford brewer and became interested 
in the subject of heat and energy at a very early age. He spent many 
years making careful experiments to show that mechanical, electrical 
and chemical energy could be converted into heat, and his great 
achievement was to measure the number of mechanical units of work 
which, when converted into internal molecular energy in a substance, 
produced the same temperature rise as one thermal unit of heat. 
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Fig. 205, Joule’s apparatus 


One of the most famous of Joule’s experiments is illustrated in 
Fig. 205 from which it will be seen that he worked in Imperial 
(English) gravitational units. 

Two heavy lead weights were attached to string wound round the 
spindle of an eight-vaned paddle wheel which rotated inside a 
copper calorimeter containing water. The name calorimeter is 
given to any vessel or piece of apparatus in which heat measurements 
are carried out. Inside the calorimeter were four fixed vanes which 
prevented the water from being carried round bodily. Thorough 
churning of the water thus took place. By means of a handle the 
weights could be wound up and allowed to fall several times. 

The idea behind this experiment was that the potential energy of 
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Fig. 206. Shot-tube apparatus 


the weights as they fell was converted into rotational kinetic energy 
in the paddle. The kinetic energy of the paddle then became trans- 
formed into internal molecular energy in the calorimeter and its 
contents, with an accompanying rise in temperature. 

From the measured rise in temperature and a previous measure- 
ment of the heat capacity of the calorimeter and its contents Joule 
calculated the heat energy in thermal units which would produce the 
same temperature rise. The heat in thermal units was then equated 
to the work done in mechanical units, and from this the work 
equivalent to one thermal unit of heat was found. 

As we have seen, Joule worked in English units, as the metric 
system had not then come into general use. When converted into 
present-day SI units, the final result he obtained was, 

1 calorie = 4-2 joules 
1 kilocalorie = 4200 joules 

Later this relationship came to be known as the mechanical 
equivalent of heat and was denoted by the symbol “J” (not to be 
confused with “J” used to represent energy in joules at the present 
time). It was used for converting joules into calories and vice versa. 

Now that we have abandoned the use of thermal units of heat 
in physics, the term, “mechanical equivalent of heat’’ has lost the 
practical importance it once had. But its theoretical importance 
will always stand out as illustrating the great advance which was 
made in science when heat was recognized as a form of energy transfer. 


Conversion of potential energy into internal energy 


In accordance with the principle he was trying to establish, Joule 
came to the conclusion that the water at the bottom of a waterfall 
ought to be slightly warmer than that at the top. 

At the top of the fall the water possesses potential energy, which 
becomes converted to kinetic energy as it descends. Part of this 
kinetic energy becomes transformed into internal molecular energy 
when the motion of the water is arrested at the bottom. Joule 
decided to carry out a test on a particular waterfall in Switzer- 
land. Although the expected temperature rise was exceedingly 
small, he was able to detect it with a very sensitive thermometer 
and found the result to agree closely with the calculated value. 


To measure the number of joules equivalent to a calorie by 
the shot-tube method 


This experiment illustrates the conversion of potential energy 
into internal molecular energy, and may be used to find a rough 
value for the number of joules equivalent to a calorie. 

A cardboard tube about a metre long contains a quantity, m in 
kg, of lead shot and is fitted with corks at both ends. One of the corks 
has a small hole plugged with a wooden peg. This allows for the 
insertion of a thermometer to take the temperature of the shot 
(Fig. 206). 

If the tube is inverted, the shot falls through a distance A in m. 
In so doing its potential energy, mgh in J, becomes transformed 
into kinetic energy which, in turn, becomes internal molecular 
energy when the shot is brought to rest. 
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The temperature, 6,, of the shot is taken immediately before the 
experiment starts and the tube is then inverted 100 times in order 
to obtain a measurable temperature rise. The final temperature, 
6, of the shot is noted. 

Assuming, specific heat capacity of lead = ¢ = 30 cal/kg °C 

(thermal units) 
and g = 9-8 m/s? 
the number of joules equivalent to a calorie may be calculated as 
follows: 


Force in newtons on lead in falling = mg 

Total distance fallen in metres = 100 xh 
Work done in joules = 100 mgh 
Rise in temperature of lead = (6, —0,) = 0 
Equivalent heat input in calories = mcd 


work in joules 


Hence, number of joules equivalent to 1 cal = - = 
heat in calories 


_ 100 mgh 
mee 

_— 100 gh in joules/ 

~ calorie 


Note that the mass of the lead disappears from the final calculation, 
and therefore the shot does not have to be weighed. This experiment 
is worth trying as a matter of interest, but the reader is warned not 
to expect a very accurate result. 

There are two main sources of error. First, the whole of the 
shot does not fall through h,,as some of it inevitably begins to 
slide before the tube reaches a vertical position. Secondly, the 
shot cools in falling through the air. The air thus gains some of the 
internal energy produced, and this, in turn, is lost to the cardboard. 


Temperature rise resulting from compression 


Anyone who has pumped up a bicycle tyre knows that the lower 
part of the pump barrel may become quite warm. Erroneously, this 
is often attributed to work done against friction. On reflection, 
however, one must come to the conclusion that the friction of an 
oiled plunger against the smooth barrel wall is far too small to do 
any appreciable amount of work. The increase in internal energy 
which raises the temperature comes, of course, from the work done 
in compressing the air. 

Conversely, if compressed air or any other gas is allowed to expand 
it performs external work, and the energy required comes from the 
internal energy of the gas itself. Consequently the gas cools. 


Importance of Joule’s work 


When an account of Joule’s work becomes known in the middle 
of the nineteenth century it aroused but little interest, as the con- 
cept of work and energy was new to science. At the time it was 
not generally realized that Joule’s experiments provided the first 
reliable experimental evidence for the truth of the principle of the 
conservation of energy. 

This principle was put forward by the German physicist, Hermann 
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von Helmholtz, in a book published in 1847, but it had earlier been 
accepted by other far-seeing scientists, particularly Sadi Carnot, 
Robert Mayer and Sir William Grove. 

The conservation of energy has already been discussed in chapter 7. 
Joule’s experiments had shown that internal molecular energy could 
be put into a substance either by heat or by mechanical work and 
that there was an exact equivalence between these two forms of energy. 
Later it was demonstrated that the same exact relationship existed 
between other forms of energy, for example, electric energy, chemical 
energy and heat. One can readily appreciate why Joule’s memory 
has been honoured by giving his name to the SI unit of energy. 

Once the principle of conservation of energy had thus been 
established, the way became open for great advances in science. It 
formed the basis of a new branch of the study of heat and energy 
known as thermodynamics. Calculations could now be made regard- 
ing certain problems in pure science with a certainty that the answer 
would be correct. In the field of applied physics the same can be 
said with regard to calculations on the design of steam engines, 
internal combustion engines, rockets and jet engines, electric motors, 
generators and power installations. 


The first law of thermodynamics 


The work of Joule and others may be summed up in a statement 
known as the first law of thermodynamics: 


patties pil ia = heat inflow +- work done on the system 

or, in symbols U= @Q + W (see page 86) 

This is simply a way of stating the law of conservation of energy 
as applied to heat and mechanical work changes. The equation must, 
of course, be treated algebraically, i.e., heat outflow and work done 
by the system would be written with minus signs. 

The word system in the above equation refers to any body or 
device which is involved with heat, work and energy changes. 
The steam turbine discussed on page 86 can be taken as a practical 
example of such. 

Summary. Before concluding this chapter it will be useful to add a 
final comment on the distinction between internal energy, heat and 
work. 

The expression heat energy in a body should be avoided and the term 
internal energy used instead. Otherwise there is a danger of confusing 
heat with internal energy. As we have already explained, heat is 
the name given to the process of energy transfer from one body to 
another caused by a temperature difference between them. 

Heat is only one way of transferring energy to a body. We have 
seen that energy can also be given to a body by a force moving 
through a distance, in which case the process of energy transfer is 
called work. 

Work done on a body may or may not change its internal energy. 
For example, a frictional force acting through a distance on the body 
will do work which is converted into internal molecular energy and 
this will have the same effect as heat transfer, i.e., it will produce a 
rise in temperature. 
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By contrast, the work done by a force in lifting a body above the 
earth’s surface will be converted into gravitational potential energy 
of the body as a whole without affecting the internal energy of its 
molecules. 


QUESTIONS: 18 


1. Where necessary, use the values of specific heat capacity given on page 
211 to calculate the following: 


(a) the heat given out when 50 g of iron cools from 45°C to 15°C; 

(6) the specific heat capacity of gold if 108 J of heat raise the temperature 
of 9 g of the metal from 0°C to 100°C; 

(c) the heat required to raise the temperature of 1 000 kg of sea-water 
through 40°C. 


2. What do you understand by the terms work, internal energy, and heat? 

Describe a simple experiment to determine the number of joules equiva- 
lent to a calorie. 

3. A piece of lead of mass 500 g and at air temperature falls from a height 
of 25 m. What is: (q) its initial potential energy; (6) its kinetic energy on 
reaching the ground? Assume g = 9-8 m/s*. 

Assuming that all the energy becomes internal energy in the lead when 
it strikes the ground, calculate the rise in temperature of the lead if its 
specific heat capacity is 130 J/kg °C. 

State the energy changes which occur from the moment the lead strikes 
the ground until it has cooled to air temperature again. 

4. A waterfall is 100 m high and the difference in temperature between the 
water at the top and that at the bottom is 0:24°C. Obtain a value for the 
specific heat capacity of water in J/kg °C explaining the steps in your 
calculations. Mention any assumptions you make. (g = 9:8 m/s*.) 

5. Explain the following: (i) when the brakes of a moving car are applied 
for an appreciable time, they get hot; (ii) when the tyre of a car is pumped 
up, the pump gets warm. (C., part qn.) 
6. A car of mass 1000 kg travelling at 72 km/h is brought to rest by 
applying the brakes. Assuming that the kinetic energy of the car becomes 
converted into internal energy in four steel brake drums of equal mass, 
find the rise in temperature of the drums if their total mass is 20 kg, the 
specific heat capacity of steel is 450 J/kg °C, and the work done is equal 
on all four drums. 

7. Some hot water was added to three times its mass of water at 10°C 
and the resulting temperature was 20°C. What was the temperature of the 
hot water? (S.) 
8. A bath contains 100 kg of water at 60°C. Hot and cold taps are then 
turned on to deliver 20 kg per minute each at temperatures of 70°C and 
10°C respectively. How long will it be before the temperature in the bath 
has dropped to 45°C? Assume complete mixing of the water and ignore 
heat losses. (O.C., part qn.) 
9. A brass cylinder of mass 100 g was heated to 100°C and transferred 
to a thin aluminium can of negligible heat capacity containing 150 g of 
paraffin at 11°C. If the final steady temperature after stirring was 20°C, 
calculate the specific heat capacity of paraffin. (Neglect heat losses, and 
assume specific heat capacity of brass = 0-38 J/g °C.) 

10. A piece of copper of mass 40 g at 200°C is placed in a copper 
calorimeter of mass 60 g containing 50 g of water at 10°C. Ignoring heat 
losses, what will be the final steady temperature after stirring? (Specific 
heat capacity of copper = 0-4 J/g °C.) 
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Latent heat of vaporization 


When a kettle is put on to boil the temperature of the water 
steadily rises until it reaches 100°C, At this temperature it starts to 
boil, that is to say bubbles of vapour form at the bottom and rise to 
the surface, where they burst and escape as steam. 

Once the water has begun to boil, the temperature remains constant 
at 100°C. But at the same time, heat is being steadily absorbed by 
the water from the gas flame or heating element. This heat, which is 
going into the water but not increasing its temperature, is the energy 
needed to convert the water from the liquid state to the vapour 
state. 

Experiment shows that 2260000 J are required to convert 1 kg of 
water at its boiling-point to steam at the same temperature. This is 
known as the specific latent heat of steam. ‘*Latent” means hidden or 
concealed. This extra heat goes into the vapour but does not indicate 
its presence by producing a rise in temperature. 

When the steam condenses to form water the latent heat is given 
out. This is one reason why a scald from steam does more harm than 
one from boiling water. Other liquids besides water absorb latent 
heat when they turn into vapour. For example, 860000 J are required 
to convert | kg of alcohol at its boiling-point to vapour at the same 
temperature. These quantities of heat are called the specific latent 
heats of vaporization. 

The specific latent heat of vaporization of a substance is the quantity 
of heat required to change unit mass of the substance from the liquid 
to the vapour state without change of temperature. (Symbol = /.) 

The SI unit of specific latent heat of vaporization is the joule per 
kilogram (J/kg). However, in order to avoid having to write very 
large numbers the alternative units kJ/kg or MJ/kg may be used 
instead. 

kf = 1000 J 
1 MJ = 1000000 J 


SO we may express the specific latent heat of vaporization of water as 
2 260 kJ/kg or 2-26 MJ/kg. (The old thermal unit was the calorie per 
gram (cal/g).) 
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Latent heat of fusion 


Just as latent heat is taken in when water changes to vapour at the 
same temperature, so the same thing occurs when ice melts to form 
water. But in this case the latent heat is not so great. It requires only 
336000 J to convert | kg of ice at 0°C to water at the same tempera- 
ture. Likewise, when water at 0°C freezes into ice, the same quantity 
of heat is given out for every 1 kg of ice formed. This is called the 
Specific latent heat of ice. 

As already mentioned, the phenomenon of latent heat is not con- 
fined to water alone. Other substances also absorb latent heat when 
they melt; conversely, they give out latent heat on solidifying. This 
heat is called /atent heat of fusion. 

The specific latent heat of fusion of a substance is the quantity of 
heat required to convert unit mass of the substance from the solid to 
the liquid state without change of temperature. (Symbol = /.) 

The same units, J/kg, or alternatively kJ/kg or MJ/kg, are used for 
fusion as for vaporization. 

The measurement of specific latent heat is best done by electrical 
methods which are fully dealt with in chapter 42. 


Latent heat of calculations 


Fig. 207 is a self-explanatory illustration of the heat required at 
various stages when 2 g of ice at —6°C are completely converted into 
steam at 100°C. 

The following data are used: 

Specific heat capacity ofice = 2100 J/kg°C (= 2-1J/g°C) 
Specific heat capacity of water = 4200 J/kg°C (= 4:2J/g°C) 
Specific latent heat of ice = 336000 J/kg (= 336 J/g) 
Specific latent heat of steam = 2260000 J/kg (= 2260 J/g) 


To measure melting point from a cooling curve 


The latent heat given out when a molten substance freezes to the 
solid state may be shown by the following experiment with naphtha- 
lene. Naphthalene is a white crystalline solid obtained from coal-tar. 
It has a pungent smell and is often used by gardeners as a soil 
fumigant. 

A test-tube containing naphthalene is held vertically by a clamp 
and stand (Fig. 208). The naphthalene is heated gently by a very 
small bunsen flame until it just melts. A thermometer is inserted in 
the naphthalene and the heating continued until the temperature of 
the melted naphthalene is about 100°C. The bunsen flame is then 
removed, and readings of the thermometer are taken at minute 
intervals as the tube and its contents are cooling. It is noticed that 
when the freezing point, or what is the same thing, the melting point, 
of the naphthalene is reached the temperature remains constant at 
80°C until all the naphthalene has solidified. After this the tempera- 
ture begins to fall again. The temperature changes are illustrated most 
strikingly by plotting a graph of temperature against time. The flat 
portion of the graph represents the time during which the naphthalene 
is solidifying. At this stage its temperature remains constant at 80°C 
although heat is steadily being lost by convection and radiation all the 
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Fig. 209. Cooling curve technique 
in the ironfounding industry. 
As part of routine quality con- 
trol procedure, molten cast- 
_ iron samples are poured into a 
crucible and allowed to cool. 
Temperature/time data are re- 
corded automatically. The ther- 
mometer used here is a platinum/ 
platinum-rhodium thermocouple 
(see page 165). The shape of the 
cooling curve provides informa- 
tion on the composition and 
quality of the metal. 


ve from bellows 


Fig. 210. Cooling by evaporation 


time. The heat lost is exactly compensated by the latent heat of fusion 
of the naphthalene, which is being given out during the change from 
the liquid to the solid state. 

Other substances, for example paradichlor benzene, can be used 
in this experiment and their melting points found from the flat 
portion of the cooling curve (see also Fig. 209). 


Cooling produced by evaporation 


Some liquids have a low boiling-point, and thus change from liquid 
to vapour quite easily at ordinary temperatures. These are called 
volatile liquids. Methylated spirit and ether are examples. 

If a little methylated spirit or eau-de-Cologne is spilt on the hand 
it evaporates rapidly and the hand feels very cold. To change from 
liquid to vapour, the spirit requires latent heat. This it obtains from 
the hand, which thus loses heat and cools. Water would also cause the 
hand to become cold, but not so noticeably as methylated spirit. The 
spirit has a lower boiling-point than water, and so it evaporates more 
quickly at the temperature of the hand. 

Campers are well aware that milk can be cooled more efficiently by 
wrapping the bottle in a wet cloth than by standing it in a bucket of 
cold water. If the rate of evaporation can be speeded up by placing 
the wet bottle in a draught, so much the better. 

Perspiration is the body’s method of maintaining a constant tem- 
perature. When perspiring heavily after exercise it is unwise to stand 
about in a draught, or overcooling may result from evaporation. The 
resulting chill may lower the resistance of the body to infection. 

Dogs, who do not perspire from the skin, hang out their tongues 
during hot weather in order to achieve a cooling effect. 


To make ice by the evaporation of ether 


A beaker about one-third full of ether is stood in a small pool of 
water on a flat piece of wood (Fig. 210). A current of air is then 
bubbled through the ether by means of a rubber tube attached to 
bellows, The ether evaporates into the bubbles, and the vapour is 
carried quickly away as the bubbles rise to the surface and burst, thus 
increasing the rate of evaporation. The rapid change from the liquid 
to the vapour state requires latent heat. This comes from the liquid 
ether itself, with the result that it soon cools well below 0°C. At the 
same time heat becomes conducted through the walls of the beaker 
from the pool of water below it, and eventually the water cools to 
0°C. After this it begins to lose latent heat, and freezes. 


Cooling by evaporation explained by the kinetic theory 


The molecules of a liquid have an average kinetic energy which 
increases with temperature. 

Molecules near the surface which happen to be moving faster than 
average can escape from the attraction of their neighbours and jump 
out of the liquid. Some of these may collide with other molecules 
above the liquid and so bounce back into it. But many others may 
escape altogether and their escape will be assisted if a current of air 
is passed over or through the liquid. Bubbling air through a liquid 
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also increases the rate of evaporation by increasing the surface area 
from which molecules may escape. 

In this way the liquid loses its most energetic molecules while the 
less energetic ones are left behind. The average kinetic energy of the 
remaining molecules is therefore reduced and this results in a fall in 
temperature. 


Fusion and vaporization in relation to the kinetic theory 
of matter 


Fusion 

We explained on page 150 that the molecules of solids vibrate to 
and fro alternately attracting and repelling one another. Their total 
energy can be looked on as consisting of two parts: kinetic energy 
which depends on the temperature; and potential energy which 
depends on the force between the molecules and their distance apart. 

In the liquid state the molecules have a wider range of movement 
than in the solid, thus going into extra close and extra distant posi- 
tions. Their potential energy is therefore increased and the additional 
energy required is the latent heat of fusion. 


Vaporization when heat is supplied 

When vaporization occurs the vapour occupies a much larger 
volume than the liquid so that energy is required to separate the 
molecules against their mutual attractions (internal work). In addi- 
tion extra energy is required to enable the vapour to expand against 
the atmospheric pressure (external work). The heat required to pro- 
vide the sum total of internal and external work without change of 
temperature is the latent heat of vaporization. 


The refrigerator 


Cooling in a domestic refrigerator takes place when a volatile 
liquid, Freon,* evaporates inside a copper coil surrounding the 
freezing box (Fig. 211). As fast as the vapour is formed it is removed 
by an electric pump, and so under the reduced pressure the liquid 
evaporates rapidly and may even boil. The necessary latent heat of 
vaporization is provided at the expense of the liquid’s own internal 
energy which therefore cools in consequence. An experiment to 
demonstrate the cooling which occurs when a liquid boils under 
reduced pressure is described on page 231. 

The vapour which has been pumped off passes into a second coil 
(the condenser) outside the cabinet where it is compressed by the 
pump and condenses back to liquid. Here latent heat is given out, 
and to enable this heat to be dissipated quickly the condensing coil 
may be fitted with copper fins. Heat is removed by conduction into 
the fins and thence by convection and radiation to the surroundings. 

From the condensing coil the liquid is passed back into the evapora- 
tor coil round the freezing box. In this manner a continuous circula- 
tion of liquid and vapour is set up. The rate of vaporization and the 
consequent degree of cooling is controlled by a thermostat switch (not 
shown in the diagram), which switches the pump motor on and off at 


_* Freon is a collective term for suitable refrigerants, an example being 
dichlorodifluoromethane (boiling-point 30 °C). 
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Fig. 212. Change in volume on 
solidification 
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Fig. 211. Domestic electric refrigerator 


intervals. The thermostat is adjustable and is provided with a dial 
which may be set to give the desired low temperature inside the 
cabinet. 

A different type of refrigerator is also in common use which, 
instead of a pump, employs a gas flame or electric heater to provide 
the energy necessary to maintain the circulation of liquid and vapour. 
The method of producing the circulation is somewhat more complex 
than that described above. Nevertheless, the basic principle, namely, 
cooling by vaporization under reduced pressure, remains the same. 


Change of volume on solidification 


When water freezes to form ice expansion occurs and the ice takes 
up a bigger volume than the water. For this reason, water pipes are 
liable to burst during very cold weather, although the leaks do not 
occur until a thaw sets in. 

Sometimes the expansion of a substance on solidification serves a 
useful purpose. Molten type-metal, for example, expands very slightly 
when it solidifies, and so takes up a sharp impression of the mould. 

Most substances, however, contract in volume when they solidify. 
Paraffin wax is a typical example. When some molten paraffin wax is 
allowed to become solid in a test-tube the shrinkage in volume is 
shown by a deep cleft in the surface (Fig. 212). 
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Effect of pressure on melting point. Regelation 


If a substance expands on solidifying, then the application of 
pressure lowers the melting point. Conversely, substances which con- 
tract in volume on solidifying have their melting points raised by 
pressure. Thus, the freezing point of water is lowered by just over 
0-007 °C per atmosphere increase in pressure, while the freezing point 
of paraffin increases by about 0-04°C per atmosphere. 

The experiment illustrated in Fig. 213 shows the effect of pressure 
on the melting point of ice in a rather striking manner. A block of ice 
rests on two supports, and a thin copper wire with heavy weights at 
each end is hung over it. After an hour, more or less, depending on 
the size of the block, the wire cuts right through it and falls to the 
floor, leaving the ice still in a solid block. This phenomenon is called 
regelation (= refreezing). 

Several factors. are involved here. The pressure of the wire lowers 
the melting point of the ice in contact with it, and so the ice melts and 
flows above the wire. The latent heat required for the melting comes, 
in the first instance, from the copper wire. As soon as the water passes 
above the wire it is no longer under pressure and therefore refreezes. 
In so doing it gives out latent heat, and this heat is conducted down 
through the wire to provide heat for further melting of the ice beneath. 

It must be realized that rapid conduction of heat down through the 
copper is an important factor in the process. An iron wire of smaller 
thermal conductivity cuts through much more slowly. A thin string 
of very low conductivity will not pass through at all. 

Regelation is a factor in the making of snowballs. Compression of 
the snow by hand causes slight melting of the ice crystals, and when 
the pressure is removed refreezing occurs and binds the snow to- 
gether. In very cold weather the pressure exerted is insufficient to 
melt the snow, and so it fails to bind (see also Fig. 214). 


Why ice is slippery 

The ease with which a skater glides over the ice depends on the 
formation of a thin film of water between the blade of the skate and 
the ice. At one time this was generally believed to be caused by melt- 
ing under pressure. However, a simple calculation shows that the 
pressure exerted by a skater is about 10 atmospheres and this would 
lower the melting-point by less than 0-1°C. Yet skating is possible 
even when the temperature is several degrees below zero. 

It was first pointed out by F. P. Bowden, and later by J. Fremlin 
that the water film in this case is more likely to be brought about by 
the work done against friction. This work becomes transformed into 
internal energy and the ice melts in consequence. 


Worked example 


Dry steam is passed into a well-lagged copper can of mass 250 g 
containing 400 g of water and 50 g of ice at 0°C. 

The mixture is well stirred and the steam supply cut off when the 
temperature of the can and its contents reaches 20°C. Neglecting heat 
losses, find the mass of steam condensed. 

(Specific heat capacities: water, 4-2 J/g °C; copper, 0-4 J/g °C. 
Specific latent heats: steam, 2 260 J/g; ice, 336 J/g.) 
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Fig, 213. Regelation 


Fig. 214. Mode/ showing arrange- 
ment of atoms in a hexagonal ice 
crystal. This model was con- 
structed at the National Physical 
Laboratory from theoretical and 
experimental studies designed to 
give information on the forces 
between atoms in ice and so 
lead to a better understanding of 
the behaviour and properties of 
ice and liquid water 
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Using the principle of conservation of energy, we may say, 


heat given out by steam = heat received by ice, water and can. 
Let mass of steam condensed = m grams 


Heat in joules given out by: 

Steam condensing to water at 100 °C =m x 2260 

Condensed steam cooling from 100°C to 20°C = m x 4:2 x 80 
Total = m x 2 596 


Heat in joules received by: 
Ice melting to water at 0 °C 
Melted ice warming from 0 °C to 20 °C 
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Water warming from 0 °C to 20 °C 

Calorimeter warming from 0 °C to 20 °C 250 x 0-4 x 20 
Total = 56 600 J 

Hence m X 2596 = 56600 

or m= 218g 


Answer: mass condensed = 21-8-¢ 


QUESTIONS: 19 


Note, When required in any question, values for the specific heat capacity and 
specific latent heats of water given on page 221 should be used. 


1. Define specific heat capacity and specific latent heat of vaporization. 

Calculate the heat required to convert 2 kg of ice at —12°C to steam at 
100°C. 

2. Define specific latent heat of ice. 

A refrigerator can convert 400 g of water at 20°C to ice at —10°C in 

3 hours, Find the average rate of heat extraction from the water in joules 
per second. 
3. What do you understand by specific latent heat of fusion? Find the 
quantity of heat required to melt completely 200 g of lead initially at 
27°C given that, for lead: melting-point = 327°C; mean specific heat 
capacity = 0-14 J/g °C; specific latent heat of fusion = 270 J/g. 

If the heat is supplied to the lead at the rate of 30 joules per second, find: 
(a) the time taken to bring the lead to its melting-point; (6) the additional 
time required to melt it. 

4. 160 g of molten silver at its melting-point, 960 °C, is allowed to solidify 
at the same temperature and gives out 16 800 J of heat. What is the specific 
latent heat of silver? 

If the mean specific heat capacity is 230 J/kg°C, how much additional 
heat does it give out in cooling to —40°C? 

5. The temperature of naphthalene contained in a test-tube is recorded 
every half-minute as it cools from 95°C to 50°C. Show the nature of the 
graph obtained on plotting temperature against time and explain its shape, 
given that the melting-point of naphthalene is 78°C. 

6. Define specific latent heat of steam. 

Use the kinetic theory of matter to explain how a liquid absorbs energy 
when it boils at constant temperature and turns into vapour. 

An electric kettle contains 1-5 litres of water at 20°C. Find: (a) the heat 
required to bring it to boiling-point; (6) the additional heat necessary to 
boil half the water away, assuming that all the heat from the element goes 
into the water. If the element is rated at 1000 W, how long does it 
take the water to come to the boil? 
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7. A copper can together with a stirrer of total heat capacity 60 J/°C con- 
tains 200 g of water at 10°C. Dry steam at 100°C is passed in while the 
water is stirred and until the whole reaches a temperature of 30°C. 
Calculate the mass of steam condensed. 
8. After a period of hard frost with temperatures several degrees below 
zero, snow may fall and it is noticed that the air temperature often rises 
to 0°C, Suggest an explanation in terms of the latent heat of ice. 
9. Explain why vegetables stored in a cellar can be protected from damage 
by frost by having tubs of water placed in the cellar. (O.C., part qn.) 
10. What is meant by specific latent heat of fusion? Give a simple explana- 
tion, by reference to internal molecular energy, of the changes which occur 
in a substance when it is supplied with heat at constant temperature and 
goes from the solid to the liquid state. 
11, 0:5 kg of naphthalene contained in an aluminium can of mass 0-4 kg 
is melted in a water bath and raised to a temperature of 100°C. Calculate 
the total heat given out when the can and its contents are allowed to cool 
to room temperature, 20°C. Neglect losses by evaporation during the 
heating process and give your answer to the nearest kilojoule. (For 
naphthalene: melting-point = 80°C; specific heat capacity for both liquid 
and solid = 2100 J/kg°C; specific latent heat of fusion = 170000 J/kg. 
For aluminium: specific heat capacity = 900 J/kg°C.) 
12. Describe briefly with two reasons, two ways (other than direct heating) 
by which a quantity of liquid may be made to evaporate more quickly. 
(S.) 
13. A metal can which is efficiently lagged with expanded polystyrene 
contains a mixture of water and crushed ice at 0°C. It is weighed, and 
immediately afterwards the mixture is well stirred while dry steam at 
100°C is passed in. When all the ice has just melted, the steam supply is 
stopped and a second weighing reveals a gain in mass of 15 g. Calculate 
the mass of ice originally present. 
14. A copper cylinder of mass 90 g, supported by a length of thread is 
lowered into a vacuum-walled vessel containing liquid nitrogen at its 
boiling-point, —196°C. The nitrogen boils vigorously for a short time. 
Explain this. 

When boiling has ceased, the copper is transferred to a large vessel 
containing water at 0°C and it is observed that a sheath of ice forms round 
the copper. Explain why this occurs and calculate the mass of ice formed. 
(Mean specific heat capacity of copper = 300 J/kg °C.) 

15. State what is meant by the kinetic theory of matter, and employ the 
theory to explain cooling by evaporation. (C., part gn.) 
16. A weight is supported by a loop of copper wire which passes over a 
block of ice. Why does the wire gradually pass through the ice but leave 
it solid as before? 

Describe and explain another experiment or phenomenon which 
depends on the same principle. (L., part qn.) 
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It is a matter of common knowledge that some water in an open 
vessel eventually dries up through evaporation. Liquids vary in the 
rate at which they evaporate at ordinary temperatures. Alcohol and 
ether, for example, disappear rapidly. They are said to be volatile. On 
the other hand, lubricating oil and mercury never seem to evaporate, 
however long they are allowed to stand. 


How liquids evaporate 


When discussing the process of evaporation (page 222), we used 
the kinetic theory to explain how molecules escape from a liquid. 

If a liquid is heated, the energy which goes into it becomes 
mechanical energy in the molecules. More and more of the molecules 
gain enough kinetic energy to enable them to escape from the attrac- 
tion of their neighbours and jump right out of the liquid. A rise in 
temperature is, therefore, accompanied by an increase in the rate of 
evaporation. 


Vapour pressure 


Let us suppose that some liquid is poured into a bottle which is 
then corked up. Owing to evaporation, the space above the liquid 
begins to fill with vapour. The vapour molecules move about in all 
directions and exert pressure when they bounce off the walls of the 
bottle. They also strike the surface of the liquid and many re-enter it. 
Eventually @ state of dynamic equilibrium is reached in which the rate 
at which molecules leave the liquid is equal to the rate at which others 
return to it. The use of the word dynamic to describe the equili- 
brium stresses the fact that the molecules are in continuous motion 
with equal two-way traffic at the surface of the liquid. 

Under these conditions the space above the liquid is said to be 
saturated with vapour, and the pressure exerted is called the 
saturation vapour pressure (s.V.p.). 

For a given temperature the saturation vapour pressure of a liquid 
is always the same whether there is air in the space above it or not. 

Before equilibrium has been reached in the manner described the 
vapour is said to be unsaturated. 
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A saturated vapour is one which is in a state of dynamic equilibrium 
with its own liquid or solid. 


To measure the saturation vapour pressure of a liquid 


The vapour pressure of a liquid may be studied and measured by 
the aid of an ordinary simple barometer as shown in Fig. 215 (a). 
Having set up the barometer as described on page 124, a very small 
quantity of the chosen liquid is introduced into the lower end of the 
tube by means of a special bent pipette. In this way a small drop of 
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Fig. 215. S.V.P. of a liquid at room temperature 


liquid is allowed to rise up the mercury column. On reaching the top 
it evaporates and the pressure exerted by the vapour depresses the 
column. 

Tf sufficient liquid is added so that a small quantity remains on top 
of the mercury the space above will become saturated and the satura- 
tion vapour pressure may be measured by the total depression, h, 
of the column. In order that this may be done accurately it is advisable 
to have a second barometer tube set up in case the barometric 
pressure should alter during the course of the experiment. Also, the 
liquid used in the pipette should be freshly boiled so as to remove any 
dissolved air which would spoil the results. 


Saturation vapour pressure does not depend on volume 


It is important to note that saturation vapour pressure at any given 
temperature is independent of the volume of the vapour so long as 
there is some free liquid present to ensure saturation conditions. 

This may be demonstrated by tilting the barometer tube containing 
the vapour (Fig. 215 (6)). The mercury rises up the tube but keeps at 
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the same level. As the volume decreases, the excess vapour condenses 
back to liquid and the vapour pressure remains constant. 


Variation of saturation vapour pressure with temperature 


The effect of temperature on the saturation vapour pressure of a 
liquid may be studied by means of two barometer tubes placed side 
by side in a water bath (Fig. 216). 

If water is the liquid to be investigated a little freshly boiled water is 
introduced into one of the tubes in the manner already described. The 
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Fig. 216. Variation of s.v.p. with temperature 


temperature of the water bath is then noted and the saturation vapour 
pressure found by measuring the difference, 4 in mm, in the mercury 
levels. 

The water bath is stirred continuously and its temperature raised 
by passing in steam from a boiler. At 10 degree intervals readings of 
temperature and saturation vapour pressure are taken. 

From the results, a graph may be plotted, similar to that shown, 
although with this apparatus it is inadvisable to attempt to reach a 
temperature as high as 100°C. 


What happens when a liquid boils 


If a liquid is heated its temperature begins to rise, and therefore the 
saturation vapour pressure will increase. Ultimately, the saturation 
vapour pressure becomes equal to the external atmospheric pressure. 
At this stage the further addition of heat will cause bubbles of vapour 
to form inside the body of the liquid and rise to the surface. This 
process is called boiling or ebullition. 
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The boiling point (b.p.) of a substance is defined as the temperature 
at which its saturation vapour pressure becomes equal to the external 
atmospheric pressure. 


Variation of the boiling point of water with pressure 


Since the atmospheric pressure does not remain constant, the 
boiling point of water is liable to vary from day to day. Water boils 
at exactly 100°C only when the barometric pressure is at the standard 
value of 760 mmHg. Tables are available which give the boiling point 
at other pressures. These tables show that the boiling point of water 
changes by approximately 0-037 °C per mmHg change of pressure. 


Boiling under reduced pressure 


Water can be made to boil without heating it simply by reducing 
the atmospheric pressure above it to a value less than the saturation 
vapour pressure. This may be done with the aid of a filter pump. 

A flask containing some lukewarm water is fitted with a two-holed 
rubber bung through which passes a thermometer and a short glass 
tube (Fig. 217). When the flask is connected to a good filter pump the 
water begins to boil as soon as the pressure becomes less than the 
saturation vapour pressure corresponding to the temperature of 
the water at the time. 

Since no heat is being supplied from outside, the necessary latent 
heat of vaporization has to come from the water itself. It therefore 
cools and the temperature indicated by the thermometer drops 
rapidly. To some extent this experiment illustrates how cooling occurs 
in the coils surrounding the freezing compartment of a refrigerator 
(see page 223). 


Determination of boiling point 


We may use the fact that the saturation vapour pressure of a liquid 
at its boiling point is equal to atmospheric pressure as a means of 
finding the boiling point. 

A small glass U-tube, closed at one end and bent as shown in 
Fig. 218, is filled with clean mercury, with the exception of a small 
space at the top. This space is then filled with a little freshly boiled 
liquid, e.g., alcohol. 

By suitably tilting the tube while a finger is held over the open end, 
the alcohol may be caused to pass into the closed arm and remain on 
top of the mercury when the tube is vertical. The excess mercury in 
the open limb may then be removed by holding the tube over a 
beaker and slowly inserting a glass rod. 

Having thus prepared the tube, it is placed in a large beaker of 
water together with a thermometer. The water is slowly heated and 
stirred continuously. As the temperature rises the liquid begins to 
vaporize, and when the mercury levels are the same on both sides the 
vapour pressure is atmospheric. The thermometer now indicates the 
boiling point of the liquid. A mean value of the boiling point is ob- 
tained from two readings, one taken when the temperature is rising 
and the other when it is falling through the boiling point. 
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Fig. 217. Water boiling under reduced 
pressure 
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Fig. 218. To measure b.p., using a small 
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The pressure cooker 


The time required for cooking vegetables and other food can be 
greatly reduced if the boiling point of the water is raised. This can be 
done by the use of a pressure cooker. 

The pressure cooker, or “digester” as it used to be called, dates 
from the seventeenth century and was invented by a Frenchman 
named Denys Papin. In an account written in 1681, Papin describes 
how he used the digester to extract gelatin from beef bones. He goes 
on to say that he afterwards added lemon juice and sugar to the 
gelatin and found the resulting lemon jelly much to his liking. 

The modern counterpart of the digester commonly takes the form 
of a stout aluminium container fitted with a lid having a rubber 
sealing ring (Fig. 219). Steam is allowed to escape through a loaded 
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Fig. 219, Pressure cooker 


pin valve which can be set to blow at excess pressures varying from 
a third to one atmosphere. By this means it is possible to cook at 
temperatures up to 120°C or more, with a corresponding saving of 
time and fuel. 

Explorers in mountainous regions find pressure cookers indis- 
pensable, and they are useful in other places where the atmospheric 
pressure is low. For example, Quito, the capital of Ecuador, is over 
2700 m above sea-level, and here water normally boils at about 
90°C. 


ATMOSPHERIC MOISTURE 


Owing to evaporation which goes on continuously from the sea and 
other water surfaces, the atmosphere always contains water vapour. 
The quantity of vapour which air can hold depends on the tempera- 
ture. If warm air containing water vapour is cooled it can hold less 
vapour, so that below a certain temperature the excess vapour 
condenses out. 


Dew point 


Those who wear spectacles know that when they enter a warm 
room from the cold outside air a film of moisture is often deposited 
on the spectacle lenses. Similarly, a cold mirror may become dulled 
when brought into a warm atmosphere. 
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In such cases the cold glass surface cools the air in its vicinity to 
a temperature below that for which the water vapour present is 
sufficient to saturate the air. Excess vapour then condenses out, 
and the highest temperature at which this can occur is called the 
dew point. 

The dew point is defined as the temperature at which the water 
vapour present in the air is just sufficient to saturate it. 


Relative humidity 


On page 222 mention was made of the part played by perspiration 
in controlling bodily temperature. We shall now look into this a little 
more fully. 

The rate at which moisture evaporates from the skin depends on 
three factors, namely, the temperature, the amount of water vapour 
present in the atmosphere and the rate of movement of air over 
the skin. 

On occasions when the air is still and its vapour content is near to 
saturation the rate of evaporation from the body slows up. Under 
these conditions even moderate exercise induces profuse perspiration, 
and the skin remains moist or clammy. The atmosphere is described 
as being close or humid. Matters can be improved if the rate of 
evaporation is increased by setting the air in motion, Where there is 
no natural breeze an artificial one can be created by fans. This is often 
done in rooms where humid conditions frequently occur. 

At other times, when the air is comparatively dry, evaporation 
from the skin takes place more easily, and faster cooling of the body 
ensues. Thus, in hot continental climates, where the atmosphere tends 
to be dry, high temperatures can be tolerated more comfortably than 
in tropical regions, where heavy rainfall leads to near-saturation 
conditions. 

From the point of view of personal comfort and for certain indus- 
trial purposes to be mentioned later, the actual quantity of water 
vapour present in the air is not so important as its nearness to 
saturation or relative humidity. 


mass of water vapour in a given volume of air 
mass of water vapour required to saturate the 
same volume of air at the air temperature 


Relative humidity = 


We need not here go into detail but, as a matter of interest, this 
ratio may also be expressed in the more convenient form. 


s.y.p. of water at the dew point 
s.V.p. of water at the original air temperature 


Relative humidity 


There are a number of different methods available for measuring 
relative humidity by instruments called hygrometers. We shall describe 
one of the simpler and more common types in use. 


Wet- and dry-bulb hygrometer 


For meteorological purposes the relative humidity may be 
measured quickly with a reasonable degree of accuracy by means of 
the wet- and dry-bulb hygrometer (Fig. 220). This instrument has two 
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Fig. 220. Wet- and dry-bulb hygro- 


meter 


thermometers mounted side by side, one of which has its bulb 
covered with a muslin wick dipping into a small vessel of water. 
Owing to evaporation of water from the muslin, the wet bulb is 
cooled to an extent which depends on the dryness of the surrounding 
air. Tables have been drawn up relating the relative humidity to the 
dry-bulb temperature and the wet-bulb depression. 


Humidity control 


In certain manufacturing processes the relative humidity is an 
important factor. Cotton fibres, for example, must not become too 
dry, or they become brittle and difficulties arise through electrifica- 
tion by friction. For this reason the British cotton spinning industry 
came to be established in the damp climate of Lancashire on the west 
side of the Pennines. In this part of the country moisture-laden winds 
from the Atlantic are forced upwards over the high ground where the 
atmospheric pressure is less. In the resulting expansion the air does 
work, and the energy for this is provided from the internal energy of 
the air (see page 217). Consequently, the wind cools and excess 
moisture is precipitated as rain. 

In contrast, a dry atmosphere is needed in factories where the 
assembly of certain electrical components is carried out. This require- 
ment also applies to warehouses for the storage of food and tobacco 
and for the seasoning of wood. In such cases special equipment is 
installed to dry the air and recirculate it through the building. 


Air conditioning 


At the present time increasing use is being made of air-conditioning 
plant in ships, theatres, concert halls and other buildings. Large fans 
draw air from outside and pass it through water sprays to wash out 
dust and fog particles. Afterwards it is heated and humidified to the 
correct value before being conveyed through large pipes or ducts to 
the various rooms. 


QUESTIONS: 20 


1. Explain the statement “the saturation vapour pressure of water at 
15°C is 13-0 mm of mercury”. (J.M.B.) 
2. State two ways in which a saturated vapour differs from an unsaturated 
vapour. 

Describe an experiment to discover how the saturation vapour pressure 
of water depends upon the temperature. Draw a graph showing the rela- 
tion between them. (Cc) 

3. What do you understand by the terms saturated vapour, unsaturated 
vapour, and boiling point? 

Describe a method of measuring the saturation vapour pressure of 
alcohol between room temperature and a few degrees below the boiling 
point. 

Sketch roughly the type of curve you would expect to obtain. (Saturation 
vapour pressure at 15°C = 3 cm. Boiling point of alcohol = 78°C.) 

(0.C.) 

4. Describe briefly, with reasons, two ways (other than by direct heating) 
by which a quantity of liquid may be made to evaporate more quickly. 
(S., part qn.) 
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5. Define boiling point of a liquid. 

Describe one experiment in each instance to show how the boiling 
point of water is affected by: (i) a change in the pressure; (ii) the addition 
of salt to the water. (L., part qn.) 
6. Describe an experiment to show that the boiling point of water is 
decreased by a reduction in pressure. 

Describe one practical application of an increase in the boiling point 
of water under increased pressure. (C., part qn.) 
7. A simple barometer has a thin layer of water on top of the mercury 
column. When the temperature is 20°C the height of the mercury column 
is 74:1 cm. What is the atmospheric pressure? Assuming that this remains 
constant, what will the barometer read if the temperature falls to 10°C? 
Ignore the change in density of the mercury. (Saturated vapour pressure 
of water at 10°C and 20°C are 9 mm and 17 mm of mercury respectively.) 

(A.E.B., part qn.) 
8. What do you understand by a saturated vapour? 

Describe how you would measure the saturated vapour pressure of 
water at room temperature. 

Explain as fully as you can what happens when a liquid boils. Why 
would you expect the boiling point of a liquid to be lowered when the 
pressure above the free surface is reduced? (O.) 

9. State the effect of an increase of pressure on: (a) the boiling point of 
water; (6) the melting-point of ice. 

State the effect of a decrease in volume on the pressure of: (c) an 
unsaturated vapour; (d) a saturated vapour. (J.M.B.) 
10. With the aid of a labelled diagram describe the essential features of a 
refrigerator and explain its action. 

11. Describe an experiment to show that a liquid boils when its saturated 
vapour pressure is equal to the pressure on its surface. 

Define relative humidity, and explain the action of a wet- and dry-bulb 
hygrometer. (S.) 
12. Explain the distinction between saturated and unsaturated vapour, 
and between evaporation and boiling. 

Heat is supplied at a rate of 500 W to a pressure cooker containing 
water and fitted with a safety valve. Steam escapes at such a rate that the 
loss of water is 10:4 g/min. If heat is supplied at the rate of 700 W 
15-6 g of water is lost per minute. 

Suggest an explanation of these figures and deduce: (a) the latent heat 
of steam in joules per gram at the temperature of the cooker, and (6) the 
rate of loss of heat from the cooker at this temperature by other processes 
than evaporation. (0.C.) 
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The sharp edges of shadows make us realize that light travels in 
straight lines, We can also demonstrate this fact by a simple experi- 
ment with three cardboard screens having small holes in their centres. 
These are set up so that the holes are in a straight line by threading 


‘Dd. 


Fig. 221. Showing that light travels in a straight line 


string through the holes and pulling it taut (Fig. 221). Light from a 
candle or lamp placed at A can then be received by an eye at B. If, 
however, one of the screens is moved so that the holes are no longer 
in a straight line the light is cut off. 

Later on, however, it will be seen that light is a form of wave 
motion and shows the same kind of behaviour as water waves. We 
shall show that light energy can spread out through a narrow opening 
to produce diffraction and interference effects (chapter 26). 


Rays and beams of light 


Ordinarily, the term ray refers to a narrow stream of light energy, 
e.g., that coming through a small hole in a screen, but scientifically it 
has a more precise meaning. 

A ray is the direction of the path taken by light. In diagrams rays are 
represented by lines with arrows on them. 
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Fig. 223, Photograph taken with a 
pinhole camera 


A beam is a stream of light energy, and may be represented bya 
number of rays which may be either diverging, converging or parallel. 
Examples of each of these will be met with in due course. 


The pinhole camera 


This device was first used in the sixteenth century, when it was 
known as the camera obscura. It consists of a box with a pinhole ina 
metal plate at one end and a screen of tracing-paper or frosted glass 
at the other (Fig. 222). An image is formed on the screen which will 
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Fig. 222. Image formation by a pinhole camera 


be seen more clearly if external light is excluded by covering head and 
camera with a dark cloth. Since light travels in straight lines, it 
follows that a given point on the screen will be illuminated solely by 
light coming in a straight line through the pinhole from a certain 
point on an object outside. Rays of light from the various parts of an 
object outside will thus travel in straight lines through the pinhole, 
and form a multitude of tiny patches on the screen. These tiny patches 
combine to form an inverted image of the object. 

A blurred image results if the hole is made much larger than a pin- 
hole. This may be explained if we think of the larger hole as being 
equivalent to a group of small holes close together, each of which 
produces its own image on the screen. These images overlap, and the 
resultant effect is an image which is brighter but very blurred. 

Ifa line is drawn through the pinhole perpendicular to both object 
and image it may be proved by similar triangles that 


height of image __ distance of image from pinhole 
height of object distance of object from pinhole 


This fraction is called the magnification of the camera. For large 
magnification it is obvious that the distance of the object from the 
pinhole must be small compared with the distance between pinhole 
and screen. 

If the screen is replaced by a photographic plate or film very satis- 
factory pictures of still subjects may be taken with this camera using 
time exposures of suitable length (Fig. 223). Snapshots can be taken 
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only with a lens camera, since the larger aperture of the lens admits 
more light energy per second than a pinhole. 

Following the invention of the pinhole camera, artists were quick 
to realize its possibilities. The accuracy of perspective in the views 
of Venice painted by Antonio Canaletto is attributed to the use he 
made of the device. 


Shadows 


We have already mentioned that the sharp edge of a shadow 
indicates that light travels in straight lines. 

When an obstacle is placed in the path of light coming from a point 
source the shadow formed on a screen is uniformly dark (Fig. 224). 
The point source of light used here has been made by putting an 
electric lamp inside a tin with a small hole in it. 
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Fig. 224. Shadow formation 


If an extended source is used the shadow is seen to be edged with a 
border of partial shadow called penumbra to distinguish it from total 
shadow or umbra (Fig. 225). The extended source shown in this 
diagram has been made by putting a pearl electric lamp inside a tin 
with a large hole in it. Points inside the umbra receive no light at all 
from the source. The penumbra receives a certain amount of light 
from the source, but not as much as it would receive if the obstacle 
were removed. 

Screen 
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Obstacle 


Penumbra 
Fig. 225. Umbra and penumbra 
Eclipses 


An eclipse of the sun by the moon occurs when the moon passes 
between the sun and the earth and all three are in a straight line. 
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Fig, 226(c). Stages towards a 
total eclipse of the sun as seen 
from Virginia on 7th March 1970 
The photographs show the moon 
nudging across the sun and 
finally reaching total eclipse. 


Fig. 226 (a) shows how the umbra and penumbra are produced, and 
the appearance of the sun as seen from various positions on the 
earth’s surface. 

On occasions when the distance of the moon from the earth is such 
that the tip of the umbra fails to reach the earth’s surface an annular 
eclipse occurs, and from one place on the earth the sun presents the 
appearance of a ring of light (Fig. 226 ()). 


(Not to scale) 
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Fig. 226. Eclipse of the sun by the moon 


The nature of light 


Scientists have always been puzzled by the nature of light. In the 
seventeenth century there were two schools of thought concerning it. 
Sir Isaac Newton regarded light as a stream of corpuscles or tiny 
particles travelling in straight lines. The Dutch physicist, Huygens, 
held that light consisted of waves in a substance called the ether, 
which he supposed filled the whole of space, including that between 
the atoms of matter, and which could not be removed even from a 
vacuum. 

As time went on and more became known about the behaviour of 
light, Huygens’s wave theory came to be accepted as the better one. 
At the present day, however, we have reason to believe that light 
consists of streams of tiny wave-like packets of energy called 
“photons”, which travel at a speed of 3 x 10* m/s or 3 x 10° km/s. 

Atoms emit light at the high temperatures produced by chemical 
reaction in a flame, by the heating of thin tungsten wire in the 
ordinary electric lamp or by the bombardment of gas molecules by 
electrons in a discharge lamp tube. 

The sun and sources as described above are said to be self- 
luminous, since they emit light of their own accord. The common 
objects around us are not self-luminous, but we are able to see them 
because they reflect light from the sun or other sources in all direc- 
tions. Mirrors and highly polished surfaces reflect light strongly, and 
we shall now deal with the laws governing the reflection. 


Reflection of light 


Fig. 227 illustrates the terms we use in the study of reflected light. 
MM represents the surface of a plane mirror. AQ, called the incident 
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ray, is the direction in which light falls on to the reflecting surface. 
O is the point of incidence and OB the reflected ray. The angles i and 
r which the incident and reflected rays make with ON, the normal or 
perpendicular to the reflecting surface at the point of incidence, are 
called the angles of incidence and reflection respectively. 


Laws of reflection 


(1) The incident ray, the reflected ray and the normal at the point 
of incidence all lie in the same plane. 
(2) The angle of incidence is equal to the angle of reflection. 


To verify the laws of reflection of light 


A strip of plane mirror is set up vertically, with its silvered surface 
on a line MM’ drawn on a sheet of white paper on a drawing-board 
(Fig. 228). A pin O, to serve as an object, is stuck into the paper about 
7 or 8 cm from MM’. 

With the eye in some convenient position £,, two pins P, and P, are 
stuck into the paper so as to be in a straight line with the image / of 
the pin O seen in the mirror. 

For accuracy, these sighting pins must be placed as far apart as the 
paper will allow. The two sighting pins are next removed, and their 
positions marked by small pencil crosses and lettered P, and P,. The 
same procedure is carried out with the eye in several other positions, 
such as E,, at least two positions on either side of the object O being 
taken. When this has been done the mirror is removed. 

The points P, and P;, etc., are then joined by pencil lines to cut 
MM‘ at B,, etc., and these lines are produced backwards behind the 
mirror. Here they ought all to intersect at /. 

The lines OB,, OB,, etc., represent incident rays and B,P,, B,Ps, 
etc., are the corresponding reflected rays. Normals B,N,, B,N, and so 
on are constructed and the angles of incidence and reflection for each 
pair of rays noted in a table. In each case it is found that i = r, thus 
verifying the second law. 


Angle of incidence Angle of reflection 
2) ) 


This experiment can be performed on a flat drawing-board only if 
the mirror is set up at right angles to the board. This verifies the first 
law of reflection. 

Note. If JO is joined, cutting MM’ at Q, itis found that JQ = OQ 
and JO is perpendicular to MM’, We therefore infer that the line 
joining object and image is at right angles to the mirror and the image 
is as far behind the mirror as the object in front. 

We shall learn more about the image from a later experiment. 
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Fig. 227. Reflection from a plane mirror 
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Fig. 228. Locating image by sighting 
pins 
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Fig. 230. Image in a plane mirror 


Parallax 


When we look out of the window of a moving train, trees, chim- 
neys, towers and other objects in the landscape appear to be moving 
relatively to each other. Thus, at one moment a tree may appear to be 
to the right of a church spire and a few seconds later to the left of it. 
Their actual positions in space have, of course, remained fixed. This 
apparent relative movement of two objects owing to a movement on 
the part of the observer is called parallax. 

No parallax is observed between the cross surmounting a spire and 
the spire itself, since these two objects coincide in position. 


To locate images by no-parallax 


The method of no-parallax is frequently used in light experiments 
to locate the positions of the images of pins (Fig. 229). The eye is 
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Object pin 


Fig. 229, Finding image position by no-parallax 


moved from side to side while viewing a search pin placed in the 
neighbourhood of the image. A position is found for which both 
pin and image appear to coincide in the same straight line. When 
this condition of no-parallax holds the search pin gives the position 
of the image. 


To study the image formed in a plane mirror 


A straight line MM’ is drawn across the centre of a sheet of draw- 
ing paper to represent a reflecting surface and a large letter E to serve 
as an object (Fig. 230). A strip of plane mirror is then stood vertically 
with its silvered surface over MM’ and the image of the object letter 
E seen in the mirror is found in the following manner. An object pin 
is stuck into the paper at the various points O,, O;, etc., in turn on 
the object letter, and each time the images, /,, /,, etc., are located by 
the method of no-parallax, using a search pin as described in the 
previous section. When adjusting the search pin to coincidence 
with the image it is useful to keep in mind that, of the two, the further 
one moves with the eye. 

Suitable measurements should now be taken on the diagram and 
observations recorded in the notebook to verify the following facts, 
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The image in a plane mirror is: 


(1) The same size as the object. 

(2) The same distance behind the mirror as the object is in front. 
(3) Laterally inverted. 

(4) Virtual (it cannot be formed on a screen). 


Finally we see from this experiment that the line joining any point 
on the object to its corresponding point on the image cuts the mirror 
at right angles. It is important to remember this, as we use it when 
making graphical constructions of images in plane mirrors. 


Looking into a plane mirror 


We were, of course, already familiar with some of the above facts 
from our everyday experience with mirrors. Looking into a mirror, 
we see an image of the face situated apparently behind the mirror. If 
we now move backwards the image will recede so that it is always the 


Fig. 231. 


same distance behind the mirror as the object is in front. Unlike the 
images formed on a screen by a projector, which are said to be real in 
the sense that they are formed by the actual intersection of real rays, 
the image we see in the mirror cannot be formed on a screen. It is said 
to be virtual and is produced at the place where the reflected rays 
appear to intersect when their directions are produced backwards 
behind the mirror. This is further explained in the next paragraph. It 
is also to be noticed that the left ear of the image is formed from our 
own right ear as object. This effect is called /ateral inversion: it is even 
more strikingly demonstrated when we look at the image of a printed 
page in a mirror (Fig. 231). 


How the eye sees an image in a plane mirror 


Let us consider how the eye sees the tip of the image of a candle 
flame in a plane mirror (Fig. 232). 

We know now that the position of the image / can be constructed 
by drawing a line through O perpendicular to the mirror at M and 
making OM = IM. On looking into the mirror the eye sees J 
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Fig. 232. Viewing image in a plane 
mirror 
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Mirror (2) 


Fig. 233. Reflection from two mirrors at 
90° 


Mirror (2) 


Fig. 234. Images formed by two mirrors 
at 90° 


M, 


Fig. 235. Mirrors in a kaleidoscope 


apparently by the cone of rays JE,E;, which enter the eye pupil. The 
portion /AB of this cone obviously does not exist: there is no light 
behind the mirror. The real portion ABE, £, results from light from O 
travelling down the cone OAB and reflected from the mirror at AB in 
accordance with the laws of reflection. 

The complete real cone of rays OABE,E, is called the “pencil” of 
light by which the eye sees the image /. 


Images formed in two mirrors inclined at 90° 


When two mirrors are inclined at right angles we have not only the 
images J, and J, formed by a single reflection but in addition two 
extra images produced by fwo reflections. The pencil of light by which 
the eye sees one of these, /,.2, is shown in Fig. 233. The subscript ,.) 
in the symbol /,., signifies the order in which the reflections take place 
from the mirrors | and 2. 

The other image /,., may be seen by looking into mirror 1. Actually 
the images /,., and /;., are superimposed on one another. 

The images /, and /, themselves act as objects for the formation of 
images /,., and /;.,, and the positions of these images are found in the 
usual way, i.¢., a perpendicular to the mirror is drawn through the 
object and the object and image distances from the mirror are made 
equal. 

Geometrically, the object and all the images lie on a circle whose 
centre is at the intersections of the mirrors. It is useful to remember 
this when drawing ray diagrams. 

Fig. 234 shows, in perspective, the pencil of rays by which a point 
on the image /,., is seen. 


The kaleidoscope 


The kaleidoscope consists of two strips of plane mirror M, and 
M, about 15 cm long, placed at an angle of 60° inside a tube (Fig. 
235). At the bottom of the tube is a ground-glass plate to admit light, 
on which is scattered small pieces of brightly coloured glass. These 
pieces of coloured glass act as objects, and on looking down the 
tube five images are seen, which together with the object form a 
symmetrical pattern in six sectors. 

This may be compared with Fig. 233, where the mirrors are at 
90° and there are only three image spaces. 

The number of different patterns obtained is unlimited, as a 
fresh one is produced every time the tube is shaken to rearrange the 
pieces. 


Parallel mirrors 


An infinite number of images are formed of an object placed 
between two parallel mirrors. These all lie on a straight line through 
the object perpendicular to the mirrors (Fig. 236). 

The positions of the images may be found by the usual construc- 
tion, remembering that each image seen in one mirror will act as a 
virtual object and produce an image in the other mirror. Thus, 
using our subscript notation, the object for image J... is image J,;. 
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Similarly, the object for J,., is J, while J, was produced by a single 
reflection in the mirror 2 by light from the object O. 

It should be noticed that /,,., which is the image of /, in the mirror 
2, is not concerned in the construction of the pencil of light by which 
the eye sees J;.,.>. 

Two parallel plane mirrors should be set up to examine the images 
of a candle or other object placed between them. The more remote 


Mirror = Mirror 
(1) (2) 


_ Fig. 236. Images formed by two parallel mirrors 


the images, the fainter they become, since some of the light energy is 
absorbed by the mirrors at each successive reflection. 


The periscope 


The simple periscope consists of two plane mirrors, fixed facing 
one another at an angle of 45° to the line joining them. The user is 
enabled to see over the heads of a crowd or over the top of any 
obstacle. The upper mirror M, produces an image /,, which may 
then be regarded as an object for the lower mirror M, (Fig. 237). 
The diagram shows the pencil of light by which the eye sees a point 
on the final image /,,, which has been formed by reflection of light 
from each mirror in turn. 

When constructing this diagram it should be noticed that OA = 
1A, and /,B = 1,,,B, and, furthermore, that the line /,/,.. is perpen- 
dicular to the mirrors. 

Periscopes used in submarines are more elaborate than the simple 
type described here. Prisms are used instead of mirrors, and the tube 
supporting them incorporates a telescope to extend the range of 
vision. 


Pepper's ghost 


This is a method of producing the illusion uf a ghost on the theat- 
tical stage. A large sheet of polished plate glass placed diagonally 
across the stage acts as a mirror, but at the same time permits objects 
on the stage to be seen through it. An actor attired to represent the 
ghost is concealed in the wings and is strongly illuminated. All else 
surrounding him is painted or draped dull black so that an image of 
the actor only is formed by the plate glass. The illusion is rendered 
complete by the fact that light from objects on the stage behind the 
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Fig. 237. Mirrors in a periscope 
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Fig. 238. Pepper's ghost 


image causes the ghost to appear transparent. Headless ghosts 
result simply from enclosing the actor’s head in dull black cloth. 

A practically identical arrangement causes a candle to appear to 
be burning inside a bottle full of water. How this may be done is 
shown in Fig. 238. 


Regular reflection Diffuse reflection 
Fig. 239. 


Diffuse reflection 


Mirrors and sheets of glass are highly polished surfaces. The sur- 
faces of most objects, however, are found to have tiny irregularities 
when they are examined under a microscope. Paper is an example. 
Thus when a parallel beam of light falls on such a surface the indi- 
vidual rays strike it at different angles of incidence. The rays are 
therefore reflected in different directions from the surface (Fig. 239). 
We say that the light is diffusely reflected from the surface. 


Rotation of reflected ray 


If a fixed ray is incident on a plane mirror at an angle i the angle 
of reflection is also equal to i, and so the angle between the two rays 
will be 2i. 

Suppose now that the mirror is rotated through an angle 0. The 
angle of incidence will increase by 8, and so also will the angle of 
reflection. The total angle between the two rays is now 2i + 26. 
Consequently, the angle of reflection will rotate through an angle of 
20. Thus, the reflected ray rotates through twice the angle through which 
the mirror rotates. This principle underlies the use of a mirror in a 
reflecting galvanometer (page 470). 


QUESTIONS: 21 


1. Draw a diagram of the apparatus you would use to show by a simple 
experiment that light travels in straight lines. (S.) 
2. Describe the construction of a pinhole camera. Upon what fact does it 
rely for its action? 

Discuss the effect on the size, sharpness, and brightness of the image of: 
(a) doubling the object distance; (6) doubling the diameter of the pinhole. 
Illustrate your answer by sketches. (0.C.) 
3. Explain, with appropriate diagrams in each case, Two of the following: 


(a) how an eclipse of the sun occurs, distinguishing clearly between total 
and partial eclipses; 

(6) why three images are formed when an upright pin is placed between 
the reflecting surfaces of two vertical plane mirrors meeting at right 
angles; 
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(c) the use of plane mirrors to make a simple periscope—why are lenses 
usually fitted to periscopes? (Ww) 


4. A ray of light falls on a plane mirror so that the reflected ray makes an 
angle of 20° with the incident ray. The mirror is turned, about an axis at 
right angles to the plane of the rays, through an angle of 15°. 

What are now the possible angles between the incident ray and the new 
reflected ray? (J.M.B.) 

5: State the laws of reflection of light. 

Show that the image of an object observed in a plane mirror is as far 
behind the mirror as the object is in front. 

Show that when a ray of light is reflected from a plane vertical mirror 
and the mirror is turned round a vertical axis through an angle 0, the 
reflected ray is turned through 20. (0.C.) 
6. Explain the following, giving a clear ray diagram in each case; 


(a) the occurrence of a solar eclipse, distinguishing between partial and 
total eclipses; 

(6) the formation of three images when an object is placed between two 
plane mirrors at right angles. (A.E.B., part qn.) 


7. State the laws of reflection of light, and describe how you would verify 
them experimentally. 

Explain, with the help of a ray diagram, how the eye sees the image of 
a bright point formed by a plane mirror. 

A man sits in an optician’s chair, looking into a plane mirror which is 
2 m away from him, and views the image of a chart which faces the mirror 
and is 50 cm behind his head. How far away from his eyes does the chart 
appear to be? (0.) 
8. Draw a ray diagram to show that a vertical mirror need not be 180 cm 
long in order that a man 180 cm tall may see a full-length image of himself 
in it. 

If the man’s eyes are 12 cm below the top of his head find the shortest 
length of mirror necessary and the height of its base above floor level. 
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In this chapter we shall study the way in which images are formed by 
curved mirrors. The kind we use are generally made by silvering a 
piece of glass which would form part of the shell of a hollow sphere. 
Silvering the glass on the outside gives a concave or converging 
mirror, while silvering on the inside gives a convex or diverging 
mirror. 


CONCAVE 


CONVEX ————_»—«——_#—- — - --- -=S4--------- S 


Fig. 240. Reflection of parallel beams from curved mirrors 


The principal axis of a spherical mirror is the line joining the pole P 
or centre of the mirror to the centre of curvature C which is the centre 
of the sphere of which the mirror forms a part (Fig. 240). 

The radius of curvature r is the distance CP. In the case of a concave 
mirror the centre of curvature is in front of the mirror; in a convex 
mirror it is behind. 


Principal focus 


When a parallel beam of light falls on a plane mirror it is reflected 
as a parallel beam; but in the case of a concave mirror the rays in a 
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parallel beam are all reflected so as to converge to a point called a 
focus. 

If the incident rays are parallel to the principal axis the point 
through which all the reflected rays pass is on the principal axis just 
midway between the pole and the centre of curvature and is called 
the principal focus, F (Fig. 240). 

The same figure also shows what happens when a beam of light 
parallel to the principal axis falls on a convex mirror. In this case the 
rays are reflected so that they all appear to be coming from a prin- 
cipal focus midway between the pole and centre of curvature behind 
the mirror. 

A concave mirror, therefore, has a real principal focus, while a 
convex mirror has a virtual one. 


Mirrors of large aperture 


The remarks in the previous paragraph apply only to mirrors 
which are small in size or aperture compared with their radii of 
curvature. This is not the case with a hemispherical mirror, for 
instead of producing a point focus from a parallel beam, the reflected 
rays intersect to form a surface called a caustic (Fig. 241). 

A bright caustic curve can often be seen on the surface of tea in a 
cup. This is formed when light from a distant lamp is reflected 
from the inside of the cup, which acts as a curved mirror of large 
aperture. 

If the mirror is small or, what amounts to the same thing, if only 
rays close to the principal axis are used, only the apex of the caustic 
is formed, and this becomes the principal focus. 

With these facts in mind we therefore have the following definitions. 


The principal focus of a spherical mirror is that point on the 
principal axis to which all rays originally parallel and close to the 
principal axis converge, or from which they appear to diverge, after 
reflection from the mirror. 

The focal length f of a spherical mirror is the distance between the 
pole of the mirror and principal focus. 


The focal length of a spherical mirror is half its radius of 
curvature 


In Fig. 242 ABis an incident ray parallel and close to the principal 
axis PC of a concave mirror. 

By definition, the reflected ray passes through the principal focus F. 

Since by geometry, the radius CB is normal to the mirror surface 
at B, it follows from the laws of reflection that, 


LABC = / CBF 
But ZABC = /BCF (alternate angles) 
LCBF = /BCF 


BF = FC (sides of isosceles /\) 
Now Bis very close to P 

BF = PF very nearly 

PF = FC 


or a 
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Fig. 241. Reflection from a _hemi- 
spherical mirror 
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Fig. 242. Relation between focal length 
and radius of curvature 
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Construction of ray diagrams 


Since a point on an image can be located by the point of inter- 
section of two reflected rays, we have to consider which are the most 
convenient rays to use for this purpose. 

Remembering that, by geometry, the normal to a curved surface 
at any point is the radius of curvature at that point, one very useful 
ray to draw will be one which is incident along a radius of curvature. 
Since this is incident normally on the mirror, it will be reflected 
back along its own path. 

Another useful ray is one which falls on the mirror parallel to 
the principal axis. By definition, this will be reflected through the 
principal focus. Conversely, any incident ray passing through the 
principal focus will be reflected back parallel to the principal axis. 
The same observations also apply to convex mirrors, so we may briefly 
sum them up into a set of rules for constructing images formed by 
spherical mirrors. 


(1) Rays passing through the centre of curvature are reflected back 
along their own paths. 

(2) Rays parallel to the principal axis are reflected through the 
principal focus. 

(3) Rays through the principal focus are reflected parallel to the 
principal axis. 

(4) (Useful when using squared paper.) Rays incident at the pole 
are reflected, making the same angle with the principal axis. 


Images formed by a concave mirror 


Fig. 243-248 are ray diagrams showing the image formed by a 
concave mirror for different positions of an object placed on the 
principal axis. In all of these diagrams the object is represented by a 
vertical arrow OA and the image by /B. 

Starting with Fig. 243 in which the object is placed between Fand 
P, it will be seen that rules 1 and 2 have been used to locate the 
image of the point A on the object. On drawing the two reflected 
rays they diverge from a point B behind the mirror. B is therefore a 
virtual image of A. If the same construction is carried out for a series 
of other points along the object OA a corresponding set of virtual 
image points will be formed along a vertical line /B. The image 
formed in this case is thus larger than the object, virtual, erect and 
behind the mirror. This type of image is formed by a shaving mirror 
and also by the small concave mirror used by dentists for examining 
teeth. 

In Fig. 244 the object has been moved out to the principal focus. 
Rays from any point on the object are reflected parallel to one another. 
It is usual, in such cases, to regard the rays as intersecting to form an 
image at infinity. 

Fig. 245-248 are of particular interest, since in these cases real 
images are formed. If a white screen is placed at the image position 
the image will be formed on it and thus rendered visible from all 
directions. It is important to be able to distinguish clearly between 
real and virtual images. A real image is formed by the actual inter- 
section of rays, whereas a virtual image is one formed by the apparent 
intersection of rays when their directions have been produced backwards. 
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OBJECT BETWEEN 
F and P 
the image is, 
(1) Behind the mirror 


(2) Virtual 
(3) Erect 


(4) Larger than object 
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OBJECT AT F 


the image is at 
infinity 


OBJECT BETWEEN 
F and C 
the image is, 
(1) Beyond C 
4 (2) Real 
B ly (3) Inverted 
Z (4) Larger than object 


Fig, 245, 


A 


OBJECT AT ¢ 
the image is, 

(1) At Cc 

(2) Real 

(3) Inverted 

(4) Same size as object 


Fig, 246, 
A 


OBJECT BEYOND C 
the image is, 

(1) Between C and F 

(2) Real 

(3) Inverted 

(4) Smaller than object 


OBJECT AT INFINITY 
the image is, 

(1) At 

(2) Real 

(3) Inverted 

Fig. 248. (4) Smaller than object 
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Fig. 249. Parabolic mirror 


The practical distinction is that a real image can be formed on a screen 
while a virtual image cannot. 

It must be understood that the use of full and dotted lines in ray 
diagrams is not a matter of personal preference but is an accepted 
convention. Full lines are used to represent real rays, objects and 
real images, while dotted lines are used for virtual rays and images. 
Also, all rays should be arrowed to show the direction in which the 
light is travelling. If these rules are followed the diagrams will be 
made more informative and there will be less likelihood of confusion. 

In Fig. 245 to 247 the object and image positions are examples of 
conjugate foci. 

Conjugate foci are any pair of points such that an object placed at 
one of them gives rise to a real image at the other. 

The fact that an object and its real image can be interchanged 
follows from the principle of reversibility of light. 


Parallel beam from curved mirrors 


In connection with the reversibility of light it is worth noting that 
a narrow parallel beam of light may be obtained from a point source 
of light placed at the principal focus of a concave mirror of small 
aperture. We can regard the image in this case as being at infinity. 
If a wide parallel beam is required as from a car headlamp then 
the section of the mirror must be in the form of a parabola (Fig. 249). 


The reflecting telescope 


The case shown in Fig. 248 illustrates the principle of the reflecting 
telescope. When the object is a very long distance away from the 
mirror the rays from any particular point on it are practically parallel 
when they reach the mirror, Consequently, an image is formed at the 
principal focus. 

The first telescope of this type was made by Sir Isaac Newton in 


Concave / 


Light fi 
pie ight rays from a 


point on a star 


~ 


\ 
Brass tube 


Eye 
Fig. 250. Principle of the reflecting telescope 


the seventeenth century (Fig. 250). In order to see the image con- 
veniently a small plane mirror, M, is placed at 45° to the axis of the 
mirror and just in front of the principal focus. This reflects the rays 
to one side, and the image may now be viewed through a lens. 
Newton’s first telescope had a mirror of diameter about 25 mm. 
The largest reflecting telescope in use today, called the Hale Telescope, 
is at Mount Palomar Observatory in California. It has a mirror of 
diameter of just over 5 m which is made of special glass coated with 
aluminium. The mirror took several years to make and was installed 
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at the top of Mount Palomar, where the dust-free atmosphere gives 
excellent visibility. Such a large mirror collects enough light energy 
to make it possible to see or photograph very distant stars and 
nebulae. 


Images formed by a convex mirror 


Unlike the concave mirror, which can produce either real or 
virtual images according to the position of the object, the convex 
mirror gives virtual images only. These are always erect and smaller 
than the object and are formed between P and F (see Fig. 251). 


Fig. 251. Image formed by a diverging (convex) mirror 


Convex mirrors are very convenient for use as car driving 
mirrors, since they always give an erect image and a wide field of 
view. Fig. 252 shows why a convex mirror has a wider field of view 
than a plane mirror of the same size. 


Plane Convex 
mirror ‘ \ mirror 
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Narrow —— Wide field op 
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Fig. 252. Advantage of a convex driving mirror 


Accurate construction of ray diagrams 


Earlier in this chapter we mentioned that only rays parallel and 
close to the principal axis are brought to a true point focus. If we are 


255 


256 


LIGHT 


to have an undistorted image the same condition of closeness to the 
axis applies to all rays forming the image. Nevertheless, we can 
locate an image accurately, using rays drawn well away from the axis, 
provided we represent the spherical mirror by a straight line instead of 
a curved one. 


Worked example 


By means of an accurate graphical construction, determine the 
position, size and nature of the image of an object 5 mm tall, standing 
on the principal axis of a concave mirror of focal length 20 mm and 
34 mm from the mirror. 

The construction is best done on squared paper, using the side 
of one square as a unit to represent 1 mm to scale (Fig. 253). 


SCALE 


Side of 1 square represents { millimetre = 
see TH M 
A E 
HoH E 
rT i 
HH HS 0 ‘a ie 
eet 
iM 
He FEE SeSEseuEERE! 
GIVEN RESULTS 
Concave mirror MM' The image /8 is, 
Focal length PF = 20mm (1) 49mm from P 
Object OA Smm tall (2) 7mm tall 
placed 34mm from P. (3) Real 
(4) Inverted 
Fig. 253. 


A straight line CP is drawn to represent the principal axis with a 
line MPM’ at right angles to it to represent the concave mirror. The 
principal focus F is marked 20 units from P. 

The object is represented by a line OA, 5 units long, perpendicular 
to the axis PC and 34 units from P. 

Two incident rays are now drawn from A, one parallel to the axis 
and the other passing through F. The corresponding reflected rays 
are drawn through F and parallel to the axis respectively, and these 
will be seen to intersect to give a real image at B. The image is com- 
pleted by drawing /B perpendicular to the axis PC. 

It will be observed that /B is 7 units tall and is 49 units from P. 
According to the scale used it therefore follows that the image is 
7 mm tall and is situated 49 mm from the mirror. 


To measure the focal length of a concave mirror 


We have already seen (Fig. 246) that when an object is placed at 
the centre of curvature of a concave mirror a real image is formed 
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at the same place as the object. This fact is used in the following 
two methods for finding the focal length of a concave mirror. 


Method (1). Using an illuminated object at C. The object used in 
this experiment consists of a hole cut in a white screen made of sheet 
metal and illuminated from behind by a pearl electric lamp. Sharp- 
ness of focusing will be greatly assisted if a thin cross-wire is placed 
across the hole (Fig. 254). 

A concave mirror, mounted in a holder, is moved to and fro in 
front of the screen until a sharp image of the object is formed on the 
screen adjacent to the object. When this has been done both object 
and image are at the same distance from the mirror, and hence both 


Screen with 
hole and 
crosswires 


Pearl electric 
lamp 


! 
i 
* r=2f | 


Fig. 254. Finding radius of curvature of a mirror 


must be situated in a plane passing through the centre of curvature 
and at right angles to the axis. The distance between mirror and 
screen is measured. Half this distance is the focal length of the 
mirror. 


Method (2). Using a pin at C. The concave mirror is supported 
vertically in a suitable holder, and a pin, stuck in a cork held in a 
clamp and stand, is adjusted so that the tip of the pin is at the same 
level as the centre of the mirror. The pin is then moved along the 
bench in front of the mirror until a real inverted image of the pin is 
seen somewhere in front of the mirror. If necessary, the tilt of the 
mirror should be adjusted until the tip of the image is at the same 
level as the tip of the pin. The pin is then moved to and fro until 
there is no parallax between the pin and its image. When this adjust- 
ment has been properly made the pin and its image will remain in 
the same straight line when the eye is moved from side to side 
(see Fig. 255). 

Sometimes the image is a little difficult to find, but this can 
usually be overcome by making quite sure that the principal axis 
of the mirror passes through the tip of the object pin. 

In experiments of this type one must resist a natural inclination 
to look into the mirror. The eye should be fixed on the pin, and the 
image will be seen to move backwards and forwards as the pin is 
moved to and fro. The pin is halted just when the image is exactly 
above it. 
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Fig. 255. Location of image by no-parallax method 


Method (3) u and v method. For spherical mirrors it can be proved 
that 
1 ti 1 
on 
where u = object distance from mirror 
v = image distance from mirror 
Sf = focal length 


Hence, if w and w are measured we can calculate /. 

Two pins are required, one to act as an object and the other as a 
search pin. The object pin is placed in front of the mirror between F 
and C so that a magnified real image is formed beyond C. The search 
pin is then placed so that there is no parallax between it and the real 
image (Fig. 256). 

The distance of the object pin from the mirror will then give the 
object distance u, and that of the search pin the image distance v. 
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Fig. 256. The u and v method 


Several pairs of object and image distances are obtained in this 
way and the results entered in a table as shown. A mean value for the 
focal length f may then be calculated. Care should be taken to apply 
correct arithmetical signs according to the sign convention used 
(see end of chapter). 


SPHERICAL MIRRORS 


Mean value of ; 


Mean value of f 


The above method of calculation requires a table of reciprocals, 
but if this is not available it will be found easier to calculate the 
focal length from 


uv 


I~ 8 


Magnification formula 


Since the image formed by a spherical mirror varies in size, we 
refer to the linear or transverse magnification, m, which is defined as, 


ne height of image 
~~ height of object 


and in all cases it can be shown that 


__ image distance from mirror 
~~ object distance from mirror 


As a typical case, consider Fig. 257, in which the image has been 
constructed using rules 1 and 4 (page 252). 
The right-angled triangles /BP and OAP are similar, and hence 


a2 JB 
OA OP 
height of image _ image distance 


height of object object distance — JE EDU SURES 


Mirror formula. Sign convention 


It is shown in more advanced textbooks that, for both concave and 
convex mirrors, 


where u = object distance from mirror 
v = image distance from mirror 
f = focal length 


We have already seen that an image is formed sometimes in front 
of a curved mirror and sometimes behind it. This makes it necessary 
to have a sign convention so that we may distinguish between the 
two cases and obtain the correct answer when substituting in the 
formula. 


OA = Object 
1B = Image 


Fig. 257. 
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Fig, 258. New Cartesian convention 
applied to mirrors 


Examples showing the use of the two sign convections in common 
use are given below. 


NEW CARTESIAN CONVENTION 

(1) All distances are measured from the mirror as origin. 

(2) Distances measured against the incident light are negative. 

(3) Distances measured in same direction as incident light are 

positive. 

One advantage of this sytem is that, if the object is placed to the 
left of the mirror the ordinary graphical (Cartesian) convention of 
signs comes into operation, i.e., distances measured to the left are 
negative; those to the right, positive (Fig. 258). 

On the new Cartesian convention the focal length of a concave 
mirror is negative; that of a convex mirror, positive. 


REAL-IS-POSITIVE CONVENTION 
(1) All distances are measured from the mirror as origin. 
(2) Distances of real objects and images are positive. 
(3) Distances of virtual objects and images are negative. 
On the real-is-positive convention a concave mirror has a real 
principal focus and hence a positive focal length. A convex mirror 
has a virtual principal focus and a negative focal length. 


Worked examples 


1, An object is placed (a) 20 cm, (b) 4 cm, in front of a concave mirror 
of focal length 12 cm. Find the nature and position of the image 
formed in each case. 


New Cartesian Real-is-positive 
(a) u = —20cm (object on left) u = +20 cm (real object) 
f=-—-12cm f=+12cm 


Substituting in the formula, 
1 


Substituting in the formula, 
1 i 1 


1 1 
o =a ot 20-12 
Te a ee oo ote 
vo —12'20 60 e220 60 


whence v = —30cm 


Minus sign means image on 
same side as object. 

Hence a real image is formed 
30 cm from mirror on same side 
as object. 


(6) u= —4cm 
Substituting in the formula, 


1 1 1 
fame rei) 
J oll Lie 62 
pia aoe 12 
whence v = 6 cm. 


whence v = 30 cm. 
Plus sign means a real image. 
Hence a real image is formed 


30 cm from mirror on same side 
as object. 


u=4cm 
Substituting in the formula, 
hada bree] 


04-12 
slgmeidy, dye 2 
Pi mi2e 4 12, 
whence v = —6 cm. 


SPHERICAL MIRRORS 


Plus sign means image on right 
hand side, i.e., behind mirror. 

Hence a virtual image is 
formed 6 cm from mirror. 
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Minus sign means virtual 
image. 

Hence a virtual image -is 
formed 6 cm from mirror 


2. A concave mirror produces a real image | cm tall of an object 
2-5 mm tall placed 5 cm from the mirror. Find the position of the image 
and the focal length of the mirror. 


New Cartesian 
Using the magnification for- 
mula, 
__ image distance 
~~ object distance 
ee image distance 
* 0-25 5 
whence image distance = 20 cm 
on same side as object 


thus » = —20cm\) oth on left 
and u=— 5cm 


Substituting in the formula, 
1 1 1 


Seren 
=) 4 
2 af 


whence f= —4cm 


Real-is-positive 
Using the magnification for- 
mula, 
__ image distance 
~~ object distance 
Rpathiave _1_ _ image distance 
*0-25. — 5 
whence image distance = 20 cm 
same side as object. 


thus v = +20 cm 
Set nem ORCS om both real 


Substituting in the formula, 


3. A convex mirror of focal length 18 cm produces an image on its 
axis, 6 cm away from the mirror. Calculate the position of the object. 


New Cartesian 
v= + 6 cm (image on right) 
f = +18 cm (convex mirror) 


Substituting in the formula, 


acai | 1 
6 tu 18 
age RS ger 
M18 6 ane lth 
whence u= —9 cm. 


Minus sign means object is to 
left of mirror, i.e., 9 cm in front 
of it. 


QUESTIONS: 22 


Real-is-positive 
v = — 6cm (virtual image) 
f = —18 cm (virtual focus) 


Substituting in the formula, 


us —18 
whence u = +9 cm. 
Plus sign means real object 


and, therefore, 9 cm in front of 
of mirror. 


1. What is meant by the radius of curvature of a concave mirror and how is 
it related to the focal length? 

Show clearly by means of a ray diagram how such a mirror produces 
an upright image of an object placed before it. State one practical applica- 
tion of the concave mirror when used in this way. 
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A concave mirror of radius of curvature 30 cm produces an inverted 
image four times the size of an object placed on and perpendicular to the 
axis. Determine by an accurate scale drawing or otherwise, the positions 
of the object and image. (L., part qn.) 


2. Distinguish between a real image and a virtual image. Explain how a 
concave mirror can give either kind of image. Illustrate each case by a ray 
diagram. 

A concave mirror has a radius of curvature of 20 cm. Find the position, 
magnification, and nature of the image of a small pin placed on the axis 
and at right angles to it, and 15 cm from the pole. (O.) 


3. Show on a ray diagram the centre of curvature, axis, pole, and principal 
focus for a concave spherical mirror. 

Describe how you would find by an optical method the radius of curva- 
ture of a concave mirror. 

Draw a ray diagram to show how a concave mirror can produce a 
virtual image. 

An object 2 cm long is placed 40 cm in front of a concave mirror of 
focal length 15 cm so that it is perpendicular to, and has one end resting 
on, the axis of the mirror. Find by means of a ray diagram, drawn to 
suitable scales, the size and position of the image. (A.E.B.) 


4. Describe and explain how you would measure the radius of curvature 
of a concave spherical mirror by experiment. 

Such a mirror has a radius of curvature 20 cm. Using a scale diagram, 
determine full details of the image when an object 1-5 cm high is placed 
at a distance of 4 cm from the mirror. 

By means of an appropriate diagram, show how a suitable curved mirror 
may be used to produce an accurately parallel beam of light from a small 
source. (S.) 
5. An object 2 cm high is situated on and perpendicular to the axis of a 
concave mirror of radius of curvature 30 cm and is 10 cm from the 
mirror. Find, graphically or by calculation, the position and size of the 
image and indicate on a diagram, the paths of three rays from a point on 
the object to an eye viewing the image. (L., part qn.) 
6. A concave mirror is used to form an image of an object pin. Where 
must the object be placed to obtain: (a) an upright, enlarged image; (6) an 
image the same size as the object? (J.M.B.) 
7. State the laws of reflection of light. 

Draw a semicircle, radius 10 cm, to represent the cross-section of a 
spherical concave mirror. Two rays of light, parallel to the principal axis, 
are incident on the mirror, and each is 6 cm distant from the axis. By 
applying the laws of reflection, find the point where these rays cross. 

Repeat this process on the same diagram, for two other rays each 2 cm 
from the principal axis. What deduction can you make from your result? 

(S.) 
8. Explain with the aid of diagrams, the formation of (i) virtual, and 
(ii) real images. Give one example of each. 

Show on a ray diagram the centre of curvature, axis, pole, and focus of a 
convex mirror. 

Give two reasons why convex mirrors are frequently used as driving 
mirrors. 

An object 1 cm tall is placed 30 cm in front of a convex mirror of focal 
length 20 cm so that it is perpendicular to, and has one end resting on, the 
axis of the mirror. Find the size and position of the image formed by the 
mirror. (A.E.B.) 
9. A small object is placed on the principal axis of a convex mirror of 
focal length 10 cm. Determine the position of the image when the object is 
15 cm from the mirror. (J.M.B.) 


SPHERICAL MIRRORS 


10. Define the principal focus, centre of curvature and principal axis of a 
convex mirror. 

Determine the position of a small object on the axis of a concave mirror 
of radius of curvature 30 cm when the mirror forms a virtual image three 


times the length of the object. (L., part qn.) 
11. Draw a ray diagram to show how a spherical mirror can produce a 
real diminished image of an object. (J.M.B.) 


12. Explain what is meant by the terms centre of curvature, principal focus, 
and focal length of a spherical mirror. Ilustrate your answers with labelled 
diagrams of: (a) a concave mirror; (6) a convex mirror. 

Describe an experiment to determine the radius of curvature of a concave 
mirror. 

A concave spherical mirror of radius of curvature 20 cm forms an 
erect image 30 cm from the mirror and 5 cm high. Find the position and 
size of the object and show with a scale diagram how the image is formed. 

(A.E.B.) 
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A pond or a swimming bath both appear much shallower than they 
actually are; a straight stick appears bent when partly immersed 
in water; and the landscape “shimmers” on a hot summer’s day. 
These, and many similar effects are caused by refraction, or the 
change in direction of light when it passes from one medium to 
another. 

The terms used in connection with refraction are illustrated in 
Fig. 259, which represents the passage of a ray of light from air to 


A N 
AO = Incident ray 
OB = Refracted ray 
Air O NN' = Normal 
Glass (= Angle of incidence 
r = Angle of refraction 
N' 8 


Fig. 259. Refraction of light 


glass. The angle of incidence, i, is the angle between the incident ray 
and the normal at the point of incidence. The angle of refraction, r, 
is the angle between the refracted ray and the normal. 

It is important to remember that, when a ray passes from one 
medium to a more optically dense medium, the ray bends towards the 
normal. Conversely, a ray passing from glass or water into air is 
bent away from the normal. 

Before going on to the next section it should be mentioned that 
refraction can be explained in terms of a change in the speed of light 
when it passes from one medium to another. This important aspect 
of refraction is dealt with in chapter 26 as part of our study of wave 
motion. 
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The laws of refraction 


Although many scientists worked on the problem, the laws 
governing the refraction of light when it passes from one substance 
to another resisted discovery for centuries. It was not until 1621 that 
Willebrord Snell, Professor of Mathematics at Leyden University, 
discovered the exact relationship between the angles of incidence and 
refraction. 

The laws of refraction are now stated as follows: 


Law (1) The incident and refracted rays are on opposite sides of the 
normal at the point on incidence and all three are in the 
same plane, 

Law (2) (Also known as Snell’s law.) The ratio of the sine of the 
angle of incidence to the sine of the angle of refraction is 
a constant, 


To verify Snell's law of refraction 


A straight line SS’, to represent the surface of separation between 
air and glass, is drawn on a sheet of drawing paper on a drawing- 
board, together with a normal ON and several lines at various angles 
to ON to represent incident rays (Fig. 260). 

A tuler is placed along SS’ and a rectangular glass block carefully 
placed in contact with it in the position shown. The ruler is now 
transferred to the lower edge of the block and the block is then 
removed. 

A line TT’, to represent the lower edge of the block, is now drawn. 
Without moving the ruler, the block is now placed carefully in 
contact with the ruler. The two lines SS’ and TT’ should now coincide 
exactly with the upper and lower vertical faces of the block. 

This is a better method than simply drawing round the block with 
a pencil. The block is thick and its edges are usually bevelled, 
which renders it difficult to draw lines to coincide exactly with the 
block faces. 


Method. Two pins P, and P; are stuck in the paper as far apart as 
possible along one of the lines drawn to represent an incident ray 
(Fig. 261). Then, looking through the block, the emergent ray is 
located by sticking two sighting pins £, and E, in the paper exactly 
in line with the images /, and J, of the pins P, and P;. This procedure 
is carried out for all the incident rays, each time marking the positions 
of the pins with fine pencil crosses. 

When this has been done the block is removed and the points E; 
and £; joined. Finally, the refracted rays are drawn in by joining O 
to the points where the emergent rays leave the block. 

The ratio sin i/sin r may now be found for each pair of rays by 
looking up the sines in tables (at the end of the book). The ratio 
should be found to be practically constant. 


265 
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Fig. 261. Refraction through a glass 
block 
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Alternative treatment of results. Instead of measuring the angles 
iand r and finding the sines from tables, the ratio a may be found 


by the following method which Snell himself used. 

The largest convenient circle centre O is drawn and the incident 
and refracted rays (not the emergent rays) are produced, if necessary, 
to cut the circle at A and C. Perpendiculars 4B and CD are drawn to 
the normal ON (Fig. 262). 


Fig. 262. Verifying Snell's law 


Referring to Fig. 262 in which, for simplicity, only one pair of 
rays has been shown, we see that 


ivese andisinires So 
AQ’ co 
sini AB CO 
therefore Snr ~ AO * CD 
but AO = CO (radii of circle) 
therefore ue sree 
sinr CD 


For each pair of rays, AB and CD are measured and recorded in a 
table. The value of a3 should be found constant, thus verifying 


Snell’s law. 


Refractive index 


The value of the constant 2 for a ray passing from one medium to 


another is called the refractive index of the second medium with 
respect to the first; and is denoted by the symbol n. 

If, however, the first medium is air it is usual to speak of n simply 
as the refractive index of the second medium but, strictly speaking, 
the absolute refractive index of a medium is the value of when the 
first medium is a vacuum. 
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Thus, if a ray passes from air into water, then 


Paicyct sini 
refractive index of water = n = —— 
sin r 


It follows that the mean value of the ratio a obtained in the 


experiment to verify Snell’s law will be equal to the refractive index 
of glass. 

Manufacturers have to know the refractive index of the glass used 
for making lenses of telescopes, microscopes, cameras and other 
optical instruments. For crown glass, is about 1-52; for flint glass 
about 1-65. The refractive index of water is 1-33. 


Geometrical construction for refracted ray 


The alternative method of treating the results of the last experiment 
suggests a way of finding the path of a ray through a glass block or 
some other medium, when i and 7 are given. 


Example. Trace the path of a ray through a glass block of refractive 
index 1-52, for light entering at an angle of incidence of 45°. Measure 
the angle of refraction. 


Draw SS’ to represent the surface of separation between glass and 
air and AO an incident ray making an angle of 45° with the normal 
NO (Fig. 263). Then, using the largest possible scale for best 
accuracy, mark off OD equal to 1-52 units of length. 

At D erect a perpendicular to cut AO at B. With centre O and 
radius OB, draw a circle. Along OS’, mark off OE equal to | unit of 
length. Through E draw a perpendicular to SS’ to cut the circle at C. 
Then OC is the required refracted ray and the angle of refraction r 
is found to be 28°. 

Proof. OB = OC (radii) 
i=x and r=y (alternate angles) 
sini _sinx _ 1:52 
sinr siny OB] OC 


= 1-52 = n (given) 


Some effects of refraction 


The apparent upward bending of a stick when placed in water is 
shown in Fig. 264. Rays of light from the end B of the stick pass from 
water to air, and are bent away from the normal, since they are passing 


Fig. 264. A stick appears bent in water 
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(Any large convenient 
unit of length may be used) 


Fig. 263. Finding path of refracted ray 
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toa less optically dense medium. Entering the eye, the rays appear to 
be coming from a point C above B. C is thus the image of Bas a 
result of refraction. The same reasoning applies to any point on the 
immersed portion of the stick AB, so that the observer sees an image 
apparently in the position AC. 

To avoid confusion in this and similar ray diagrams one should 
always be careful to use the accepted convention of drawing real 
rays, real images and objects in full lines, and virtual rays and images 
in dotted lines. In addition, an arrow should be placed or a ray to 
show the direction in which the light travels. 

Fig. 265 illustrates the appearance of print viewed through the 
top of a piece of thick glass placed over it. Since the rays are 


refracted away from the normal when they pass from glass to air, 
the print and the bottom of the glass appear raised. The apparent 
raising of the print thus occurs for the same reason that a stick appears 
to be bent upwards when placed in water, as explained above. 


The principle of reversibility of light 


The principle of reversibility of light, which states that the paths 
of light rays are reversible, has already been mentioned in connec- 
tion with reflection on page 254. The same holds true in the case of 
refraction and, indeed, for rays passing through any optical system. 

The refractive indices for a ray passing from air to glass and from 
glass to air may be distinguished by using the symbols any and gna 
respectively, 

Thus, using Fig. 259, 


_ sini 
ato — Sin 
and by the principle of reversibility of light, 
sin r 
«sini 
1 
hence gg = my 


The equation will be used later on in the chapter in connection 
with critical internal reflection. If ang = 1-5 it follows that gra = 1/1+5 
= 0-67. 


Real and apparent depth 


A thick slab of glass appears to be only two-thirds of its real thick- 
ness when viewed from vertically above. Similarly, water in a pond 
appears to be only three-quarters of its true depth. 
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Fig. 266 shows how this comes about. Rays from a point O at the 
bottom of the slab are refracted away from the normal where they 
leave the glass and then enter the pupil of the eye as though coming 
from a virtual image J above O. For clarity, the horizontal scale of 
this diagram has been exaggerated. The diameter of the eye pupil is, 
of course, so small that only rays very close to the normal will enter 
it. 


Refractive index related to real and apparent depth 


The way refractive index is related to real and apparent depth is 
illustrated in Fig. 267. Once again the horizontal scale is exaggerated, 
but it is to be understood that OBC is a ray very close to the normal 
which enters the eye from a point O at the bottom of the slab. The 
emergent ray BC appears to be coming from a virtual image J, so 
that A/ is the apparent depth of the slab. 

By using the principle of reversibility of light the refractive index 
of glass is given by 


sini 
n= 
sinr 
but ZAIB = i (corresponding angles) 
and ZAOB = r (alternate angles) 
_ sin ZAIB 
therefore n= a PAO 


=—/— = = when B is very close to A 


real depth 


cs apparent depth 


To measure refractive index by the real and apparent depth 
method 


(a) Glass. A glass block is placed vertically over a straight line 
ruled on a sheet of paper (Fig. 268 (a)). A pin on a sliding cork 
adjacent to the block is then moved up or down until there is no 
parallax between it and the image of the line seen through the block. 
Measurements of the real and apparent depth are then taken as 
indicated in the diagram and the refractive index of glass calculated. 


(6) Water or other liquid. The same method as that described above 
may be used except that the glass block is replaced by a tall beaker 
containing the liquid and having a pin lying on the bottom. 

However, it will be found easier to adjust for no parallax if we use 
the fact that the image in a plane mirror is as far behind the mirror 
as the object is in front (Fig. 268 (b)). A slip of mirror rests across 
the top of the beaker, and a sliding pin above it is adjusted until 
there is no parallax between the image of this pin in the mirror and 
the image of the pin lying on the bottom of the beaker. 


real depth y 


Fig. 268 (6) makes it clear that n = apparent depth =e 


Several readings may be obtained, each time varying the depth of the 
liquid. 


Fig. 267. 
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Fig. 269. Refraction and reflection in a 
glass block 
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(a) 
Fig. 268. Refraction index by apparent depth method 


Total internal reflection. Critical angle 


When light passes from one medium to a more optically dense 
medium there will always be both reflection and refraction for all 
angles of incidence (Fig. 269). But this is not always so when light 
passes from one medium to a less optically dense medium. 

Suppose we consider a ray passing from glass to air. Starting with 
a small angle of incidence (Fig. 270 (a)), we get a weak internally 
reflected ray and a strong refracted ray. 

As the angle of incidence increases the angle of refraction also 
increases, and at the same time the intensity of the reflected ray gets 
stronger and that of the refracted ray weaker. 

Finally, at a certain critical angle of incidence c, the angle of 
refraction becomes 90° (Fig. 270 (b)). 

Since it is impossible to have an angle of refraction greater than 
90°, it follows that for all angles of incidence greater than the critical 


Air ) Air aa) Air 
“ANN Glass Glass ap 


(a) Refraction ond = (b) Critical internal (c) Total internal 
internal reflection reflection reflection 


i<c t=¢ i>c 
Fig. 270. What happens when light passes from glass to air 
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angle c the incident light undergoes what we describe as total internal 
reflection (Fig. 270 (c)). 


Relation between critical angle and refractive index 


We have already seen that ,n, = = and hence, from Fig. 270 (4) 
la 


Sie. a ub 
sin 90° 4m, 
But sin 90°= 1 
therefore sine = th 
ally 
or a wl. 
sinc 


For crown glass of refractive index m = 1-5, the critical angle c is 
about 42°, In the case of water (n = 1-33) it is about 49°. These values 
are obtained from the above equation, using a table of sines. 


The fish’s-eye view 


At whatever depth a fish happens to be it has a full view of every- 
thing above the water, provided, of course, that the water surface is 
unruffled. Fig. 271 explains this and shows how the fish enjoys a 
180° field of view apparently all squeezed into a cone of angle about 
98° (i.¢., twice the critical angle for water). Outside this range the 


180° field of view 
contained in this 


cone of angle 2¢=98° =. 
. I 
vc 
\ 


Fig. 271. The fish’s-eye view 
fish will see objects in the water and on the bottom which are mirrored 
in the surface of the water by total internal reflection. 


To measure the critical angle and refractive index of the 
material of a prism 


An equilateral glass prism ABC is placed on a sheet of paper and 
its outline drawn on the paper with the aid of a ruler in a manner 
similar to that described for the glass block on page 265. 

An object pin O is then stuck in the paper touching the side CA 
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Fig. 272. Refractive index by a critical 
internal reflection method 


and its image is viewed through the side BC (Fig. 272). Light enters 
the eye after internal reflection from AB, followed by refraction 
through BC. 

If the eye is well to the left the image seen is weak owing to the 
fact that the light has undergone only partial internal reflection. If, 
however, the eye is well to the right the image is bright, since total 
internal reflection has occurred. Therefore, as the eye moves from 
left to right through the critical position the image suddenly becomes 
brighter. The emergent ray for this position is located by pins P, 
and P;. The prism is then removed and P,P, joined to cut BC in D. 

Because AB acts as a reflecting surface the ray ED appears to be 
coming from J, which is the image of O in AB. Rays OE and ED 
can therefore be located as follows. Draw OMI perpendicular to AB, 
making JM = OM. Join JD to cut AB in E. Join OE. Then angle 
OED = twice the critical angle c. Hence c can be found and the 


Peet 1 
refractive index calculated from n = ane 


Multiple images formed by a thick glass mirror 


Ordinary mirrors, made by silvering the back face of a sheet of 
glass, suffer from the disadvantage that extra images are formed by 
reflection from the front surface of the glass and also by multiple 
internal reflection inside the glass. Fig. 273 shows how the images are 
Main 


image 
24h Ah aoe 


Fig. 273. Multiple images in a thick glass mirror 


formed. Ordinarily these images are very much weaker than the 
image formed by the silvered surface and go unnoticed. But if 
silvered glass mirrors are used in certain optical instruments, the 
extra images are a nuisance. For this reason plane mirrors in reflex 
cameras, and the curved mirrors of telescopes are aluminized on the 
front surface. Care should be taken when handling these, as the 
metallized surface is easily scratched. 


Total internal reflection in prisms 


The problem of providing an untarnishable mirror which gives 
one image only has been solved in the submarine periscope by using 
45° right-angled glass prisms, as shown in Fig. 274 (a). Actually a 
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submarine periscope is a combined periscope and telescope, but for 
simplicity in the diagram the lenses have been omitted. Light enters 
the faces of the prisms normally and falls on the hypotenuse face 
internally at an angle of incidence of 45°. Total reflection occurs 
here, since the critical angle for ordinary glass is about 42° (page 271). 

For reasons explained in chapter 24, it is necessary to place slides 
or films upside down in a projector in order to obtain a picture the 
right way up on the screen. It is not always possible to do this, since 
it is occasionally necessary to project an image of a thin glass cell 
containing a liquid. For example, polarization on the copper plate 
of a simple cell (see page 417) may be shown on a screen by this 
method. The image is obtained the correct way up by placing an 
erecting prism in front of the projection lens. Fig. 274 (b) shows how 
a right-angled prism is used for this purpose. Light enters the face 
of the prism approximately parallel to the base or hypotenuse face. 
Total reflection occurs at the base, with the result that the rays 
passing through are inverted. 

A third method of employing total internal reflection in right- 
angled prisms is used in prism binoculars. A prism binocular is 
simply a pair of telescopes conveniently shortened in length by 
causing the light to traverse the tube three times instead of once. 
If light is incident perpendicular to the hypotenuse face of the prism 
it will undergo two internal reflections, finally emerging parallel 
to its original path but travelling in the opposite direction. Fig. 275 
indicates how two prisms are used in this manner in the binocular. 


The mirage 

Mirages are usually associated with hot deserts. The traveller in 
a desert often sees what appears to be a sheet of water a short distance 
ahead of him. This he is never able to reach, since it is an optical 
illusion. 

It is not necessary to make a journey to the Sahara in order to 
see this phenomenon. Mirages are quite common elsewhere. On a 
hot summer's day the surface of a hot roadway in the near distance 
may appear wet and shiny as if after rain. Since we are accustomed 
Light from 
A sky Direct light through air of uniform refractive index 

Merb 
COOL AIR 


WARM AIR 


‘Retesaa 
* Image of point A 
Fig. 276. Formation of a mirage 


to seeing the sky mirrored in the surface of still water, the natural 
inference made is that the road surface is wet (Fig. 276). 

Two explanations have been suggested. Traditionally, it has been 
explained by the progressive refractive bending of light from the 
sky as it passes through successive layers of less optically dense air 
of increasing temperature near the hot ground until it finally meets a 
layer at an angle equal to the critical angle. It then undergoes total 
reflection. 
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Fig. 274. Total internal reflection in 
prisms 


Note inversion of rays 
Fig. 275. Binocular prisms 
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Fig. 277. Displacement and deviation 
of light paths 


A rather more probable explanation is given by M. Minnaert in 
his book entitled Light and colour in the open air (Bell). He attributes 
the phenomenon to the progressive bending of light as it passes 
through the warmer layers of decreasing refractive index until it 
becomes parallel to the ground. After this it proceeds to bend 
upwards. The process is thus regarded as one of continuous and 
progressive refraction rather than total reflection. 


To study the deviation of light by a triangular prism 


Triangular glass prisms are of considerable importance in the 
study of light, as we shall see later in chapter 25. 

Unlike a rectangular prism which simply displaces the emergent 
light parallel to its incident direction (Fig. 277), a triangular prism 
causes the light to be deviated. 

The angle of deviation is the angle between the incident and 
emergent rays. The deviation is least when the light passes symmetri- 
cally through the prism, that is to say, when the angle of incidence 


Fig. 278. Minimum deviation by a triangular prism 


is equal to the angle of emergence. This may be shown to be true 
by a simple experiment. 

A triangular prism is placed with one face in contact with a pin P; 
stuck vertically in a sheet of paper on a drawing-board (Fig. 278). 
This pin and a second pin P; are then viewed by refraction of light 
through the prism, so that they appear to have images at J; and J, 
The prism is then rotated to and fro about the pin P,, and a position 
found for which the angle between P,P, and /,/, is a minimum. Two 
more pins £, and £, are then stuck in the paper in line with J, and 
I,. The position of the prism is drawn on the paper with pencil, 
after which the prism is removed. On joining P,P, and E;£, it will 
be found that these lines, which represent the incident and emergent 
rays respectively, cut the prism at points equidistant from the 
refracting edge A. It follows that, in the minimum deviation position, 
the light passes symmetrically through the prism. Thus if normals 
are constructed and the angles of incidence and emergence measured 
they will be found to be equal. 


QUESTIONS: 23 


1. Explain the statement “‘the refractive index of glass is 1-5". (J.M.B.) 
2. By a graphical construction, and without using a table of sines, find the 
angle of refraction for a ray of light incident at an angle of 55° on the plane 
surface of a slab of perspex of refractive index 1:49. 


REFRACTION AT PLANE SURFACES 


3. State the /aws of refraction and define refractive index. 

Describe in detail an experiment to find the refractive index of glass. 

The diagram shows a slab of glass of uniform thickness, lying horizon- 
tally. Above it is a layer of water. A ray of light PQ is incident upwards on 
the lower surface of the glass and is refracted successively at A, B, and C, 
the points where it crosses the interfaces. Calculate (i) angle x, (ii) angle y, 
and (iii) the refractive index for light passing from the water to glass. 
(Refractive index of glass = 3; refractive index of water = +.) (A.E.B.) 


4. A microscope is focused on a mark on a table. When the mark is covered 
by a plate of glass 2 cm thick the microscope has to be raised 0:67 cm for the 
mark to be once more in focus. Calculate the refractive index of the glass. 
(O.C., part qn.) 
5. Answer any Two of the following, illustrating by means of diagrams: 


(a) Explain why a stick, partly immersed in water and placed obliquely 
to the surface, appears bent at the surface. 

(6) When looking obliquely into a mirror at the image of a candle 
several images are seen. Explain this. Which of the images is the 
brightest ? Why? 

(c) What is meant by: (i) total internal reflection; (ii) critical angle? 


Explain, with the aid of a diagram, how a suitable glass prism may be 
used to turn a ray of light through 180°. (L.) 
6. (i) Draw a ray diagram to show why a pool of water appears to be only 
three-quarters of its real depth when viewed vertically from above. 

(ii) Find the critical angle of a medium of refractive index 1-65. 

(J.M.B., part qn.) 
7. Define refractive index and explain briefly a method of measuring its 
value for water. 

A small flat object, e.g., a penny, lies at the bottom of a tank containing 
water to a depth of 16 cm. Find by drawing or by trigonometry the apparent 
position of the object when viewed from directly above. 

Does the object appear to be the same size as it does when the tank is 
empty and it is viewed from the same point? If not, does it seem larger or 
smaller? Give a reason for your answer. (Refractive index of water = ¢.) 

(0.C.) 
8. A small object is placed at the bottom of a beaker containing a liquid 
of refractive index $ to a depth of 10 cm. A pin placed horizontally above 
the beaker is adjusted until there is no parallax between the image of the 
pin formed by reflection at the liquid surface and the image of the object. 
What is the height of the pin above the liquid surface? (L., part qn.) 


9, What is meant by the critical angle of a medium? How would you find 
the refractive index and critical angle of a given specimen of glass? 

Show by a ray diagram how a right-angled glass prism may be used: 
(i) to turn a ray through 90°; (ii) to turn a ray through 180°; (iii) to invert 
a beam of light. (J.M.B.) 
10, What is meant by foral internal reflection of light? State the conditions 
under which this occurs. Define critical angle and explain how the critical 
angle for a material in air depends on its refractive index. 

Name one practical application of total internal reflection. 

Find the angle of incidence of a ray of light on one face of a 60° prism 
if the ray is just totally internally reflected on meeting the next face. 
(Take the refractive index of glass to be 1:5.) (0.) 


11. State the laws of refraction of light, defining the angles of incidence 
and refraction and showing them on a diagram. 

A slab of glass 1 cm thick is silvered underneath and rests on a table. 
A speck of dust is on the top face. Find, by a drawing to scale or by 
calculation, the position of the image of the speck by reflection at the 
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silvered surface and refraction at the top. (Refraction index of glass = 1-5.) 

(0.C.) 
12. Define refractive index and describe oNE method by which its value for 
glass may be determined. 

ABC is a triangular prism, made of glass of refractive index 1-5, in 
which the angle A is 30° and the angle C is 60°. A ray of light is incident 
normally on the face AB. By graphical construction, or otherwise, deter- 
mine the path of the ray and show it clearly on a diagram. (L.) 
13. Give the meaning of the terms refractive index, critical angle, and 
total internal reflection, illustrating your answers by diagrams. 

Describe briefly how you can determine the refractive index of water. 
If a pinhole camera pointing vertically upwards is filled with a liquid and 
taken to an open space the image of the sky is found to be a circular disc 
of definite radius when the receiving screen is large enough. Explain this 
and deduce the refractive index of the liquid given that the perpendicular 
distance of the pinhole from the image is 10 cm and the radius of the image 
is 8 cm. (0.C.) 
14. The diagram shows the path of a ray of light through one corner of a 
cube of ice. Find: (a) the angle of incidence on the face AB; (6) the angle of 
refraction at this face. 

Mark, on the diagram, the critical angle for ice, and mark also the 
direction of any one additional ray which can occur owing to partial 
reflection. (C.) 
15. Explain, with the help of diagrams, the terms refractive index and 
critical angle. 

Determine, graphically or by calculation, the path of a ray passing at 
minimum deviation through an equiangular glass prism. Indicate the 
angle of a minimum deviation on a diagram. 

What is the critical angle for a ray from water to air? 

A pin is stuck vertically at the centre of the underside of a cork disc of 
radius 10 cm floating on water. What is the maximum length of the exposed 
portion of the pin so that it is invisible from every position above the water 
surface? (The refractive index of glass may be taken as 3, and of water 
as 4.) (L.) 
16. Define refractive index and explain what is meant by critical angle, 
illustrating your answers by diagrams. 

Describe how you would find the refractive index of glass in the form of 
a triangular prism. 

On warm sunny days tarmac roads often appear to be covered with pools 
of water some distance ahead, which disappear when approached. How 
do you explain this? (S.) 


Magnifying glasses or lenses have been in use for centuries and were 
well known to the Greeks and medieval Arabs. Lenses of many 
different types play an important part in our own everyday life. 
Apart from the benefit of spectacles which enable millions of people 
to read in comfort, our lives would be vastly changed if we had no 
cameras, projectors, microscopes or telescopes, all of which function 
by means of lenses. 


Not all lenses can be used as magnifying glasses. There are some, 
used in opera glasses and in spectacles for short-sighted persons, 
which always give a diminished, erect virtual image. These are referred 
to as concave or diverging lenses, while magnifying glasses are called 
convex or converging lenses. The two types can be readily distinguished 
from one another; converging lenses are thickest in the middle while 
diverging lenses are thinnest in the middle. Fig. 279 illustrates some 
of the more common types of lenses. 


Technical terms 


A simple lens is usually a piece of glass bounded by spherical 
surfaces. 

The principal axis of a lens is the line joining the centres of curva- 
ture of its surfaces, 

Ifa parallel beam of light, parallel to the principal axis, is incident 
on a converging lens, the rays, after passing through the lens, all con- 
verge to a point on the axis which is called the principal focus, F. In 
the case of a diverging lens the rays will spread out after passing 
through the lens, as if diverging from a focus behind the lens. The 
principal focus is thus real for a converging lens and virtual for a 
diverging lens (Fig. 280). 

When we were discussing spherical mirrors on page 251 it was 
explained that a true point focus is obtained only for rays which are 
very close to the axis. The same holds true for lenses. Thus, the 
principal focus of a lens is that point on the principal axis to which all 
rays originally parallel and close to the axis converge, or from which 
they diverge, after passing through the lens. 
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Fig, 279. Shapes of lenses 
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Fig. 281. Lenses compared with prisms 
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Fig. 280. Principal foci of lenses 


Lenses compared with prisms 


In chapter 23 we saw how a triangular glass prism causes light to 
be deviated on passing through it. Now a lens may be regarded as 
being made up of a very large number of portions of triangular 
prisms, the angles of which decrease from the edges of the lens to its 
centre. As a result, light is deviated more at the edges of a lens than 
at the centre. This will explain how a beam of light parallel to the 
principal axis of a lens is either brought to a real focus in the case of 
a converging lens or diverges from a virtual focus in the case of a 
diverging lens (see Fig. 281). 


Optical centre of a lens. Focal length 


The central portion of a lens may be regarded as a small part of a 
parallel-sided slab, so that rays passing through it are not deviated 
but only slightly displaced parallel to their original direction. When 
the lens is thin this displacement is sufficiently small to be ignored, so 
that in all our diagrams rays going through the centre of the lens are 
drawn straight. The centre of the lens is thus called the optical centre. 

The focal length of a lens is the distance between the optical centre 
and the principal focus (see Fig. 280). 


A lens has two principal foci 


Since light may pass through a lens in either direction, there will be 
two principal foci equidistant from the optical centre, one on either 
side of the lens. These are denoted by the symbols F and F’. 

Apart from their use in locating the principal axis of a lens, the 
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centres of curvature of the faces of a lens are not of particular im- 
portance in elementary work. We shall see later that two points on 
the axis which are important are the points 2F and 2F’. As their 
names indicate, these are situated respectively at a distance of twice 
the focal length from the optical centre on either side of the lens. 


Construction of ray diagrams 


Three particular classes of rays are used in geometrical construc- 
tions to locate the image formed by a converging lens: 


(1) Rays parallel to the principal axis which pass through the 

principal focus after refraction through the lens. 

(2) Rays through the principal focus which emerge parallel to the 

principal axis after refraction through the lens. a 

(3) Rays through the optical centre which are undeviated. 

Two of these rays only are sufficient to locate an image, and which 
particular pair are chosen is merely a matter of convenience. 

Fig. 282-287 are a series of diagrams to show the type of image 
formed as the object is moved progressively along the principal axis, 
starting at a point between the lens and the principal focus. As is 
usual in optical diagrams, the object is represented by a vertical 
arrow OA standing on the principal axis, and /B represents the image. 


Formation of images by a converging lens 


Fig. 282 illustrates the use of a lens as a magnifying glass. It will be 
noticed that the image formed is erect, virtual and magnified and on 
the same side of the lens as the object. Used in this way, a magnifying 
glass is sometimes called a simple microscope to distinguish it from 
the compound microscope, which is a more powerful instrument 
consisting of two or more lenses mounted in a brass tube (page 287). 

Fig. 284 shows how a lens is used as a projection lens for the pur- 
pose of throwing a magnified real image of a slide or film on a screen. 
In this case the image is inverted, and so the slide must be put in the 
projector upside down. 

Fig. 286 shows the action of a simple camera lens in producing a 
small real inverted image on a sensitive plate or film. 


Image formed by a diverging lens 


Fig. 288 illustrates the formation of an image by a diverging lens. 
For all positions of the object, the image is virtual, erect and smaller 
than the object, and is situated between the object and the lens. 


Solution of problems by graphical construction 


In ray diagrams a lens is represented by a straight line so that the 
actual paths of the rays through the lens itself are ignored. This is 
justified, since the lenses used are thin. 


Example. An object 10 mm tall stands vertically on the principal axis 
of a converging lens of focal length of 10 mm, and at a distance of 
17 mm from the lens. By graphical construction find the position, size 
and nature of the image. 
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OBJECT BETWEEN 
LENS and F’ 
the image is, 
(1) Behind the object 
(2) Virtual 
(3) Erect 
(4) Larger than object 


OBJECT AT F' 
the image is 
at infinity 


OBJECT BETWEEN 
F" and 2F" 
the image is, 
(1) Beyond 2F 
(2) Real 
(3) Inverted 
(4) Larger than object 


OBJECT AT 2F' 
the image is, 
(1) At 2F 
(2) Real 
(3) Inverted 
(4) Same size as object 


OBJECT BEYOND 
2F' 
the image is, 
(1) Between F and 2F 
(2) Real 
(3) Inverted 
(4) Smaller than 
object 
OBJECT AT INFINITY 
(1) At F 
(2) Real 
(3) Inverted 


(4) Smaller than 
object 
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Fig. 288. Formation of an image by a diverging lens 


Using squared paper, the ray diagram is drawn to scale, taking the 
side of one square as a unit to represent | mm (Fig. 289). A horizontal 
straight line OC/ represents the principal axis. LCL’ at right angles 
to it represents the lens. The object is represented by OA, 10 units 
long, drawn perpendicular to OC and 17 units from C, The two rays 
used to locate the image are: 

(1) ACB through the optical centre (undeviated), and 

(2) AL parallel to the principal axis which emerges through the 

focus F. 


The intersection B of the two emergent rays is the image of A. 
7B, perpendicular to the axis, will therefore represent the image 
of OA. 
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Converging lens LCL’ The image JB is, 
Focal length 10 mm (1) 24mm from C 
Object OA 10mm tall (2) 14mm tall 
placed 17mm from C (3) Inverted 

(4) Real 
Fig. 289. 


Giving the result to two significant figures, we see from the con- 
struction that the image is a real one, 24 mm (24 units) from the lens 
on the opposite side to the object and is 14 mm (14 units) tall. 
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All data given and measurements made should be recorded on the' 
squared paper as shown. 


Magnification 

As we have seen, the size of the image produced by a lens varies 
according to the position of the object. The /inear magnification is the 
ratio of the height of the image to the height of the object, and is 
usually denoted by the letter m. Thus 


ane height of image 
~~ height of object 


It is useful to know how m depends on the distances of the image 
and object from the lens. Referring to Fig. 284 and 288, it will be 
found easy to prove that the angles of triangle C/B are respectively 
equal to the angles of triangle COA. 

Hence the triangles C/B and COA are similar, and it follows that 


1B _ IC 
OA OC 
distance of image from lens 


ve m= distance of object from lens 


It is customary to denote the image and object distances from the lens 
by the letters v and wu respectively, so that 


sie 


numerically 


Experiments to measure the focal length of a converging 
lens 


Method (1). Using an illuminated object and plane mirror. The lens 
is set up in a suitable holder with a plane mirror behind it so that 
light passing through the lens is reflected back again (Fig. 290). The 
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Fig. 290. Finding focal length of a converging lens 


object used is a hole and cross-wire in a white screen illuminated by 
a pearl electric lamp. 

The position of the lens holder is adjusted until a sharp image of 
the object is formed on the screen alongside the object itself. The 
object will now be situated in the focal plane of the lens, i.e., a plane 
through the principal focus at right angles to the principal axis. 
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Under these conditions, rays from any point on the object will 
emerge from the lens as a parallel beam. They are therefore reflected 
back through the lens and brought to a focus in the same plane as the 
object. The distance between lens and screen now gives the focal 
length of the lens. 


Method (2). Using a pin and plane mirror. In this method the object 
consists of a pin set vertically in a special carrier or simply stuck in a 
cork held by a clamp and stand. Having adjusted the pin so that its 
tip is at the same horizontal level as the centre of the lens a position is 
found for which there is no parallax between it and the real image 
formed (Fig. 291). For best results, attention should be given to the 


Fig. 291. Focal length of a converging lens by pin method 


tilt of the plane mirror so that the tip of the image and the tip of the 
object pin appear to touch at the same level as the centre of the lens. 
The distance between pin and lens will then be equal to the focal 
length of the lens. 


Method (3). Measurement of object and image distances. The lens is 
set up in front of an illuminated object so that a real image is formed 
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Fig. 292. Focal length of a lens by u and v method 


on a white screen placed on the opposite side (Fig. 292). Having 
adjusted the lens so that the image is sharply in focus, the object 
distance u and the image distance wv from the lens are measured. 
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It can be proved that u, v and the focal length f are related by the 
formula 


iL ac 
o ou eek 
1 1 
or = 
v 
For details of these conventions see pages 289-91. 
Several pairs of values of u and v are found and the results entered 


in a table as shown. A mean value for the focal length f may then be 
calculated. 


Mean value of } 


Mean value of f 


Note that in this experiment: 


(N.C. convention) u is negative, v is positive, f is positive. 

(R.P. convention) u is positive, v is positive, f is positive. 
The focal length may be calculated using reciprocals as indicated, 
with — or + sign in last column according to Pua Shea 


oe 


Alternatively, it may be calculated from f= 
according to the convention used. 
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Fig. 293. Focal length from uw and v by no-parallax method 


Instead of using an illuminated object a pin may be set up in front 
of the lens so that it forms a real image on the opposite side. The 
position of this image is then located by the aid of a search pin, using 
the method of no-parallax (Fig. 293). 
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The projector 


Fig. 294 shows the arrangement of lenses in a cinema or slide 
projector. (See also Fig. 284.) 

The illuminant is either a carbon electric arc or a quartz iodine lamp 
to give a small but very concentrated source of light. In order to 
obtain a brilliant picture on the screen, a condenser consisting of two 
plano-convex lenses collects light which would otherwise spread out 
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Fig. 294. Optical projection system 


and be wasted, and causes it to converge through the slide on to the 
projection lens. 

The projections lens is mounted in a sliding tube, so that it may be 
moved to and fro to focus a sharp image on the screen. 


The camera 


A camera consists of a lens and sensitive plate or film mounted in a 
light-tight box, with provision for adjusting the distance between 
lens and film. A shutter of variable speed, and a diaphragm of 
variable aperture, regulate the amount of light energy admitted 
through the lens. 

These features of a camera are shown in Fig. 295. A sharp image 
of the scene being photographed is focused on the film by turning the 
screw mount of the lens. This varies the distance between lens and 
film. The correct setting of the lens for an object at any given distance 
from the camera is obtained from a scale engraved on the lens 
mount. 


The eye 


Fig. 296 is a simplified diagram of the human eye. In many respects 
it is similar to the camera. An image is formed by the eye lens on the 
sensitive retina at the back of the eye, whence a message is trans- 
mitted to the brain by way of the optic nerve. 

The iris or coloured portion of the eye automatically adjusts the 
size of the pupil or circular opening in its centre according to the 
intensity of the light falling on it. Focusing of the image on the retina 
is effected by an alteration in the focal length of the eye lens. This is 
called accommodation and is brought about by the ciliary muscles, 
which vary the thickness, and consequently the focal length, of the 
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Fig, 295, Hand camera 
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eye lens. In this respect the eye differs from the camera, since, as we 
have already seen, focusing in the camera is brought about by vary- 
ing the distance of the fixed focus lens from the film. 

The eye-ball has a tough white wall called the sclerotic, the front 
portion (cornea) being transparent. The space between cornea and 


Sclerotic 


humour 


Ciliary 


muscles Optic 


nerve 
Fig. 296. Main features of the eye 


lens contains a transparent liquid called the aqueous humour. The 
remainder of the eye-ball is filled with a jelly-like substance known 
as the vitreous humour. 


Defects of vision and their correction 


The so-called normal eye can accommodate for clear vision of 
objects from infinity (the far point) down to 25 cm (the near point). 
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Fig, 297. Long sight correction 
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We shall now consider the case of a person with long sight who can 
see objects at infinity but whose near point is somewhat further than 
25 cm (Fig. 297). True long sight, as distinct from loss of accommo- 
dation due to advancing age, is caused by the eye-ball being too short. 

Thus if a printed page is held at the normal 25 cm from such an 
eye it will appear blurred since, for this distance, the eye lens can 
form a sharp image only at a point behind the retina. 

Correction is effected by a converging spectacle lens which con- 
verges the rays entering the eye just sufficiently to make them appear 
as though coming from the eye’s own more distant near point. 

In a case of simple short sight the eye-ball is too long so that the 
effectively parallel rays from a point on a very distant object are 
focused in front of the retina. The actual far point for such an eye 
may be only a metre or less away (Fig. 298). 
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Fig. 298. Short sight correction 


Correction is obtained by a diverging spectacle lens which diverges 
the rays entering the eye so that they appear to be coming from the 
eye’s own far point. 


The compound microscope 


This instrument employs two lenses of short focal length arranged 
as shown in Fig. 299. The first of these, called the object lens, produces 
an enlarged, real, inverted image /, of a small object O. 

The image /, then acts as an object for the eye Jens, which gives a 
virtual, image J, which is still further enlarged. This is the image 
which is seen by the eye. 

It should be noticed that the thin rays drawn without arrows in the 
diagram are only the necessary construction rays to locate the position 
of the image I,. The actual rays from the object by which the eye sees 
the tip of the image J, are the thicker arrowed rays. 
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Eye lens 


Fig. 299. Compound microscope 


Angular magnitude and apparent size 


It is well known that street lamp-posts appear to be shorter the 
further they are away, although, in fact, all are of the same height. 

The angular magnitude of an object is the angle it subtends at the 
eye. This angle determines the size of the image formed on the retina 
and hence governs the apparent size of the object (Fig. 300). 
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Fig. 300. Apparent size depends on angle subtended at the eye 


The astronomical telescope 


The function of a telescope is to increase the angle which a distant 
object appears to subtend at the eye, and therefore produces the same 
effect as if the object were either larger or else closer to the eye. 

Fig. 301 shows how this is done by an astronomical telescope. For a 
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Fig. 301. Astronomical telescope 
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very distant object, e.g., a star which is effectively at infinity, rays 
coming from any point on it are sensibly parallel on reaching the 
telescope. A real image / is therefore formed in the focal plane of the 
object lens. The focal plane of the object lens coincides with the focal 
plane of the eye lens. Consequently, the image / acts as an object for 
the eye lens and, in normal adjustment, a final virtual, greatly 
magnified image is formed at infinity. Clearly the telescope owes its 
magnifying power to the fact that the angle subtended at the eye by 
the final image at infinity is very much greater than that subtended by 
the distant object. 

For astronomical purposes it does not matter that the final image 
is inverted. 

For high magnifying power the object lens should have a long focal 
length fo, and the eye lens a short one fz. In this respect, a telescope 
differs from a compound microscope. 


Sign conventions 


When using the lens formula mentioned on page 284 correct signs 
have to be applied to object distances, image distances and focal 
lengths, according to the convention chosen. 


NEW CARTESIAN CONVENTION 


ne b+) 8 
The lens equation is Gietion 

(1) All distances are measured from the optical centre, being posi- 
tive if in the same direction as the incident light and negative if 
against it. 

This convention is more easily applied if the object is always placed 
to the left of the lens, in which case all distances to the left of the lens 
are negative and all those to the right are positive. This automatically 
brings all signs into agreement with the ordinary Cartesian graphical 
convention used in mathematics; hence its name (Fig. 302). 

The focal length of a converging lens is +-ve; a diverging lens —ve. 


REAL-IS-POSITIVE CONVENTION 


As pied ‘ae 
The lens equation is = ay af 
All distances are measured from the optical centre. Distances of 
real objects and real images are positive. Distances of virtual objects 
and images are negative. 
The focal length of a converging lens is +-ve (real focus). 
The focal length of a diverging lens is —ve (virtual focus). 


Worked examples 


1. An object is placed (a) 20 cm, (b) 5 cm from a converging lens of 
focal length 15 cm. Find the nature, position and magnification of the 
image in each case. 
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New Cartesian Real-is-positive 
(a) u = —20 cm (object left of | u = +20 cm (real object) 
lens) 
f=+ 15 cm (converging f = +15cm (converging lens) 
lens) 
2 Pek Deapan EaD | 2 a: lire! lenges | 
Substitute in Arty Substitute in = ao — 7 
se heer beg beoal 
—20 ‘15 oe’ 15 


v 
a ilint dol 1,.4-3._.1. 41 1 1_4-3_1 
o 15 20 6 6 “vo 15 20 6 6 
or v = 60 cm (on right, real) or v= 60 cm (real image) 
Also Also 
image distance 60 + oh image distance 60 _ 
object distance 20 object distance 20 


3 


Answer. (a) A real image is formed 60 cm from lens on side oppo- 
site to object, of magnification 3. 


(6) u = —5 cm (object left of | v= 5 cm (real object) 


lens) 

1 1 1 ee 1 

6 =5 mds oti5e7 18 

ee ane Sa ee ee ee ee Wee eee a 
“pre 13. pi NOW ae ect" 1S OS qaealavs sglls: 
orv = —7-5cm (on left, virtual) or v = —7-5 cm (virtual image) 
Also _ Also_ , 

_ image distance _ 7-5 _ 1-5 p= image distance _ 7:5 _ 15 


m= object distance 5 ~~ object distance 5 


Answer. () A virtual image is formed 7:5 cm from lens on same 
side as object, of magnification 1-5. 


2. A four times magnified virtual image is formed of an object placed 
12 cm from a converging lens. Calculate the position of the image and 
the focal length of the lens. 


image distance _ image distance A 
object distance — 12 

.. image distance = 48 cm 
New Cartesian Real-is-positive 


u = —12cm(objectleft oflens) u = +12 cm (real object) 
v = —48 cm (virtual, on left) v = —48 cm (virtual image) 


Magnification = 


starret Lignsstea al ve os Abdel, od 
Substitute in areca Substitute in raaiy) bs a 
1 1 1 =e 1 JWR 


Answer. Image distance = 48 cm from lens on same side as 
object. Focal length of lens = 16 cm. 
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3. Find the nature and position of the image of an object placed 
10 cm from a diverging lens of focal length 15 cm. 


= —10 cm (left of lens) u = + 10 cm (real object) 
Jf = —15 cm (diverging) f= —15 cm (diverging) 
; “Oe: (ah a! 5 eee Vom | 1 
Substitute in aa =" Substitute in ; + i Ff 
1 1 1 
10> =15 
2 Sulies 
ovo —I5 10 30 
whence v = —6 cm. whence v = —6 cm. 


Answer. A virtual image is formed 6 cm from lens on same side as 
object. 


QUESTIONS: 24 


1. Define principal focus, focal length of a converging lens, and explain 
the meaning of real image and virtual image. 

A small object is placed 6 cm away from a converging lens of focal 
length 10 cm. By means of a carefully drawn scale diagram find the nature, 


Position, and magnification of the image. (0.C.) 
2. How would you find by experiment the focal length of a converging 
lens? 


A small object is placed on the axis of a converging lens of focal length 
10 cm so that it is (a) 15 cm, and (6) 5 cm from the lens. Show by ray 
diagrams the nature and positions of the images formed and either from 
your drawing or by calculation find their exact positions. (J.M.B.) 
3. Describe the various types of spherical converging lens. 

Draw ray diagrams to show how (a) a real diminished image, and (6) a 
virtual magnified image, can be formed by a converging lens. Mention 
examples of applications of the converging lens where these two types of 
image are produced. 

A simple magnifying glass produces an enlarged erect image when an 
object is situated 10 cm from the lens. If the length of the image is twice 
that of the object, calculate: (a) the distance of the image from the lens; 
(6) the focal length of the lens. (0.C.) 
4. Draw and name the THREE types of converging lenses. 

Describe an experiment to find accurately the focal length of a converging 
lens. 

Where must an object be placed so that the image formed by a converging 
lens will be (i) at infinity, (ii) the same size as the object, (iii) erect, 
(iv) inverted and enlarged, and (v) as near the object as possible? 

An object 1 mm tall is placed 2:9 cm fron a convex lens of focal length 
3 cm so that it is perpendicular to, and has one end resting on, the axis 
of the lens. What is the size and position of the image? (A.E.B.) 
5. Explain the terms real image and virtual image. 

Draw a ray diagram to scale showing how a thin converging lens of 
focal length 10 cm forms a real image twice as large as the object, and write 
down the distance of object and image from the lens. Explain the action 
of a projection lantern. (O.) 
6. Describe an approximate method, and an accurate method, of finding 
the focal length of a converging (convex) lens. 
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An object 4 cm high is at right angles to the principal axis of a diverging 
lens of focal length 20 cm and at 30 cm from it. Determine the position 
of the image and its size. (J.M.B.) 
7. Explain the terms principal focus and focal length as applied to a con- 
verging lens. 

Describe two experiments to determine the focal length of a converging 
lens. 

An illuminated object 1-05 cm long is placed on and at right angles to 
the axis of a converging lens and an image 0-35 cm long is formed on a 
screen suitably placed at a distance of 80 cm from the object. Find the 
position of the lens and its focal length. (L.) 

8. What is meant by a real image? Explain, with the help of a ray diagram, 
how a convex lens forms a real image of a small object close to its axis. 

Describe the construction of a photographic camera. If the focal length 
of the camera lens is 20 cm, how far away from the film must the lens be 
set in order to photograph an object 100 cm from the lens? (0.) 


9. A convex lens of focal length 12 cm is used to produce a real image of 
an object enlarged four times, How far must the object be placed from the 
lens? (J.M.B.) 
10. A convex lens produces an inverted image magnified four times. If 
the distance of the object from the lens is 5 cm, what is the focal length of 
the lens? (S.) 
11. Describe how you would determine the focal length of a convex lens, 
using a plane mirror and one pin. 

A convex lens has a focal length of 10 cm. Draw ray diagrams to show 
how it may be used to obtain: (a) a magnified real image; (6) a magnified 
virtual image. In each case find, by calculation or construction, where the 
object must be placed to obtain a magnification of 3. (C.) 


12. What do you understand by the term “parallax”? 

Describe an accurate method of determining the focal length of a convex 
lens. 

How will the focal length of a plano-convex lens be affected by: 
(i) increased refractive index of the glass; (ii) increased radius of curvature 
of the surface? Consider only rays which are normal to the plane surface 
and give, with diagrams, your reasons in general terms. (S.) 
13. Explain the main features of the human eye, illustrating your answer 
by a simple labelled diagram. 

Determine graphically the position, size, and nature of the image of an 
object 2 cm high placed 40 cm away from a diverging lens of focal length 
20 cm. (W,) 
14, Distinguish between a real and a virtual image and give ray diagrams 
showing how a convex lens can be used to give each type of image. 

A convex lens placed 8 cm from an object forms a virtual image 24 cm 
from the lens. What is: (a) the focal length of the lens; (6) the distance 
between the object and the lens for which a real image is formed equal in 
size to the former virtual image? (L.) 
15. Describe the optical system and action of the human eye, illustrating 
your answer with a labelled diagram. 

Enumerate the similarities between the eye and a photographic camera. 

Explain what is meant by: (a) short sight; (6) long sight, and describe 
how each may be corrected by means of a suitable spectacle lens. 

(A.E.B.) 
16. Describe a simple photographic camera and explain how it works. 

State two similarities and two differences between the optical arrange- 
ments of the camera and those of a human eye. 

A person whose least distance of distinct vision is 20 cm uses a converging 
(convex) lens of focal length 5 cm as a magnifying glass. What is the 
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magnification when the lens is held close to the eye and the image is formed 
at the least distance of distinct vision? (J.M.B.) 
17. Describe, giving ray diagrams, how (a) a simple microscope, and 
(6) a camera, produce their images. 

A small object is viewed through a converging lens held close to the 
eye. An image 1-5 cm long is formed 24 cm from the lens, whose focal 
length is 6 cm. Find, by calculation or a scale diagram, the size of the 
object and its distance from the lens. (L.) 
18. Describe with the help of a diagram, how you would set up two 
suitable lenses to form a compound microscope. 

Draw a diagram showing the passage through such a microscope of a 
pencil of rays starting from a point object which does not lie on the axis 
of the instrument. (0.) 
19. A parallel beam of light falls upon a converging lens arranged with 
its axis along the direction of the light and is brought to a focus 25 cm 
from the lens. The light then passes through a second converging lens of 
focal length 5-0 cm placed 29 cm from the first lens. Calculate the position 
of the final image. Draw a diagram showing two rays of light passing 
through the lenses and mark the positions of the first and final images. 
Where must the eye be placed to see the final image clearly? 

On a second ray diagram show the approximate position of the final 
image which would be formed if the distance between the lenses were 
reduced to 21 cm. (No calculation is required.) State ONE way in which 
this image differs from the corresponding image in the first case. (C.) 
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It had been known for centuries that small fragments of colourless 
glass and precious stones glittered in bright colours when white light 
passed through them, but it was not until the middle of the seven- 
teenth century that Sir Isaac Newton investigated the problem 
systematically. 

Newton’s work on this subject arose out of the need for finding a 
way of removing coloration from the images seen through a telescope. 
At that time this instrument had recently been invented by a Dutch 
spectacle-maker named Lippershey. 


Newton’s experiment with a prism 


Newton began his experiments by making a small circular hole in 
one of the window shutters of his room at Cambridge. Light from 
the sun streamed through this hole and made a circular white patch 
on the opposite wall. On placing a triangular glass prism before the 
hole, an elongated coloured patch of light was formed on the wall. 
Newton called this a spectrum, and noted that the colours formed 


Hole in shutter 


S 
high 


DO<oQmDN< 


Fig. 303, Newton's experiment with a prism 


were in the order Red, Orange, Yellow, Green, Blue, Indigo and 
Violet (Fig. 303). Most people, however, are unable to distinguish 
the indigo from the rest of the blue. 

The theory which he put forward to explain the spectrum was that 
white light consists of a mixture of seven different colours. The re- 
fractive index of glass is different for each colour, so that when white 
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light falls on the prism each colour in it is refracted at a different 
angle, with the result that the colours are spread out to form a 
spectrum. It should be noted that when the light is incident on the 
prism as shown in Fig. 303, it is refracted towards the base of the 
prism, the violet being deviated most and the red least. The separation 
of white light into its component colours by a prism is called 
dispersion. Strictly speaking, there are many shades of each colour in 
the spectrum, each shade merging gradually into the next. 


Improvement on Newton’s original experiment 


The spectrum formed in Newton's first experiment was impure. 
This resulted from the fact that it consisted of a series of circular 
coloured images all overlapping. 

Later Newton devised the arrangement shown in Fig. 304, which 
produced a fairly pure spectrum. A converging lens L is placed so as 


White 
light 
source 


Lens to focus Spectrum formed 
light on slit on white screen 
(width exaggerated) 


Fig. 304. Production of a fairly pure spectrum 


to form an image J of a narrow slit S brightly illuminated by white 
light. A prism is then placed in the path of the light from the lens, 
Dispersion of the light on passing through the prism leads to the 
formation of a spectrum VR on a white screen. This consists of a 
series of coloured images of the slit all touching one another. If the 
slit is made narrow, overlapping is reduced to a minimum and the 
resulting spectrum is fairly pure. 


Production of a pure spectrum. Spectrometer 


A better method of obtaining a pure spectrum than the one just 
described is to use a parallel beam of light as in an instrument called 
a spectrometer. This is used for examining the spectra of hot gases 
and other sources of light (Fig. 305). 

An illuminated slit is placed at the principal focus of a convex lens 
so that a parallel beam of light emerges from it and falls on a prism. 
Refraction through the prism splits up the light into separate parallel 
beams of different colours, each of which is brought to its own focus 
in the focal plane of a second lens. Here the spectrum may be formed 
on a white screen or, alternatively, viewed through a magnifying 
eyepiece, 

The combination of slit and first lens is called the collimator (to 
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Fig. 306. Recombination of spectrum 
colours by mirrors 
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screen, or focused on crosswires 
and viewed through eyepiece 


pans bet eye 


of a pure spectrum using two lenses and a prism 


collimate means to make parallel). The second lens with cross wires 
in its focal plane, together with the eyepiece form a telescope. 


Recombination of the colours of the spectrum 


The colours of the spectrum may be recombined to form white 
light by allowing the spectrum to be formed on a row of small 
rectangular plane mirrors (Fig. 306). On adjusting the angle which 
the mirrors make with the incident light so that they all reflect the 
light to the same place on the screen a white patch of light is formed. 

Newton showed the recombination of the colours to form white 
light in another way. He painted the colours of the spectrum in 
sectors on a disc. When rotated at high speed the disc appears white. 
It is only fair to say that the whiteness thus obtained is slightly 
greyish, owing to the. difficulty of obtaining pigments which are pure 
colours. The experiment works by reason of the “persistence of 
vision”. The impression of an image on the retina of the eye is 
retained for a small fraction of a second after the image has dis- 
appeared. Consequently, the brain sums up and blends together the 
rapidly changing coloured images of the disc, and thus produces the 
sensation of a stationary white image. 

It may be mentioned in passing that persistence of vision is 
responsible for the absence of flicker in the picture formed by a ciné 
projector. In this case a constant succession of images of the film is 
thrown on the screen at the rate of 24 per second. The eye retains the 
sensation of each image until it receives the next, so producing an 
impression of continuity. 


Colour of objects in white light 


When white light falls on any particular body, then either all the 
colours in the white light may be reflected from the body, when it 
appears white, or only some of them may be reflected while the others 
are absorbed. In the latter case the body appears coloured. The energy 
of the light absorbed is generally converted into internal energy so 
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that the body becomes slightly warmer. The colour which the body 
presents to the eye is the colour of the light which it reflects. Thus the 
leaves of plants appear green, since they reflect green light and absorb 
the other colours. 

White paper reflects all the colours of the spectrum while black 
paper absorbs all of them. Blackness is thus due to the absence of 
light of any colour. 


Light filters 


Interesting results are obtained when light filters in the form of 
sheets of gelatine coloured with various dyes are placed, in turn, in 
front of the slit in Fig. 304 or 305. By this means, the light transmitted 
by the filter can be analysed into its component colours. It is observed 
that certain colours, depending on the colour of the filter, are now 
absent from the spectrum. The missing colours are those of light 
which has been absorbed by the filter while the remaining colours 
have been transmitted. 

Now one would expect red gelatine to transmit only red light, green 
gelatine only green light and so on. Indeed, this generally proves to be 
so when tested by experiment. But an unusual result is obtained with 
yellow gelatine. The spectrum of the light passing through most types 
of yellow gelatine is found to consist of red and green as well as yellow. 
What is even more striking is that this particular yellow light looks 
just the same to the eye as that which comes from a filter passing only 
pure yellow. To distinguish between the two, the former kind of 
yellow is called compound yellow light. 

Experiment shows that the yellow petals of flowers and most yellow 
paints are examples of compound yellow. 


Appearance of coloured objects in coloured light 


A convenient source of light of various colours may be obtained by 
placing an ordinary electric lamp in a box with an opening which may 
be covered with gelatine sheets of different colours. By means of such 
a lamp the appearance of different coloured objects in different 
colours of light may be examined in a dark room. 

Then it is found that red bodies look red in red light while green 
and blue ones look black, since they have absorbed the red light. In 
like manner a red poppy appears black in green light. On the other 
hand, the compound yellow petals of a daffodil appear black only in 
blue or violet light. The daffodil appears yellow only in yellow or 
white light. In red light it looks red and in green light, green. 


Primary and secondary colours 


Although yellow may be produced by mixing red and green lights, 
it is not found possible to produce either red, green or blue by mixing 
two other colours. For this reason, red, green and blue are called 
primary colours. 

Yellow is called a secondary colour. The other two secondary 
colours are cyan made by mixing green light and blue light, and 
magenta, by mixing red light and blue light. 
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Mixture of coloured lights 


Before proceeding further it must be pointed out that mixing 
coloured paints is an entirely different thing from mixing coloured 
lights. Paints will be dealt with later. 

The effect of mixing coloured lights may be investigated by using 
three projectors fitted with slides of various coloured gelatine sheets, 
and arranged so as to produce overlapping images on a white screen. 

In this way it may be shown that a mixture of the three primary 
colours, red, green and blue, gives a white patch on the screen. How- 
ever, a successful result is obtained only by using the right kind of 
red, green and blue gelatine for producing the colour and by having 
each light of the correct intensity, This can only be done by experi- 
menting with different types of gelatine and by having lamps of the 
appropriate brightness. 

By using two projectors only the following facts may also be 
verified : 

Red + Green = Yellow 
Red + Blue = Magenta 
Blue + Green = Cyan 

These results, together with the knowledge that a mixture of the 
three primaries, red, green and blue, gives white, lead us to expect 
that: 

Red + Cyan = White 
Green -++ Magenta = White 
Blue + Yellow = White 

A further experiment with two projectors using appropriate gela- 
tines shows that these inferences are correct. 

Two colours such as those described above which give white light 
when added together are called complementary colours. 


Mixing coloured pigments 


One of the first things that a student of painting learns is that green 
paint can be made by mixing yellow and blue paint. 

This would not be possible if the paints available were pure yellow 
and pure blue. The success of this method of making green paint de- 
pends on the fact that the pigments in common use are impure 
colours. 

Yellow paint is a compound yellow so that, when illuminated by 
white light, it reflects red, yellow and green light and absorbs the 
blue. Similarly, blue paint is not a pure colour: it reflects blue and 
green and absorbs red and yellow. 

When the two paints are mixed, then between them they absorb 
red, yellow and blue. The only colour they both reflect is green. 
Consequently, the mixture looks green. This process is called colour 
mixing by subtraction to distinguish it from the effect of mixing 
coloured lights by reflection from a white surface which is called 
colour mixing by addition. 


Infrared and ultraviolet light 


If a spectrum from an electric arc lamp or from the sun is produced 
on a screen by one of the methods described in this chapter it may be 


DISPERSION AND COLOUR 


shown that invisible radiant energy is incident on the screen just 
beyond each of the extreme ends of the visible spectrum (Fig. 307). 

Just beyond the red end of the spectrum is a region occupied by 
infrared radiation. This is invisible, but its presence may be 
demonstrated by placing a thermopile where the rays can fall on it. 
A galvanometer connected to the thermopile will give a deflection. 
Details of the thermopile are given on page 206. 

Ultraviolet light can be detected in several ways. If a piece of 
photographic paper is placed on the screen it will become darkened 
to a variable extent where the spectrum falls on it, but maximum 
darkening is caused by ultraviolet light just beyond the violet end. 
Ultraviolet light also causes certain substances to fluoresce, i.c., glow 
with visible light. Quinine sulphate is an example. A colourless solu- 
tion of this salt fluoresces with a blue light under the action of ultra- 
violet light. Paper lightly smeared with vaseline behaves similarly. 

Laundry washing powders usually contain small quantities of a 
substance which fluoresces with a bluish white light under the action 
of ultraviolet light in sunlight. This enhances the whiteness of linen 
and helps to combat the natural darkening of the material with age. 
More is said about the radiant energy spectrum on page 324. 


QUESTIONS: 25 


1. (a) What is a pure spectrum? 

(6) In the formation of the spectrum of white light by a prism: (i) which 
colour is deviated least; (ii) which colour is deviated most? (J.M.B.) 

2. Explain with the aid of ray diagrams, the terms: refractive index, 
dispersion and colour. 

Describe and explain Two experiments, one showing that white light 
can be split up into different colours, the other that colours can be 
recombined so as to give the effect of white light. (0.C.) 
3. Explain with the aid of a clear diagram how you would arrange apparatus 
to project a pure spectrum of white light on a white screen. Show on your 
diagram the paths of two rays of red light and Two rays of blue light. 

Describe what would be the appearance of the screen if: (a) a pure blue 
filter was placed in the path of the beam; (6) the filter was removed and a 
pure red screen substituted for the white screen; (c) with the red screen 
remaining, the blue filter was replaced in the beam. Give brief explanations 
for your answers. (W.) 
4. A narrow beam of white light is incident upon a triangular glass prism. 
Draw a clear diagram to illustrate what is meant by: (a) deviation; 
(6) dispersion. 

With the help of a well labelled diagram, describe how a pure spectrum 
may be obtained from white light using such a prism and any other 


necessary apparatus. 
State and explain what form of spectrum would be obtained if: (c) a red 
filter; (d)a green filter were placed in the path of the beam. (L) 


5. Describe, with the help of a diagram, how you would use a prism and 
two convex lenses to obtain a pure spectrum from white light. Explain how 
the colours of the spectrum can be recombined. 

A mark is made in red ink on a strip of white paper. How would you 
expect the appearance of the mark to change as the paper is moved along 
the spectrum? (0.) 
6. Describe the optical arrangement for producing a pure spectrum of the 
light from an electric filament lamp on a white screen. Give a diagram 
showing the path of a beam of light through the arrangement. 
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How is the appearance of the spectrum altered if: (a) a piece of red glass 
is placed in front of the lamp; (6) this is removed and the white screen is 
replaced by a green one; (c) the red glass and green screen are used 
together? Give reasons for your answers. (L) 
7. Draw a clearly labelled diagram of the apparatus required to produce 
a pure spectrum showing the passage of two beams of light of different 
colours. Show on your diagram where you might expect to find infrared 
radiation. How would you detect this radiation? 

Explain why: (i) very little light passes through a sheet of yellow 
glass and of blue glass held together; (ii) yellow and blue pigments com- 
bine to give a green colour; (iii) a blue object viewed in yellow light appears 
black. (A.E.B.) 
8. Explain, with ray diagrams, how a glass prism: (a) deviates, and 
(6) disperses a ray of white light incident upon it. 

Draw a labelled ray diagram to show how a pure spectrum of white 
light may be produced. 

Describe and explain the appearance of the spectrum if: (i) a sheet of 
blue glass is inserted in the path of the light; (ii) sheets of red and yellow 
glass are inserted together in the path of the light, the blue having been 
removed. What is seen when a pure spectrum of white light is formed on a 


red screen in a dark room? (J.M.B.) 
9. Describe and explain the appearance of a red tie with blue spots when 
observed in: (a) red light; (6) green light. (L., part qn.) 


10. Describe how a spectrum is formed on a screen, using a glass prism 
and a white light source. 

How would you show the presence of infrared and ultraviolet light? 

(Cc) 
11. Explain two ways of reconstituting the colours of the spectrum into 
white. 

State and account for the different effects produced when: (i) yellow 
and blue pigments; (ii) yellow and blue lights are mixed. (S.) 
12. It is known that a single lens has a focal length for red light which 
differs from that for blue light. Suggest a reason for this and give details 
of an experiment (not necessarily using a lens) in support of your answer. 
State, with reasons, which of the two values for the focal length should 
be the greater. (O.C., part qn.) 
13. A plant with green leaves and red flowers is placed in: (a) green; 
(6) red; (c) blue light. What colour will the leaves and flowers appear in 
each case? Assume that all the colours are pure. (C.) 
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In this chapter we shall deal with the experimental study of wave 
motion with special reference to the properties of water waves and 
light waves. 


Transverse waves 


Probably everyone has, at some time or another, thrown a stone 
into a pond or other smooth sheet of water and noticed the circular 
ripples which spread out from the spot where the stone entered the 
water. These ripples are an example of a wave motion travelling over 
a circular wavefront. 

A somewhat simpler type of wave, called a transverse wave, is seen 
when one end of a piece of rope or string is moved up and down ina 
direction perpendicular to its length. The particles of the rope near 
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Fig. 308. Transverse wave 


the end exert a drag on their neighbours so that these begin to 
oscillate as well. This process continues throughout the rope, until 
finally any particular particle is oscillating up and down slightly later 
than the one immediately before it. The net result is that the rope 
presents the appearance of a series of equidistant crests and troughs 
which travel forward with a certain velocity, called the wave velocity 
(Fig. 308). 

It is important to realize that it is only the shape or form of the 
wave which moves forward. The individual particles of the rope 
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merely oscillate up and down with a motion similar to that of a 
pendulum bob. The actual motion of the particles has been indicated 
by small arrows in the diagram. 


The maximum displacement of a particle from its rest position is 
called the amplitude of the wave. 


The wavelength (A) is defined as the distance between two succes- 
sive particles which are at exactly the same point in their paths 
and are moying in the same direction. Such pairs of particles are 
said to be in the same phase. Examples are A and B or C and D 
(Fig. 308). 


Any line or section taken through an advancing wave in which all the 
particles are in the same phase is called the wavefront. We used this 
term earlier with reference to circular water ripples. 

The time taken for a wave particle to make one complete oscilla- 
tion is called the periodic time. 


The number of complete oscillations made in 1 second is called the 
frequency (f). 


The SI unit of frequency is called the hertz (Hz) and is defined as 
1 cycle (or oscillation) per second. 

In the time it takes the particles to make one complete oscillation 
the whole wave moves forward one wavelength. 

Hence in | second the wave moves forward a distance fA. 

But the distance moved per second is the velocity, v. 


Hence o=fir 


To construct a transverse wave model 


Much useful information about wave motion may be gained by 
constructing the wave model illustrated in Fig. 309. 

A series of strips, 2-5 mm wide are shaded alternately in pencil or 
colour on a piece of drawing paper or thin card. A wave curve is then 
cut out of a longer strip, for which purpose the curve in Fig. 308 has 
been made the correct size to suit the dimensions suggested, and this 
may be traced. Two curves should be drawn, 2:5 mm apart, and the 
space between cut out with a sharp penknife or single-edged razor- 
blade. 

When the wave strip is inserted in the guide and slid along, it shows 
clearly how the forward motion of a wave is associated with trans- 
verse oscillation of the wave particles. 


Water waves and light waves 


On page 242 we mentioned the opposing views of Sir Isaac Newton 
and the Dutch scientist Christian Huygens regarding the nature of 
light. We shall now describe some experiments with water waves 
which show that, in some ways, their behaviour bears a striking 
resemblance to that of light. Afterwards we shall deal with some 
experiments which provide strong evidence in support of Huygens’s 
wave theory of light. 
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Fig. 309. Making a transverse wave model 


To study water waves with a ripple tank 


A ripple tank for showing the properties of water waves comprises 
a shallow transparent tray of water with a point light source above it 
and a white screen on the floor below (Fig. 310). Before adding the 
water the tray is levelled with a spirit-level to ensure a uniform water 
depth of rather less than 1 cm. 

Straight parallel waves may be produced by a horizontal metal 
strip, or circular waves by a vertical ball-ended rod. When either of 
these is dipped into the water a pulse of ripples is sent across the 
surface. Alternatively, continuous ripples may be obtained by fixing 
the dipper to a horizontal bar suspended by rubber bands. The bar is 
moved up and down by the vibrations of a small electric motor 
having an eccentric (= off-centre) metal disc on its rotating spindle. 
A rheostat in the motor circuit controls the speed and hence the 
frequency of the waves sent out. Owing to the lens effect of the wave 
crests and troughs, the light source produces a bright and dark wave 
pattern on the white screen below. 

In all the experiments which follow it is best to try the effect of 
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single pulses first and afterwards to study the pattern formed by 
continuous waves. 


Use of a stroboscope. The progress of single wave pulses can be 
followed by the eye: so can that of continuous waves, provided that 
the wavelength is not too short. 

If desired, however, the pattern formed by continuous waves can 
be made to appear stationary by the use of a stroboscope (shown in 


Lamphouse 


Wave pattern on 
white screen 


Fig. 310. The ripple tank 


Fig. 310). One of the simplest forms of stroboscope is a disc about 
25 cm in diameter with a number of equidistant radial slits cut in it. 
Pivoted on a handle, it is rotated by placing a finger in a hole near 
the centre, 

If the wave pattern is viewed through the slits as shown in the ripple 
tank diagram it is found that, for a certain speed of rotation, the 
waves appear to be at rest. This occurs if the time taken for successive 
slits to cross the line of sight is exactly equal to the time taken by a 
wave crest to move into the position occupied by the one in front. 
If the speed of rotation of the stroboscope is varied, the waves will 
appear to move either forwards or backwards. Precisely the same 
effect is in operation when the wheel spokes of a vehicle on the cinema 
or television screen first come to rest and then move backwards as 
the wheel slows up. 
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While on the subject of stroboscopes, it is worth mentioning a 
different type consisting of a lamp which flashes on and off at a con- 
trolled and measurable rate. This type is useful for examining and 
measuring the speed of oscillating or rotating machine components, 
which appear stationary when the lamp flashes at the correct fre- 
quency. Incidentally, neon and fluorescent discharge lamps vary in 
brightness 100 times per second when run off a 50 Hz alternating 
current supply. The light from them may be used to check the speed 
of record player turntables. A disc on which is drawn the appro- 
priate number of radial lines is placed on the turntable and these 
lines appear to be at rest when the speed of rotation of the table has 
been correctly adjusted. 


Reflection of straight and circular waves 


Using the straight dipper, parallel waves are set up and reflected 
from a plane metal strip stood upright in the water to act as a re- 
flecting surface. Various angles of incidence should be tried. Fig. 311 
(a) shows the wave pattern obtained for an angle of incidence of 45°. 


(a) (b) 
Fig. 311. Reflection of straight and circular waves from a plane surface 


Note that the direction of propagation of the wave energy is at right 
angles to the waves, and that the angle of incidence is equal to the 
angle of reflection. 

Fig. 311 (6) shows the pattern obtained with circular waves. The 
reflected waves are a set of circles whose common centre is a point as 
far behind the reflector as the source is in front. We are reminded of 
the corresponding case in optics where an object in front of a plane 
mirror gives rise to a virtual image situated at the same distance 
behind the mirror. 

The plane reflector should now be replaced by concave and convex 
reflectors in turn and copies made of the wave patterns obtained with 
both straight and circular waves (Fig. 312 and 313). 

Owing to interference between incident and reflected waves, to be 
discussed later, it will be found that a much clearer picture of what is 
happening may often be gathered from single wave pulses rather than 
from continuous ones. Circular pulses may be generated either by the 
finger or dipper, or better still, by drops of water from a bulb pipette. 

Incidentally, the sponge beach of the ripple tank absorbs the energy 
of the waves and so prevents unwanted reflections. Some tanks 
achieve the same result by having gently shelving sides. 
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Refraction of waves at plane boundaries 


When straight waves pass from deep to shallow water, their wave- 
length becomes shorter. Both the long and the short waves, however, 
appear at rest when viewed simultaneously through the stroboscope. 
This shows that, although the wavelength A has altered, the fre- 
quency, f, has remained the same. Now, since the velocity, v = fA, it 
means that the waves travel more slowly in shallow water than in 
deep. This can be illustrated by placing a rectangular piece of perspex 
of suitable thickness in the tank to reduce the local water depth. 

Furthermore, when the angle of incidence is anything other than 
zero (i.e., perpendicular incidence), the change in wavelength and 
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Fig. 312. Reflection of straight waves from a curved reflector 


speed automatically brings about a change in the direction of travel 
of the waves when they cross the boundary (see Fig. 314). In other 
words, refraction occurs. Now the direction in which the waves are 
travelling is at right angles to the wavefront, so in accordance with 
the usual convention we have drawn a normal and marked the angle 
of incidence, i, and the angle of refraction, r. This may be compared 
with the refraction of light when it passes from one medium to 
another. 

It is clear from Fig. 314 that the wavelength has changed from 
A, to A,. From the geometry of the diagram we note that there are 
two right-angled triangles with angles i and r, and sides A, and A, 
respectively, together with a common hypotenuse AB. 
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Fig. 313. Reflection of circular waves from a curved reflector 


Also, we have already seen on page 266 that the refractive index, 
n, is defined by, 
sini 
i= 
sin r 
Therefore, the refractive index for water waves passing from deep to 
shallow water is, 
n —w/4B_ 
= },/AB 1; 
Now the stroboscope tells us that the frequency, f, of the waves 
remains unaltered: hence, using the wave equation v = fA, 
velocity in deep water =y=frA, 
velocity in shallow water = v, = fd, 
Suseds so we can also sa’ 
aaa ‘Ys 
Y% velocity in deep water 
v, velocity in shallow water 


Therefore, 


refractive index = n = 
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Comparison with light waves. Using a diagram similar to Fig. 314, 
Huygens considered the case of plane light waves being refracted 
from one medium to a more optically dense medium and obtained 
the same result, namely, 


velocity of light in first medium 


re ae velocity of light in second medium 


Now, the mean refractive index of water (as far as light is con- 
cerned) is 1-33. Therefore, if Huygens was right it meant that light 
ought to travel 1-33 times faster in air than in water. In contrast, 
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Fig. 314. Refraction of waves at a plane boundary 


Newton’s corpuscular theory gave a theoretical result which was the 
exact opposite to this. 

When Huygens and Newton put forward their two different 
theories in the sixteenth century it was not possible to test them 
experimentally, since no method was available for measuring the 
velocity of light in anything other than free space. Nearly 150 years 
later, it was a triumph for the wave theory when Jean Foucault in 
France devised a method for measuring the velocity of light in both 
air and water, and found that it actually was less in water. 


velocity in air 


————. gave the correct value, 1-33, 
velocity in water 


Also the expression 


for the refractive index of water. 


Refraction of waves at curved boundaries 


When carrying out experiments on refraction, using very shallow 
water, it will be found that a very slight trace of detergent in the water 
will improve the results by reducing surface tension effects. 

The wave-focusing action of a shallow lens-shaped patch of water 
may be studied by placing a bi-convex piece of perspex in the tank. 
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About 2 mm depth of water above the perspex coupled with a full 
water depth of about 8 mm gives satisfactory results. 

Fig. 315 illustrates the focusing effect for straight waves. Having 
tried straight waves, the water dropper should be used to start 
circular pulses at various distances along the axis of the water lens 
Lens—shaped perspex 
reduces water depth 
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Fig. 315. Refraction of waves at curved boundary 


and diagrams drawn in the practical notebook. The positions of the 
images formed by the refracted pulses in these wave diagrams should 
be compared with the corresponding ray diagrams for light on 
page 280, 


Diffraction 


Interesting and unexpected results are obtained when straight 
waves are incident on an opening formed between two vertical metal 
barriers placed in the ripple tank. 

If the opening is a wide one compared with the wavelength of the 
waves, they will pass through in parallel straight lines, though we 
cannot fail to notice a slight bending round at the edges, Matters are 
entirely different when the opening is a narrow one about the same 
order of width as the wavelength. The wavefront now emerges with 
a pronounced circular shape and the waves spread out in all direc- 
tions from the opening. This effect is called diffraction (see Fig. 316). 
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Fig. 316. Diffraction of waves through wide and narrow openings 


Light behaves in a similar manner. If a parallel beam of light falls 
on a screen after passing through a wide slit the diffraction is negli- 
gible; very much less, in fact, than in the case of water waves. We get 
a sharp-edged patch of light on the screen so that to all intents and 
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purposes the light is travelling in straight lines. Indeed, we have 
already mentioned the straight line propagation of light in chapter 21, 
and we saw later that it worked very well in explaining the formation 
of images by mirrors and lenses. 

On the other hand, if light passes through a very narrow slit it can 
be shown to spread out in a manner similar to the water waves in 
Fig. 316. The reason why we never notice the diffraction of light in 
everyday life is that the wavelength of light is exceedingly small and 
so the effect is unobservable except when the light passes through 
very narrow openings. Even in the laboratory we have to go to some 
trouble to demonstrate it. However, in due course we shall show how 
diffraction can be used to measure the wavelength of light. 


Interference 


When two ball-ended dippers are attached to the vibrator of the 
ripple tank, two sets of circular ripples are sent out which pass 
through one another as shown in Fig. 317. 
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Fig. 317. Interference of circular waves 


Where the two waves are superposed in the same phase, e.g., crest 
on crest, we get lines of increased disturbance or constructive inter- 
ference. These are called the antinodal lines. In between these are the 
nodal lines along which the waves are exactly out of phase, e.g., the 
crests of one are superposed on the troughs of the other. Here, pro- 
vided the amplitudes of the two waves are the same, we now get zero 
resultant disturbance of the water surface, or destructive interference. 

A similar interference pattern is obtained if either a straight or a 
circular wave is incident on a vertical barrier having two small aper- 
tures. In this case, interference takes place between the emerging 
diffracted waves (see Fig. 318). 


How the wave nature of light was first discovered 


If we imagine that the two water wave sources of Fig. 318 to be 
replaced by two point light sources then, if light is a form of wave 
motion, we should expect similar constructive and destructive inter- 
ference to occur. In other words we ought to get increased brightness 
along the antinodal lines and darkness along the nodal lines, 
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At the beginning of the nineteenth century, Thomas Young did, in 
fact, perform such an experiment using the light diffracted from two 
pinholes and obtained a series of light and dark bands or interference 
JSringes on a screen placed in the path of the light. This was very strong 
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Fig. 318. Interference of diffracted waves 


evidence for the wave theory of light. Later he repeated the experi- 
ment using the light from two narrow parallel slits, with similar 
results. 


Production of interference fringes using Young's slits 


Fig. 319 shows the general scheme of a modern version of Young’s 
experiment. Two very narrow, close and parallel slits S, and S, are 
illuminated by the light from a single slit S parallel to them, and 
placed in front of a strong monochromatic (= one colour or wave- 
length) light source. A sodium discharge lamp giving orange light 
is suitable, or alternatively, a white source may be used together 
with a colour filter which transmits only a limited range of wave- 
lengths. 

The interference fringes can be seen by setting up a translucent 
screen and viewing from the side opposite to the slits. Tracing- 
paper makes a suitable screen. Otherwise they can be examined 
through a magnifying eyepiece. 

Note that the fringes are formed in space. They are said to be 
non-localized. Hence, light and dark bands will be formed on a screen 
placed anywhere in the fringe region and the spacing of the bands 
will increase as the screen is moved further from the slits. The same 
applies when using a magnifying eyepiece which shows a section 
across the fringes in its image plane. 

The number of fringes seen depends on the width of the slits. 
The narrower the slits the greater will be the number of fringes, 
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owing to the increased angular diffraction. They will, however, be 
much fainter since less light energy gets through. The average 
wavelength of light is about 0-000 5 mm. For convenience, this is 
usually written as 5 x 10-*mmor 5 x 10-7 m, the use of a negative 
index signifying division by the particular power of 10. 

In order to pass sufficient light energy to give easily visible fringes, 
the slits have to be a good many wavelengths wide. The angular 
diffraction of the light passing through them is, therefore, quite small. 
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Fig. 319. Young's slits experiment (transverse scale exaggerated) 


We may think of it as being somewhere between that of the two 
water cases shown in Fig. 316, Consequently, the fringes are con- 
fined to a much smaller space than our water wave experiments 
might lead us to suppose. It must be borne in mind, therefore, that 
all our diagrams relating to Young's experiment have, for clearness, 
been drawn with exaggerated scales. 


The slit sources must be coherent. The reader may have wondered 
why it is necessary to have a single slit in front of the light source. 
The reason is that lamps do not emit light waves in the same regular 
manner as the dipper sends out water waves in a ripple tank. 

The atoms in a light source give out millions of wave packets all 
with different phases and in different directions. If the single slit 
were not there the two slits would receive light from different parts 
of the source and so the light emerging from them would be in 
different and constantly varying phase. The function of the single 
slit is to cause the light to spread out over a cylindrical diffracted 
wavefront on which the phase remains constant. Thus, if the two 
slits are equidistant from the single slit they simultaneously receive 
light in the same phase. If any sudden phase changes do occur in the 
light from the single slit, then the two slits will both be affected 
equally. In these circumstances the light from the two slits is said to 
be coherent. 

Thomas Young was well aware of this condition. One cannot 
obtain a constant interference pattern from two independent slit 
sources. 


Practical details. Good results will be obtained only if proper care 
is given to the preparation of the slits. One of the commonest 
methods is to use a pin to rule two parallel lines about a third of a 
millimetre apart on a piece of thin glass which has been coated with 
Aquadag (colloidal graphite) and allowed to dry. The graphite is 
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removed by the pin point, thus leaving two transparent slits. This 
is not as easy as it sounds: several trials may be necessary in order 
to obtain good slits. 

Good results are obtained by the following method. A hole about 
1 cm in diameter is made in a thin sheet of metal and, diametrically 
across it a short length of copper wire about 0-4 mm diameter is 
fixed with adhesive. To ensure straightness the wire should be 
cut from a length which has been stretched slightly by clamping one 
end in a vice and pulling the other end with pliers. The slits are 
formed by sticking two pieces of razor blade on either side of the 
wire. This is best done under a low-power microscope when it will 
be found comparatively easy to push the two pieces of blade into 
position to form two narrow, equal and parallel gaps before the 
adhesive sets. A pair of slits made in this way, about 0-06 mm wide 
and about 0-4 mm apart will, if used with a strong light source, 
give up to 18 fringes. Wider slits give fewer but brighter fringes. 

The single slit can be made by the same method, omitting the 
wire. It is, however, a definite advantage to use a variable slit if one 
is available, since its width can then be adjusted to give maximum 
brightness combined with good definition of the fringes. 

Needless to say, it is best to work in a dark room or at any rate 
ina dimly lit laboratory. When setting up the apparatus it is essential 
to see that the light source and single slit both lie on the perpendicular 
bisector of the line joining the two slits S, and S,. If the fringes are 
poor, it will probably be due to lack of parallelism between the slits. 
A slight rotation of the slit S one way or the other should bring about 
the desired results. 

The distances between the components is not critical. The slit 
screens may be some 15cm apart. The eyepiece should be placed where 
its field of view comfortably contains all the observable fringes: 20 
to 30 cm from the slits may suit a micrometer eyepiece. If, however, 
a translucent screen is used it should be placed 50 to 100 cm from 
the slits if rough measurements of the fringe spacing are to be made 
with a half-millimetre scale. 

More accurate results will naturally be obtained from micrometer 
measurements. The micrometer eyepiece mentioned in this descrip- 
tion has a vertical crosswire on a horizontal slide which is moved 
by a micrometer screw (not shown in Fig. 319). Readings are taken 
when the crosswire is centred over the extreme fringes visible and 
from these the mean distance between adjacent fringes is calculated. 

We shall now discuss the ray geometry of Young’s experiment and 
show how the wavelength of the light may be measured. 


Ray geometry of Young's experiment 


In Fig. 320 all light waves leave S, and S, in the same phase, 
and the rays give the directions of the wave paths. 

If we consider a point C on the perpendicular bisector of S,S;, 
the waves travelling along the rays S,C and SC have gone equal 
distances, Hence they will arrive in phase and interfere constructively 
to make C the centre of a bright fringe. 

The next bright fringe is at A where the wave path S,A is one 
wavelength longer than S,4. Once more, the waves are in phase, 
making A the centre of a bright fringe. 
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Fig. 320. Ray diagram for Young's experiment 


Similarly, B is the centre of a bright fringe where the path difference 
between S,B and S,B is two wavelengths. Subsequent bright fringes 
will be formed where the path differences are three, four, etc. wave- 
lengths. The same explanation applies to the bright fringes formed 
on the side opposite to C, namely, at A,, B, and so on. 

In between the bright fringes we get the dark ones (not shown 
on the diagram). The centres of these will be situated where the 
wave paths differ in length by 0-5A, 1-5A, 2-5A and so on, i.e., where 
the path difference is an odd number of half-wavelengths. 

If, for convenience, we talk in terms of half-wavelengths, we may 
sum up the whole situation by saying: 


For bright fringes: wave path difference = zero or an even number 
of half-wavelengths. 

For dark fringes: wave path difference = an odd number of half- 
wavelengths. 


Measurement of wavelength from Young's experiment 


Fig. 321 shows the ray geometry for the first bright fringe next to 
the central one. For clarity the vertical scale of this diagram has, like 
the others, been greatly exaggerated: actually the fringe spacing x 
is only about one six-hundredth of the distance D. 

We saw in the previous section that the distance $,4 is one 
wavelength longer than S,A. Thus, if we drop a perpendicular S,N 
on to the line S,A it will cut off a length S,N = A. Bearing in mind 
the smallness of the distance a between slits and the fringe spacing 
xX we may, to a very close approximation, regard the two right- 
angled triangles S,NVS, and ACM as equiangular and therefore 
similar. 


Hence 
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The fringes are all effectively equidistant and so we take the 
fringe spacing x as equal to the average spacing of as many fringes 
as can be seen and measured. It has already been explained how this 
may be done either with a micrometer eyepiece or, more roughly 
with a half-millimetre scale used in conjunction with a magnifying 
glass, 

The distance a between the slits may also be measured with 
the half-millimetre scale, though more accurate results are obtained 
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Fig. 321. Wavelength calculation from Young's experiment 


with a travelling microscope. This microscope is fitted with a cross- 
wire on which the slits are focused in turn. The consequent move- 
ment a of the microscope carriage is measured by a vernier or 
micrometer screw. 

Owing to the smaller percentage error involved, it is sufficiently 
accurate to measure the distance D with an ordinary millimetre 
scale. 


Wavelength and colour 


The colour of light is related to the frequency and therefore to 
the wavelength of the light waves if they are passing through the 
same medium. The wavelength increases as we go from violet towards 
the red end of the spectrum. The wavelength of red light is approxi- 
mately twice that of violet. 

Returning to Young’s experiment, it is clear from the equation 


ax 
aap 


that if a and D are constant, then 
Aux 
or, in words, the fringe spacing is proportional to the wavelength. 
A very good way of demonstrating this is to make a triple light 
filter from three horizontal strips of red, green and blue gelatine. 
A white light source is used in this experiment and the light filter is 


placed just in front of the fringe area on the screen or just in front 
of the eyepiece. 
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Fig. 322. Fringe spacing depends on wavelength 


Red has the longest, and blue the shortest wavelength of the 
three colours and the resulting appearance of the fringes is as in 
Fig. 322. 


Fringes formed by white light 


Broadly speaking, white light consists of seven different colours, 
as we saw in chapter 25. So if a white light source is used in Young’s 
experiment to get seven sets of differently spaced coloured fringes 
all superposed on one another. 

The previous experiment shows that the central fringes for each 
colour are in the same straight line. The one place where all colours 
constructively interfere together will therefore be at the central fringe. 
Consequently this will be white and the resultant appearance will 
be a central white band, bordered symmetrically on either side by 
bands of composite colours due to superposition of the other differ- 
ently spaced colour fringes. 


The diffraction grating 


Young’s demonstration of the wave nature of light was the 
prelude to further experimental and theoretical work on the subject 
which continued during the nineteenth century. 

Within a few years, the German physicist, Joseph von Fraunhofer, 
invented a more satisfactory way of measuring the wavelength of 
light. Instead of two slits, he used as many close parallel slits as it 
was then possible to obtain. Such a device is called a diffraction 
grating. Some he made by ruling as many lines as he could on a piece 
of smoked glass: others were constructed from parallel wires, kept 
equidistant by locating them in between the threads of two fine 
screws. 

Better gratings were made by later workers who used accurate 
temperature controlled dividing engines to rule parallel lines on 
sheets of glass. Replicas of such gratings can be made by coating them 
with a layer of collodion (a solution of cellulose nitrate) which, when 
dry, is carefully peeled off and attached to a piece of glass. Modern 
gratings may have 500 or more lines per millimetre. It is now possible 
to obtain large gratings on celulose acetate sheet. For elementary 
work this may be cut up into pieces about 50 mm square and sand- 
wiched between thin glass plates for protection and to keep it flat. 
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We shall first explain the action of a diffraction grating and then 
go on to show how wavelengths of light may be measured with it. 
Note that all our diagrams have been simplified by showing only a 
few grating elements but it must be realized that, in practice, there 
are some hundreds per millimetre. 

Fig. 323 shows the cylindrical diffracted wavelets emerging from 
the slits of a diffraction grating when a beam of parallel light is 
incident upon it. The whole effect is similar to that obtained with 


Grating Grating 
2-4 
2 
° | | 
gr — be be 
5 
2 
: | | 
2 
= 
a 
Meet ay es He be 
| x 
x 
(a) Direct or zero-order (b) ‘st order diffracted wavefront 
diffracted wavefront (similar one on other side 
of axis) 


Fig. 323. Light waves diffracted through a grating 


water waves in a ripple tank when straight waves are incident on a 
barrier with a number of equidistant narrow openings. 

Now the slits of a diffraction grating are only a few wavelengths 
wide: very much finer than those used in Young’s experiment. 
This enables the light to diffract over an angle of practically 180° 
but the reduced light energy passing through in any particular direc- 
tion is, of course, compensated by the sum-total effect of the large 
number of slits. 

Let us suppose that the arcs of the circles drawn represent the 
wavefronts of the diffracted wavelets and that these are spaced 
one wavelength apart. 

The tangent planes drawn to touch these cylindrical wavefronts 
suggest that there are at least three main directions along which all 
the wavelets combine in step with one another, and experiment shows 
that this is so. Incidentally, this way of regarding a plane wavefront 
as being composed of a vast number of spherical or cylindrical 
wavelet fronts was first used by Huygens in his original wave theory 
of light. 

The resultant wavefront emerging parallel to the grating is the 
zero order wavefront, so-called because all the wavelets have 
travelled the same distance (i.e., zero path difference between them). 

The two plane wavefronts emerging at an angle on either side 
are called the first order diffracted wavefronts, a name derived from 
the fact that each wavelet has to travel exactly one wavelength 
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further than its next-door neighbour in order to be in step along the 
combined wavefront. 


Relation between angle of diffraction and wavelength 


Fig. 324 shows the usual arrangement for a diffraction grating 
experiment. A parallel beam of light is incident on the grating from 
an illuminated slit S placed at the principal focus of a converging 
lens L,. The first order diffracted beam from the grating enters a 
second lens L, which brings it to a focus in the principal focal plane. 


Diffraction 
grating All waves in step along 
if diffracted wavefront 
Li when e sin 8 = 
p I 
Sodium 
lamp 


Bright image 
of slit S 
+---f ---+ 


4 grating elements only y 
shown Note:- 


(actually hundreds per mm) White light gives a 
SPECTRUM in the 
focal plane 


Fig. 324. Principle of the diffraction grating 


Here we get an image of the slit S which may be formed either on a 
white screen or else viewed through an eye lens. 

If we are using monochromatic light, then for first order diffraction, 
the distances between successive wavefronts leaving the grating in 
the same phase will be equal to the wavelength, A. 


A __ perpendicular 
Now, the sine of an angle = ore apmes 
Hence, from the ray geometry of the diagram, we see that 
if @ = angle of diffraction of the beam 

e = grating space (or distance between adjacent slit centres) 
then Shs sin @ 

e 

or A=esin#@ 


Thus, if we know e, and can measure 6, we can calculate A. 


Formation of spectrum by diffraction grating 


If the monochromatic light source used previously is replaced by 
white light, then each wavelength in the white light will be diffracted 
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at its own particular angle @ which satisfies the equation 
A=esin@ 
The net result is the formation of a continuous line of coloured 
images of the slit in the focal plane of the lens L,. In other words, a 


white light spectrum is formed there. The next experiment will serve 
to illustrate this. 


To measure the wavelength of light by a simple diffraction 
grating experiment 


Fig. 325 shows how the ordinary type of ray-box used in elementary 
laboratories may be used in conjunction with a diffraction grating 


Spectrum Direct Spectrum 
image 
(white) 


Low 
voltage 


Diffraction 
grating 


screen 
filament 


lamp 


Grating Paper 
Fig. 325, Measurement of light wavelength by a diffraction grating 


and a second cylindrical lens to form a spectrum of white light and 
to measure the wavelength of any particular colour in it. The cellulose 
acetate grating mentioned earlier is very suitable for the purpose and 
gives good results, 
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The ray-box itself consists of a vertical line filament electric lamp 
which can be adjusted in the usual way to give a parallel beam of 
light from the cylindrical lens L,. The diffraction grating is then set 
up in front of the lens with a second lens L, immediately in front of it. 

The whole arrangement is placed on a sheet of paper as shown. 
If a small white screen is placed on the axis of the lenses and at a 
distance from L, equal to its own focal length, f, a sharp white 
image of the line filament will be formed on it. This arises from the 
fact that the direct or zero order diffracted wavefronts emerging 
from the grating are all parallel to one another for all wavelengths, 
and consequently all colours come to a focus in the same direction. 

On either side of the axis two positions can be found for which a 
sharp spectrum is focused on the screen, formed in the manner 
described in the previous section. 

Suppose we wish to measure the wavelength of yellow light. The 
position of this is marked in pencil on the paper for both spectra 
in turn. The position, C, of the centre of the lens L, is also marked, 

Having removed the ray-box, the pencil marks are then joined to 
form an angle Y,CY,. Clearly this angle = 20 where @ is the required 
angle for substitution in the equation 

A=esin@ 

The number of lines on the grating, N per millimetre, is supplied 
by the makers, so that the value of e is equal to ¥ 

When doing this experiment it is important to observe that, owing 
to its longer wavelength, the red of the spectrum is diffracted through 
a larger angle than the blue. This is the exact opposite of what we 
see with a spectrum formed by a glass prism where the blue light is 
refracted through a larger angle than the red. 


Higher order spectra from a diffraction grating 


We have seen that reinforcement occurs for light diffracted from 
adjacent slits in a diffraction grating at an angle @ given by, 


A=esin@ 


Reinforcement will also occur when the angle of diffraction is 
such that the path difference for light from adjacent slits is 2A, 3A 
and so on. We therefore may obtain diffracted images for any 
particular wavelength at larger‘angles given by, 


2A = esin@ 
3A = esin@ 


These are called the second and third order images respectively. 
The actual number of orders possible for any particular colour will 
depend on the width of the grating space. Sin @ cannot be greater 
than 1 (90° diffraction), so that the maximum number of orders 
possible for any given wavelength cannot be greater than the whole- 
number value of n given by, 


nm=e x1 


Two orders of spectra can be seen using the plastic replica 
described earlier in this chapter. Coarse gratings with a wide spacing 
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give several orders as may readily be seen if a diffraction experiment 
is performed using a piece of fine wire gauze. 


Electromagnetic waves 


When the wave theory of light first gained general acceptance it 
was considered that light waves were conveyed through a trans- 
parent elastic medium which filled the whole of space, even a vacuum. 
This substance was called the ether. 

A further step forward was made in 1845, when Michael Faraday 
showed that, under certain conditions, light waves passing through 
a material medium were affected by a magnetic field. Now by that 
time, it was known that there was an inseparable connection between 
magnetism and electricity. Faraday’s experiment gave a strong hint 
that light might well have electrical properties. 

Some years later, the eminent mathematician and physicist, 
James Clerk Maxwell, became very interested in Faraday’s work on 
electricity and eventually put forward a mathematical theory suggest- 
ing that an oscillating electric current should be capable of radiating 
energy in the form of electromagnetic waves (e.m. waves). An electro- 
magnetic wave can be visualized as an oscillating electric force 
travelling through space accompanied by a similarly oscillating 
magnetic force in a plane at right angles to it, More importantly, 
Maxwell’s equations led to the conclusion that such waves, if they 
existed, would travel with the same velocity as light. 

Some twenty years after the publication of Maxwell’s theory, the 
German scientist, Heinrich Hertz, showed that electromagnetic 
waves could indeed be produced by means of an oscillating electric 


Increasing wavelength 
ie 
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Rodor broadcasting 
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to one millionth of (average wavelength range from { millimetre 
wavelength of light 0-0005 mm) to 10 kilometres 


Fig. 326. The electromagnetic spectrum 


spark. Moreover, he performed numerous experiments to demon- 
strate that the newly discovered waves underwent reflection, refrac- 
tion, diffraction and interference: in short, they behaved exactly 
like light waves but with a much greater wavelength. 

The inference was that light waves themselves were also electro- 
magnetic and further experimental and theoretical studies have since 
confirmed this belief. More will be said on the subject after we have 
studied electricity. 

The work of Hertz was developed by Marconi and others who 
laid the foundations of our present-day use of electromagnetic 
waves in radio communication. 

Fig. 326 shows the whole range of electromagnetic waves in order 
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of increasing wavelengths. Any particular range of wavelengths is 
referred to as a band. It will be noticed that the visible wavelengths 
occupy a very small band in the complete electromagnetic spectrum. 


The SI unit of frequency 


In recognition of the importance of Hertz’s researches into electro- 
magnetic waves, his name has been given to the unit of frequency. 

The SI unit of frequency is called the hertz (Hz) and is equal to a 
frequency of 1 cycle per second (formerly written as | c/s). 

The term hertz is not restricted to wave frequencies only but is 
used for any regularly occurring event, e.g., the frequency of a 
pendulum, on alternating current, a musical note and so on. 

Larger frequency units in common use are 


the kilohertz (kHz) = 1000 Hz 
the megahertz (MHz) = 1 000 000 Hz 
the gigahertz (GHz) = 1 000 000000 Hz 


Example. Calculate the frequency of a radio wave of wavelength 
150 m. 
The velocity of all e.m. waves in free space is 3 x 108 m/s. 


For a wave, 
v=fdA (page 304) 
PP Sea | 
hence, fa 150 =2 x 10° Hz 
=2 x 10°kHz 
= 2MHz 


The inverse square law for electromagnetic waves 


Let us suppose that an area of | m? which forms part of the surface 
of a sphere of radius 1 m receives wave energy from a point source 
placed at the centre S (Fig. 327). 

If P is the energy passing through this unit area in joules per 
second, i.e., if P is the power in watts, then we say that P is the wave 
intensity in W/m?*. 


Fig. 327. Inverse square law for electromagnetic waves 
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If the distance is increased to 2 m it is clear from the geometry 
of the figure that the same power is now spread over an area of 
Pe 
2 
Similarly, when the distance is increased to 3 m the wave intensity in 


2? = 4 m’. Consequently the wave intensity is reduced to 


W/m? is now only 5 


Wave intensity is defined as the power transmitted per unit area of 
the wavefront. 
In general, the wave intensity at any distance x from a point 
source is given by 
£ 
x? 
This relationship between wave intensity and distance is expressed 
by the inverse square law. 
The electromagnetic wave intensity from a point source in free space 
is inversely proportional to the square of the distance from the source. 


Light as a special case. The measurement of light wave energy 
(photometry) is complicated by the fact that light sources contain 
non-visible radiation as well, e.g., ultraviolet and infrared. Special 
units called Lux (not W/m?) therefore have to be used, but all the 
same, the inverse square law still holds. In this book we shatl not be 
concerned with photometry. 


Attenuation 


The inverse square law for radiation as presented above holds 
strictly for waves through free space from a point source. If the radia- 
tion passes through a matevial medium of some kind then the law 
is modified by the fact that some of the wave energy is progressively 
absorbed. The loss of power from this cause is described as attenuation. 


Origin and sources of electromagnetic waves 


The whole range of electromagnetic radiation pours on to the 
earth from the sun and other heavenly bodies in outer space. Those 
frequencies which are stopped by the earth’s atmosphere have been 
detected by instruments in man-made satellites orbiting the earth 
(Fig. 328). 

Otherwise some of the main sources on earth are given in the table 
on page 326. 


QUESTIONS: 26 


(Note; questions dealing with sound waves may be deferred until after reading 
the chapters on Sound.) 
1. Explain diffraction and interference of waves. 

Describe one experiment to illustrate each of these effects in the case of 
either water waves or light waves. 
2. Draw diagrams of waves as seen on the surface of the water in a ripple 
tank which illustrate the following cases of refraction and reflection of 
light: (a) a double convex lens producing a real image of a point source on 
the axis; (6) a concave mirror focusing a parallel beam. 
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Fig. 328. The Esro 2 satellite. 
Note the panels which convert 
radiant energy into electric 
energy, for supplying the record- 
ing and transmitting equipment 
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WAVE-BAND ORIGIN SOURCES 


X-RADIATION (1) High energy changes | X-ray tubes 
in electron structure of 
atoms 

(2) Decelerated electrons | (see chapters 44 and 45) 


GAMMA Energy changes in nuclei | Radioactive substances 
RADIATION of atoms (see chapter 45) 
ULTRAVIOLET Fairly high energy (1) Very hot bodies, e.g., 
RADIATION changes in electron the electricarc (chapter 41) 
structure of atoms (2) Electric discharge 
through gases, 
particularly mercury 


vapour in quartz 
envelopes (chapter 44) 


VISIBLE Energy changes in Various lamps, flames 
RADIATION electron structure of and anything at or above 
atoms | red-heat. 
INFRARED Low energy changes in All matter over a wide 
RADIATION electron structure of range of temperature 
atoms from absolute zero 
upwards 
RADIO (1) High-frequency Radio transmitting 
‘WAVES oscillatory electric circuits and 
currents associated aerial 
(2) Very low energy equipment 


changes in electron 


structure of atoms 


Indicate the direction of the wave travel by arrows and label the images J. 
Show two waves that have travelled beyond /. What effect does the lens 
or mirror have on the speed of the waves striking them? (0.C.) 


3. Define wavelength, frequency and velocity of a wave and obtain the 
equation relating them. 

State and explain briefly two pieces of evidence which suggest that both 
light and sound are forms of energy propagated by wave motion. 


4. Define refractive index for light passing from one medium to another in 
terms of: (a) angles; (4) velocities. 

Briefly describe an experiment to show that similar definitions may also 

be applied to the case of water waves passing from deep to shallow water. 
State the observations and measurements you would make and show how 
they are used to confirm your definitions. 
5. Water ripples are caused to travel across the surface of a shallow tank 
by means of a suitable straight vibrator. The distance between successive 
crests is 3-Ocm and the waves travel 25-2 cm in 1:2 s. Calculate the wave- 
length and velocity of the waves, and the frequency of the vibrator. Explain 
the two terms in italics. 

As the ripples cross the tank they meet a shallower section, the edge of 
which is straight and at 45° to the initial direction of the ripples. If the 
wave velocity in this section is only two-thirds of the initial value, describe 
as fully as possible what happens to the ripples. Your answer should be 
illustrated by suitable calculations and a clear diagram. (S.) 

6. Describe one type of stroboscope, explain its principle by describing 
an example of its use. 

A disc ruled with radial lines is used to check the turn-table speed of a 
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transcription unit for playing records at 334 rev/min. If the disc appears 
stationary when viewed in the light from a neon discharge lamp run from 
a 240 V 50 Hza.c. supply what should be: (a) the angle between the lines; 
(6) the total number of lines? 
7. Draw a labelled diagram to illustrate a method (not using a diffraction 
grating) for finding the wavelengths of light of a given colour. 

State the measurements you would make, and derive the relation 
between them used in calculating the wavelength. 

Mention the precautions necessary when setting up the apparatus in 
order to obtain good results. 
8. In a Young’s slits experiment, using sodium light, seven fringe spaces 
were found to occupy 2:8 mm when viewed through a micrometer eyepiece 
whose image plane was 24 cm from the slits. Calculate the separation 
of the slits, assuming the wavelength of sodium light is 6 x 10* mm. 

When the sodium lamp was replaced by a white light source with a green 
gelatine filter, and the eyepiece moved 12 cm further from the slits, five 
green fringe spaces were found to occupy 2-3 mm. Find the mean wave- 
length of the light passed by the filter. 

Describe what you would expect to see through the eyepiece if the green 
filter were removed. 
9. What is a diffraction grating? Explain with a simple diagram how it is 
used to produce a spectrum of the light from a small bright source. Mark 
the positions in which the red and blue colours are seen and establish 
a formula by which the wavelength of a coloured beam may be determined 
from its spectrum position. (0.C.) 
10. Two small loudspeakers a short distance apart are connected to the 
same oscillator so that they emit notes of equal frequency and intensity. 
A man walks: (a) along a line parallel to the line joining the speakers, 
and afterwards; (6) along the perpendicular bisector of the line joining 
them. 

State and explain, with the aid of diagrams, what you would expect him 
to hear in each case. 


11. Why are the elements of a diffraction grating regularly spaced? How 
may a grating be used to study the spectrum from an electric lamp with a 
straight filament? 

What is meant by different orders of spectrum? 

A narrow detector of infrared radiation, insensitive to visible light is 
moved through the spectrum. It is found that a strong response occurs 
in the second order spectrum for green light of wavelength 4.9 x 10° cm 
yet there is no response in the first order spectrum for this wavelength. 
Suggest an explanation for this and deduce the wavelength of the radiation 
responsible for the strong response of the detector. How could you check 
your explanation if you were given a piece of material which absorbed 
green light but was transparent to infrared? (0.C.) 
12. (a) Of the following types of electromagnetic radiation: ultraviolet, 
gamma rays, radio waves: (i) which has the longest wavelength? (ii) which 
has the highest frequency? 

(6) What is the speed of electromagnetic radiation in free space? 
(J.M.B.) 
13. Name four types of electromagnetic radiation and briefly describe one 
process by which each may be produced. 
14. Write down in order of increasing wavelength the principal regions 
of the electromagnetic spectrum. Indicate the approximate wavelengths 
of the radiations. (A.E.B., part qn.) 
15. Define wave intensity and state the inverse square law for electromagnetic 
radiation in free space. 
What do you understand by attenuation of a wave? 
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16. What are electromagnetic waves. State three ways in which they differ 
from sound waves. 

Explain the meaning of the symbols Hz, MHZ and GHz. The wave- 
length of the television carrier wave from a transmitting station is 66} m. 
Express its frequency in suitable units. (Velocity of electromagnetic 
radiation = 3 x 10* m/s). 


Fig, 329, The ship division of the National Physical Laboratory aims to 
improve the hydrodynamic design of merchant ships and other marine 
transport. This work is carried out mainly by experiments in the ship model 
laboratory at Feltham, which is one of the largest and most modern in the 
world, though analytical methods are used to an increasing extent. 


(a) Two scientists carry out an experiment to measure the skin friction 
distribution on a liner model 


(6) Testing a model in the sea-keeping tank 


(c) Models (1:18 scale) of a 55 metre trawler and a 63 metre stern trawler 
in simulated storm conditions. The models are travelling head-on into the 
waves at a speed equivalent to 15 km/h 


In this chapter we shall study the way in which sounds are produced 
and investigate some of their properties and uses. 


Sound produced by vibration 


The majority of musical instruments produce notes either by the 
vibration of stretched strings or by the vibration of air in pipes. 
These vibrations cause the air in the neighbourhood to vibrate also, 
and this disturbance of the air travels out in the form of a longitudinal 
wave. 

In this chapter we shall show how sound waves differ from the 
transyerse waves we talked about in the previous chapter. When a 
sound wave enters the ear part of its energy is converted into minute 
electric currents which travel along nerves to the brain, and so we are 
made aware of the sounds received. 

For experimental purposes, musical sounds may be made by 
tuning forks. A tuning fork has two hard steel prongs. When struck 
on a piece of hard rubber the prongs vibrate and a note of definite 
pitch is given out. 

The pitch of a note is denoted by a letter or symbol which refers 
to its position in the musical scale (see Fig. 340). Later on we shall 
see that pitch depends on frequency or the number of vibrations made 
per second. 

On close examination the prongs of a sounding tuning fork are 
seen to present a hazy appearance owing to their state of vibration. 
The vibration can also be demonstrated in other ways. For example, 
a small pith ball suspended by thread is kicked to one side if 
touched with one of the prongs (Fig. 330). Again, the water in a 
beaker is violently agitated when the vibrating prongs are dipped 
into it. 


Sound waves require a material medium 


Unlike light, sound cannot travel through a vacuum. This was 
discovered in 1654 by Otto von Guericke, shortly after he had invented 
the air pump. He gradually pumped the air out of a glass bottle 
containing a clockwork bell and noticed that the sound steadily 
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Fig. 330. Showing vibration of a tuning 
fork 
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Fig. 331, Sound will not travel through 
a vacuum 


got weaker until it almost disappeared. Nowadays we generally use 
asmall electric bell hung from rubber bands inside a bell-jar (Fig. 331). 
When all the air has been removed from the jar the ringing can no 
longer be heard, although the hammer can still be seen striking the 
gong. The faint burring noise which is sometimes audible comes 
from vibration which has travelled through the rubber bands 
supporting the bell. 

Von Guericke found that fish were attracted by the sound of a bell 
rung under water, and therefore concluded that sound could travel 
through water as well as air. He did not, however, carry out a 
control experiment to see if the fish would come to the bell without 
the added inducement of tasty bait, so his conclusion was not truly 
scientific. Nevertheless, von Guericke would have been intrigued to 
know that, 300 years later, fishermen would be using transistor 
“beepers” which, when lowered into water, are claimed to attract 
fish over a radius of about 14 kilometres. 


Sound can travel through solids 


At one time doctors used stethoscopes consisting of thin wooden 
rods with broadened ends. By placing one end to his ear and applying 
the other end to the patient’s chest the physician could hear the 
sound of heart-beats transmitted through the wood. Motor mechanics 
sometimes use wooden rods as stethoscopes to assist in tracing the 
source of knocking noises in engines. 

If a long iron fence is available the passage of sound through iron 
can be demonstrated. One person places his ear against the fence 
while another gives the fence a single tap with a stone some consider- 
able distance away. Two sounds will be heard, one coming through 
the iron, followed by another through the air. Actually, sound travels 
about fifteen times faster through iron than through air. 


Velocity of sound in water 


In 1826, J. Colladon and J. Sturm measured the velocity of sound 
in water and found it to be about four times that in air. The experi- 
ment was carried out on Lake Geneva in Switzerland using two boats 
which were situated some 13-5 km apart. One boat supported a bell 
beneath the water surface, while the other had a trumpet with an 
elastic membrane stretched across it. 

The hammer of the bell was connected to a lever holding a lighted 
match, At the same instant that the hammer struck the bell the 
match dipped into a small bowl containing gunpowder. The observer 
in the other boat listened for the sound through a tube connected 
to the trumpet and timed the interval between seeing the gunpowder 
flash and hearing the sound. The experiment was carried out at night, 
so that the flash was more easily visible. The result they obtained 
was 1435 m/s at 8-1 °C. 


Velocity of sound in air 


During the seventeenth century several scientists made attempts to 
measure the velocity of sound in air. The usual method was for two 
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experimenters to station themselves a measured distance of several 
kilometres apart. One of them fired a cannon, while the other timed 
the interval between seeing the flash and hearing the report. It was 
assumed that the time taken for light to travel between the two 
stations was negligible. This assumption was justified, since light 
travels at 300 000 000 or 3 x 10° m/s, compared with sound, which 
has a velocity of only about 330 m/s. 

In the early experiments simple pendulums or water clocks were 
used for timing, as pendulum clocks did not come into use until the 
end of the century. Later on, better results were obtained by having 
a cannon at each end and timing the sound in both directions. This 
is called reciprocal firing. By taking an average velocity, errors due 
to wind were, to some extent, eliminated. 

Further improvements came in the nineteenth century, when 
accurate chronometers became available and electrical methods of 
timing were introduced. The various factors which affect the 
velocity of sound in air will be discussed in the next section. Its value 
for dry air at 0 °C is approximately 331 m/s. 


Factors which affect the velocity of sound in air 


Pitch and loudness. It is a matter of common experience that the 
pitch and loudness of sounds have no effect on their velocity. For 
instance, if we walk away from a band playing in the open air or 
from music coming from a loud-speaker the various notes are still 
heard in correct time whatever the distance from the source. 

The only exception to this rule occurs in the case of the shock 
wave from a big explosion, when it is found that the noise travels 
with a higher velocity in the immediate neighbourhood of the source. 

Pressure. The effect of pressure changes on the velocity of sound in 
air and other gases was investigated theoretically by Sir Isaac Newton, 
[pressure 
density’ 

Now, in accordance with Boyle’s law, if the pressure of a fixed 
mass of air is doubled the volume will be halved. Hence the density 
pressure 
density 
will always remain constant, however much the pressure may vary. 

Consequently, changes of pressure have no effect on the yelocity of 
sound in air. 


who showed that the velocity of sound is proportional to 


will be doubled. Thus, at constant temperature the ratio 


Temperature. Anything which changes the air density without 
altering the pressure will cause a change in the velocity of sound. 
Change in temperature can bring this about. If the air temperature 
increases at constant pressure the air will expand according to 
Charles's law, and therefore become less dense. 
pressure 
density 
sound increases with temperature. 

This result was first tested experimentally by an Italian scientist 
named Bianconi about the middle of the eighteenth century. He 
measured the velocity of sound by the cannon-firing method and 
obtained higher values in summer than in winter. 


The ratio will therefore increase, and hence the velocity of 
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Sound waves 


Sound waves in air differ from the transverse waves described in 
the previous chapter in that the wave particles oscillate in the same 
direction as the wave instead of at right angles to it. Waves of this 
type are called /ongitudinal waves. Owing to the longitudinal motion 
of the wave particles, sound waves consist of a series of compressions 
followed by rarefactions. 

Fig 332 shows how a vibrating tuning-fork sends out a sound 
wave. When the prong moves to the right it compresses the air 
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(The shorter arrows indicate particle velocity) 


Fig. 332. Sound waves from a tuning fork 


particles together. This disturbance is then transmitted from particle 
to particle through the air, with the result that a pulse of compression 
moves outwards. Similarly, a reverse movement of the prong gives 
rise to pulse of rarefaction of the air. 

It is important to note that the particle at the centre of a compres- 
sion is moving through its rest position in the same direction as the 
wave, while the particle at the centre of a rarefaction is moving 
through its rest position in the opposite direction to the wave. 

As in the case of a transverse wave, the distance between two 
successive particles in the same phase is called the wavelength, and 
the same wave equation applies, namely, »v = fA. 


To construct a longitudinal wave model (Crova’‘s disc) 


The manner in which oscillatory motion of the air layers gives rise 
to the compressions and rarefactions of a sound wave may be 
illustrated by a simple device known as Crova’s disc. 

A circle of radius about 7-5 mm is drawn on a piece of stout paper 
or thin card and eight equidistant points are marked round its 
circumference. These are numbered | to 8. Using these points succes- 
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sively as centres, a set of circles of progressively increasing radii are 
drawn as shown in Fig. 333. 


When completed, the disc is cut out with scissors and pinned” 


through its centre to a strip of card with a slit cut in it. 
The disc is then rotated and viewed through the slit. The portions 
of the circles seen through the slit represent adjacent layers of air in 


Fig. 333. Crova’s disc illustrates longitudinal wave motion 


a sound wave and, as the disc rotates, compressions followed by 
rarefactions will be seen to travel across. Each individual layer, 
however, simply oscillates about a mean position. 


An experiment on the reflection of sound 


Two metal or cardboard tubes are set up, inclined to one another in 
a horizontal plane, and pointing towards a vertical flat surface of any 
hard material, e.g., a drawing-board (Fig. 334). 

A ticking watch is placed near the end of one tube and the ear is 
presented to the end of the other tube. Sound waves pass down the 
first tube and are reflected from the board. The loudness of the sound 
heard through the second tube is found to be a maximum when the 
board is adjusted so that the normal to it lies in the plane of the 
tubes and makes equal angles with their axes. 

Under these conditions the incident and reflected waves and the 
normal are in the same plane and the angle of incidence is equal to 
the angle of reflection. Sound thus obeys the same laws of reflection 
as light. 
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Fig. 334. Reflection of sound 
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Echoes 


Echoes are produced by the reflection of sound from a hard sur- 
face such as a wall or cliff. 

Let us suppose that a person claps his hands when standing some 
distance from a high wall and listens for the echo. The time which 
elapses before the echo arrives will depend on the distance away 
of the wall. Now, in order that the echo may be heard separately 
from the original clap it must arrive at least 0-1 s later. Since sound 
travels at about 330 m/s, the reflected wave must have travelled a 
total distance of at least 33 m, and consequently the minimum 
distance of the wall must be about 17 m. 

When the reflecting surface is less than this distance the echo 
follows so closely upon the direct sound wave that they cannot be 
distinguished as separate sounds. One merely receives the impression 
that the original sound has been prolonged. This effect is called 
reverberation. 


The echelon echo 


Another effect explained by the reflection of sound is the high- 
pitched ring of short duration heard when one stamps on the 
pavement near to a fence made of equally spaced iron bars or wooden 
palings, or indeed near any series of regularly spaced reflecting 
surfaces such as a flight of steps. 

Thus, in the case of an iron fence whose bars are 20 cm apart the 
reflected sound pulses reach the ear at intervals equal to the time 
taken by the sound to travel twice the distance between the bars. 
Putting this in another way, the wavelength of the note heard will 
be twice the distance between the bars or 40 cm, giving a note of 
frequency 

v_ 330 
f=} Ge 
= 825 Hz 


The description echelon comes from the French word for step. 


The acoustics of buildings 


Reverberation is particularly noticeable in cathedrals and other 
large buildings where multiple sound reflections can occur from walls, 
roof and floor. For example, in St. Paul’s Cathedral, London, it 
takes about 6 s for the notes of the organ to die away after the organist 
has stopped playing. 

Excessive reverberation in a concert hall is undesirable, as it causes 
music and speech to sound confused and indistinct. On the other 
hand, it is not a good thing to have no reverberation at all. Speakers 
and singers who have practised in an empty hall are often discon- 
certed by the seeming weakness of their voices when they perform 
in the same hall full of people. The soft clothing of the audience 
absorbs the sound instead of reflecting it, and consequently the music 
and speech appear to be weaker. Some degree of reverberation is 
therefore useful, as it prevents a hall from being acoustically “dead” 
and improves the hearing obtained in all parts of the building. 
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The characteristics of a building in relation to sound are called its 
acoustics, and the pioneer work in this field was carried out in the 
early twentieth century by Professor W. C. Sabine of Harvard 
University. The most important property of a concert hall is its 
reverberation time, which is defined as the time taken for sound 
of a specified standard intensity to die away until it just becomes 
inaudible. Sabine began his investigations by measuring the rever- 
beration time of a number of empty halls and churches. For this 
purpose he used a small organ pipe which gave a note of the required 
intensity. 

Further experiments were then carried out with cushions placed 
on the seats and with various types of wall and floor coverings in 
order to ascertain which reverberation time gave the best results. 
For the majority of halls this was found to lie between 1 and 2 
seconds. 

From his results Sabine obtained a formula relating the reverbera- 
tion time to the volume of a hall, the surface area of its walls, ceiling 
and so on, and also the sound-refiecting properties of these surfaces. 
Later on, this formula was found very useful in planning new concert 
halls. 

Research has been continued on the foundations laid by Sabine, 
and nowadays no architect should draw up plans for a new hall 
without paying attention to its acoustic design. Fig. 335 shows part 
of a wall of the Royal Festival Hall, London, during the course of 
construction. Here, reverberation is controlled by covering the walls 
with leather panels put on over a layer of sound-absorbent glass fibre. 


Anechoic and soundproof rooms 


For certain special purposes, e.g., investigation of the properties 
of loud-speakers and other sound equipment, it is necessary to have 
rooms whose walls absorb completely all sound energy falling upon 
them. This is achieved by lining the walls, ceiling and floor with 
anechoic wedges composed of glass fibre encased in muslin (Fig. 336). 

Efficient sound insulation is necessary for the comfort of those who 
dwell in blocks of flats. In modern building practice the spaces 
between floors and ceilings are usually filled with some inelastic 
material which absorbs the sound instead of transmitting it. 


To measure the velocity of sound by an echo method 


In places where a clear space extends for about 100 m from a high 
wall the velocity of sound'may be found by measuring the time taken 
for a sound to travel to the wall and back again. The experiment is 
best carried out by two persons working together, one to make the 
sound and the other to carry out the timing. 

One observer claps together two small wooden blocks held one in 
each hand and listens for the echo from the wall. Having obtained 
some idea of the time interval, he continues to clap the two blocks 
together and adjusts the rate of striking until each clap is made 
simultaneously with the arrival of the echo from the previous clap. 
The time interval between successive claps is then equal to the time 
taken for sound to travel twice the distance between observer and 
wall. 


Fig. 335. Balcony of the Royal 
Festival Hall, London, showing 
the use of padded leather panels 
backed by sound-absorbent ma- 
terial to reduce the reverberation 
period and so control the acoustic 
properties of the hall 
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Fig. 336, Sound power measure- 
ment of a large centrifugal fan at 
the N.P.L. The sound ismeasured 
at the 20 corners of the surround- 
ing metal framework. The ceiling, 
walls and area beneath the floor 
grating are covered with mineral- 
fibre wedges which absorb in- 
cident sound waves and prevent 
unwanted echoes 


When the correct rate of striking has been achieved the second 
observer uses a stop-clock or watch to measure the time occupied 
by thirty or more clap intervals. It is, of course, important to begin 
the timing by counting from nought. 


The distance from the wall is measured by a tape or other means. 


Let distance from wall = x in metres 
no. of clap intervals = Oh 
time = 1 in seconds 
Ete k 
therefore sound travels 2 m in time 3 


‘ distance _2x _ 2nx 
hence velocity of sound in m/s = ——— = — = — 
time t t 


n 


Several determinations should be made and a mean value for the 
velocity of sound calculated. 


Echo sounding 


An echo sounder or fathometer is a device used on a ship for the 
purpose of measuring the depth of the sea. A detailed explanation 
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of the apparatus is beyond the scope of this book, but the basic 
principle involved is comparatively simple. 

An electrical device fitted to the bottom of the ship sends out 
regular sound impulses which are reflected back from the sea-bed 
and received by a hydrophone, which is a microphone designed to 
work in water (see page 593). Obviously the time interval between the 
emission of a signal and its arrival back to the ship depends directly 
on the depth of the sea. A special electric circuit utilizes the time 
intervals to control the movement of a stylus over a moving strip of 
graph paper marked with a depth scale. The stylus thus plots a curve 
which is a scale contour of the sea-bed, giving a continuous indication 
of depth as the ship proceeds on its way. 

This information is of great value to the pilot, as it permits the 
safe navigation of the vessel through uncharted waters, particularly 
where shallows or sandbanks are likely to be encountered. 

It is important to note that the sound impulses sent out by a 
fathometer have a frequency of the order of 50000 Hz. High- 
frequency waves of this type are said to be ultrasonic, as they cannot 
be heard by the human ear. In this connection they have a twofold 
advantage. First, they cannot be confused with engine noises or 
other sounds made by the ship. Secondly, very high-frequency 
waves can be confined to very narrow beams, and hence can penetrate 
sea-water to large distances without undue loss of energy by diffrac- 
tion. 


Clinical and industrial applications of ultrasound 


Ultrasonic waves are being increasingly used in medical and 
surgical diagnosis by a technique based on the fact that different 
types of tissue, e.g., bone, fat and muscle have different reflective 
properties for very high-frequency waves. 

When a portion of the body is scanned by an ultrasonic beam, the 
varying echoes are recorded electronically and used to form a 
picture of what lies beneath on a television-type screen. The method 
serves a purpose similar to that of X-radiography (page 545), but is 
preferable in circumstances where the use of X-rays is inadvisable 
for health reasons. 

One important industrial application of ultrasound is illustrated 
in Fig. 337. 


Radar 


Radar equipment used in ships, aircraft and airfield control towers 
employs pulses of very short radio waves, instead of sound waves, 
for the purpose of finding the distances from the transmitter of 
various objects, e.g., coastline and building outlines together with 
other ships or aircraft. 

A rotating (scanning) aerial sends out a series of high-frequency 
radio pulses which are received back as echoes from the objects 
on which they fall. The time interval between transmission and recep- 
tion of the pulse depends on the distance of the reflecting object. 
These signals are used to produce a picture of the area scanned on 
the screen of a special cathode ray tube (Fig. 338). One form of 
cathode ray tube is described in chapter 44. 
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Fig. 337. Ultrasonic equipment at the 
Ferodo Research Laboratories. This 
technician is making a control check 
of brake linings using ultrasonic 
apparatus. Any variation in quality or 
internal structure is detected by a 
change in the echo pattern displayed 
on a fluorescent screen. Tests of this 
kind are especially Useful for the in- 
spection of friction pads for vehicle 
and aircraft disc brakes 
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Fig. 338. The Plan Position Indicator (PPI) display of the Decca Mark 3 
Airfield Surface Movement Indication radar at London Airport. To 
ensure safe landing and take-off operations, Air Traffic Control staff must 
first ensure that runways are clear of aircraft and vehicles. In conditions 
of low visibility, ASMI radar alone can fulfil this task. Aircraft taking 
off and landing at high speed are easily recognized as continuously 
moving targets on the display, The equipment provides coverage in the 
area from 200 to 4.000 metres from the radar, and can detect small 
vehicles at a range of up to 2 500 metres. 


Note. Radar waves are electromagnetic waves (see chapter 26) and 
must not be confused with sound waves 


QUESTIONS: 27 


1. What is the nature of a sound wave? How is it propagated? 
Describe experiments, one in each case, to show: (a) that the source of a 
sound is a vibrating body; (6) that a material medium is necessary to 


transmit sound. (J.M.B.) 
2. State two essential differences between the modes of propagation of 
sound and light waves. (J.M.B.) 


3. A person standing 99 m from the foot of a tall cliff claps his hands and 
hears an echo 0-6 s later. Calculate the velocity of sound in air. 
4. Explain how sound waves travel through a gas and describe carefully an 
experiment which shows that a material medium is necessary for the trans- 
mission of sound. 

A and B are two observers 1 km apart. There is a steady wind blowing. 
When a gun is fired at A the time interval between the flash and report 
observed at B is 3-04 s. When a gun is fired at B the interval between the 
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flash and report observed at A is 2-96 s. Calculate the velocity of sound in 
air and velocity component of the wind in the direction BA. (0.C.) 
5. Describe an outdoor experiment, employing echoes, for measuring the 
velocity of sound and show how the result is calculated. 

How are ultrasonic waves used to measure the depth of the sea? 

6. An observer carrying a metronome which makes a clicking sound at 
half-second intervals notices that echoes of the clicks from a wall 42 m 
away come midway between the clicks. Given that the velocity of sound 
lies between 300 and 400 m/s, calculate it. At what other greater distance 
from the wall could he hear the same effect ? (O.C., part qn.) 
7. A person stamps on a pavement which is bordered by an iron fence made 
of vertical rods at 15 cm intervals and hears a faint high-pitched note 
which lasts for a very short period. Explain how this occurs and calculate 
the frequency of the note. (Velocity of sound in air = 330 m/s.) 

8. State the laws of reflection of sound and explain how an echo may be 
produced. 

Two men stand facing each other, 200 m apart, on one side of a high 
wall and at the same perpendicular distance from it. When one fires a 
pistol the other hears a report 0-60 s after the flash and a second report 
0:25 s after the first. Explain this and calculate: (a) the velocity of sound in 
air; (6) the perpendicular distance of the men from the wall. Draw a 
diagram of the positions of the men and the wall. (0.C.) 
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Pitch and frequency 


In the previous chapter it was mentioned that the pitch of a note, 
i.., its position in the musical scale depends on the frequency of 
vibration of its source. This was demonstrated early in the nineteenth 
century by Felix Savart, who held a card against a rotating toothed 
wheel and showed that the pitch of the note emitted depends on the 
speed of rotation (Fig. 339). As the teeth strike the card it vibrates 
with a frequency equal to the number of teeth multiplied by the 
number of revolutions of the wheel per second. 


Savart’s wheel 
Disc siren 


for notes of common chord 
frequency ratio 4:5:6:8 


Fig. 339. Pitch depends on frequency 


If four wheels with teeth numbers in the ratio 4:5:6:8 are run at 
constant speed on the same shaft the notes given out are doh, me, 
soh, doh’. This well-known sequence of notes can be recognized 
whatever the constant speed of the shaft, showing that the musical 
relation between notes depends on the ratio of their Srequencies rather 
than their actual frequencies. 

Another device, the disc siren, is a rotating metal plate with holes 
drilled in concentric rings. When a jet of air is directed against the 
plate, puffs of air escape through the holes and produce a note of 
frequency equal to the product of the number of holes in a ring and 
the number of revolutions per second. 
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Music and noise 


A sound of regular frequency is called a tone or musical note, and 
music is a combination of such sounds. Certain combinations of 
notes do, however, produce an effect of emotional tension, or 
dissonance, and this has played an important part in the vocabulary 
of music throughout the ages, in varying degrees. 

Noise in relation to music is not easy to define but fairly general 
agreement may be expected with the definition that it is a sound or 
combination of sounds of constantly varying pitch, or irregular 
frequency. 


Musical scales 


As the art of music developed through the ages it came to be 
accepted that notes of certain frequency relationships gave a pleasing 
result when played together, while others produced a harsh effect. 
This experience led to the establishment of musical scales consisting 
of a series of notes whose pitch relationships enabled the maximum 
number of pleasing combinations to be obtained. 


Cy oy fe Ty % 
KEYBOARD SCALE (qh) (e) (gy) (a) (b,) 


(equally tempered) 
A compromise with 
the Diatonic scale 


Frequency ratio between each of the 13 notes 
and the next is 110595 (chromatic semitone) 


Staff notation aero ew 2 
== ae 


Tonic sol-fa notation doh ray me fah soh Iah te doh 


Frequencies (Scientific) 256 288 320 341 384 427 480 512 
age aye eee Nevo’ 


poi ipa uly 
9 eee” gr hot Fg. Ae 
Intervals 3 Sa eeliiby asian cote E> aie 
Tones Major Minor Semi Major Minor Major Semitone 
Fig. 340. 


Music evolved along various lines in different parts of the world, 
and scales were adopted which differed both in the number as well 
as the pitch of the notes they contained. From the middle of the 
sixteenth to the middle of the nineteenth centuries European music, 
in particular, came to be based on the diatonic scale. This consists 
of eight notes which may be represented in various forms of notation 
(Fig. 340). 

For scientific purposes, the diatonic scale has been standardized 
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as a series of notes ranging from middle C (c’), 256 Hz to upper C (c’’), 
512 Hz. Most of the tuning-forks found in laboratories are in scientific 
pitch, but these are unsuitable for tuning musical instruments, as will 
be explained in due course. 

At the outset it must be understood that, as far as music is con- 
cerned, the actual pitch of the notes has never been regarded as being 
so important as the ratio of the pitches of the various notes of the 
scale. Thus, during the eighteenth century it would be rare to find 
two organs whose middle C pipes had the same frequency, although, 
of course, the ratio of the pitches of the different pipes would be 
substantially the same for all instruments. 

However, with the development of orchestral music, attempts were 
made at various times to establish a uniformity of pitch acceptable 
to musicians in all countries. In the year 1939 an international 
committee agreed that standard musical pitch should be based on a 
frequency of 440 Hz for a’. 


Musical intervals 


The ratio of the frequencies of two notes is called the musical 
interval between them. Certain recognized intervals have been given 
special names. Thus, a ratio of 9:8 is called a major tone, 10:9 a 
minor tone and 16:15 a semitone. 

Those who have studied music will be familiar with other intervals. 
For example, the interval between the top and bottom notes of the 
scale, 2:1, is called an octave. The interval between c’ and g’, 3:2, is 
a fifth and so on. 


The problem of tuning a keyboard instrument 


The lowest (or highest) note on the scale is called the tonic or 
key-note. Now it is an easy matter to make a change of key when 
singing, since the voice can be pitched to any frequency within its 
natural compass. Also the same principle applies in the case of 
stringed instruments, where the length of the vibrating strings can 
be adjusted by fingering; or with the trombone where the player 
manipulates the length of the slide. But with a keyed instrument such 
as a piano or organ a difficulty arises. 

The scale represented in Fig. 340 begins with c’ (middle C), 
which is given by a white key near the centre of the keyboard. The 
rest of the scale is given by the next seven white keys in order. If e’ 
is taken as the key-note, an ascending scale cannot be played on a 
succession of white notes, as the intervals do not come in the correct 
order. For example, the interval between e’ and the next white key f’ 
is only a semitone, whereas the interval between the first and second 
notes of a diatonic scale must be a major tone. Similar difficulties 
arise with other intervals, and hence, in order to play a correct 
diatonic scale beginning with e’, it would be necessary to have four 
extra keys. If sufficient extra keys were proyided to enable diatonic 
scales to be played in all other possible keys we should end up with a 
piano which had so many keys that it would be impossible to play it. 

Some compromise is therefore necessary. Space does not allow a 
detailed discussion of the various attempts which have been made in 
the past to overcome the difficulty. Suffice it to say that a satisfactory 
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solution of the problem has been effected by substituting the 
chromatic or equally tempered scale for the diatonic scale. Five black 
keys, known as sharps (#) or flats (p) are added to each octave of 
white keys, making in all a range of thirteen notes each separated 
from its predecessor by an interval of 2*7 or 1-0595:1. This interval 
is called a chromatic semitone. 

While these notes do not allow true diatonic scales to be played, 
the differences are so small that only those with extremely sensitive 
musical ears claim to be able to detect them. The actual frequencies 
employed in the equally tempered scale are shown in Fig. 340. 


To measure the frequency of a tuning fork 


A wooden framework supports a vertical smoked glass plate by a 
length of cotton passing over two hooks (Fig. 341). The plate may be 


Adjustable hook 


Lamp blacked 
glass plate 


Tuning fork 


Clamping screw 


Fig. 341. The falling plate experiment 


smoked either by burning camphor or else by means of a small wick 
lamp containing white spirit (turpentine substitute). 

The tuning fork has a short bristle fixed to one of its prongs with 
a little wax and is clamped horizontally with the bristle lightly touch- 
ing the lower part of the plate. The fork is bowed steadily, and, when 
a good amplitude of vibration has been built up, the supporting cotton 
is burnt through with a lighted match. The plate falls freely under 
gravity and the vibrating bristle leaves a wavelike trace in the soot. 

If a permanent record of the trace is required, a strip of paper 
should be fixed to the plate with self-adhesive tape before smoking 
it. At the end of the experiment the trace is fixed by running weak 
shellac varnish over it from a piece of drawn-out glass tube. 

Calculation of the frequency. The distances x, and x, occupied by 
two successive sets 4B and BC of ten complete waves are measured 
by a millimetre scale (Fig. 342), 
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9 


10 vibrations 


Fig. 342. Trace from falling plate 
experiment 
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If fis the frequency of the fork in Hz, it makes one vibration in a 


time given by = in seconds. Hence the plate falls through each of the 


i 
5 aie mache: 10. 
distances x, and x, incmina time t = FT in seconds. 

Suppose the velocity of the plate when the bristle is at A is w in 
cm/s. Then, when the bristle is at B the velocity is u + gt. 
Applying the equation x = ut + 4gzt?, in which g = 980 cm/s, 


we have x, = ut + det? 
and xX, = (u + gt)t + gt? 
by subtraction XxX, — xX, = gt? 
10 (x2 — x) 
hence t=—= J G2 — x) 
ef g 
or, in Hz, f= 10] = 
Qa =m) 


Intensity and loudness of sound 


The intensity of a sound wave is defined as the rate of flow of 
energy per unit area perpendicular to the direction of the wave. 

By mathematical treatment which is outside the scope of this book 
it may be shown that the intensity of a sound wave in air is propor- 
tional to: (a) the density of the air; (b) the square of the frequency; and 
(c) the square of the amplitude. 

From the practical point of view we have to take the density of the 
air as we find it, and, therefore, for a sound of given frequency the 
most important factor is the square of the amplitude. Consequently, 
when the amplitude of vibration of a tuning fork or loudspeaker 
diaphragm is doubled the sound energy is not doubled but made four 
times as great. 

Obviously, the /oudness of a sound will depend on the intensity, 
but it does not follow that loudness is directly proportional to 
intensity. In the first instance, loudness depends on the varying 
pressure exerted on the eardrum by the incoming wave, and this will 
depend on the energy conveyed by the wave. But this is not the only 
factor involved. The ear varies in its sensitivity to sounds of different 
frequencies. Generally speaking, the ear is more sensitive to the 
higher frequencies. 


Quality or timbre of a musical note 


If a particular note on a scale is played on, say, a piano and a flute, 
it is easy to distinguish the tone of one instrument from that of the 
other. The two tones are said to differ in quality or timbre. 

Generally speaking instruments do not give tones which are pure 
in the sense that they consist of single frequencies only. In the 
majority of cases a musical note consists of several different fre- 
quencies blended together. The strongest audible frequency present 
is called the fundamental and gives the note its characteristic pitch. 
The other frequencies are called overtones, and these determine the 
quality of the sound. 

The notes of a trumpet possess a quality derived from the presence 
of strong overtones of high frequencies, while the flue pipes of an 
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organ have a mellow tone. In the case of the latter, practically all 
the sound energy is centred in the fundamental frequency and the 
overtones are fewer in number and of smaller intensity. 

Much experience and craftsmanship go into the design and con- 
struction of a piano with the aim of suppressing unwanted overtones 
and enhancing the desirable ones. The same can be said about other 
instruments, particularly the violin. 


Beats 


When two notes of nearly equal pitch are both sounded together 
a regular rise and fall occurs in the loudness of the tone heard. These 
alternations in loudness are called beats. 

This may be demonstrated with organ pipes, or singing tubes may 
be used instead. Two glass or metal tubes about a metre long and 
4 or Scm in diameter are clamped in a vertical position and have small 
gas flames inside them about a quarter of the way up from the bottom. 
For this purpose, suitable burners may be made from drawn-out 
glass tubing, as shown in Fig. 343. After adjusting the flame height 
and position for the best results, the tubes will give out a loud, 
continuous note. Usually, the tubes are not exactly the same length, 
so their frequencies are slightly different and strong beats are heard. 

By sliding a paper collar over the lower end of one tube its frequency 
may be altered as desired, with a corresponding change in the number 
of beats heard per second. 

In the days when the majority of aircraft were powered by two 
or more piston-type engines a throbbing sound could often be heard 
owing to beats between the engine notes. 

Piano tuners sometimes utilize beats for tuning a piano string to 
the pitch of a standard tuning fork. If the pitch of the string is not 
equal to that of the fork, beats will be heard when they are sounded 
together. The tension of the string is now altered until the beats dis- 
appear, showing that the two notes are in unison. 

Two tuning forks of equal frequency may also be used to produce 
beats, if the frequency of one of them is reduced slightly by loading 
its prongs with tiny pieces of wax or plasticene. Let us suppose that 
two forks A and B of frequency 256 Hz, are sounded together, 
but that B has had its frequency reduced to 252 Hz in the manner 
described. 

Consider an instant when both forks are exactly in step so that they 
are simultaneously producing compressions. Under these conditions 
they reinforce one another and produce a resultant sound of maxi- 
mum loudness. After 4 s 4 will have made 32 vibrations while B 
makes 314, and at this stage A will be producing a compression at 
exactly the same moment that B is producing a rarefaction. The 
resultant disturbance of the air will now be a minimum. 

Again, after another } s A will have completed 64 vibrations and 
B, 63. Once more the two forks are in step with one another and the 
resultant air disturbance is a maximum. The loudness of the sound 
thus falls to a minimum and rises to a maximum every } s or, in 
other words, there are 4 beats per second. Now 4 is equal to the 
difference in the two frequencies concerned, 256 and 252. In general, 
the number of beats per second given by two notes of nearly equal 
frequency f, and f; is given by f, —f,. 


Glass 
tubes: 
Sliding 
Ee 
collar 
— aa 
Gos Gas 


Fig, 343. Beats from singing tubes 
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Fig. 344 shows the resultant wave-form when two nearly equal 
waves combine to produce beats. The variation in the amplitude of the 
resultant wave indicates clearly how the beats occur. 


Pressure 


Fig. 344, Beat waveform from two notes of frequencies 5 and 6 Hz 


QUESTIONS: 28 


1. What do you understand by “frequency of a note”? A note has a fre- 
quency of 128; what is the frequency of a note two octaves higher? (S.) 

2. Define the terms frequency and amplitude as applied to sound and state 
how variations in these two factors affect the nature of a musical note. 
Describe a simple experiment to illustrate the principle of the siren. 

A rotating disc contains two sets of holes in the form of concentric 
circles. A jet of air is directed on the inner set and a note of frequency 256 
is produced. If the number of holes in the set is 16, find the speed of revolu- 
tion of the disc. 

The speed is now reduced to three-quarters of its former value; the jet of 
air is directed to the outer set of holes, and the note has a frequency of 312. 


Calculate the number of holes in the outer circle. (L.) 
3. Describe a siren and how it may be used to determine the frequency of a 
tuning fork. 


Calculate, in rev/min, the speed of rotation of a disc siren for the note 
emitted to be in unison with an E tuning fork (320 Hz). 

Unison between the two notes was determined by means of “‘beats”’. 
Explain this. (No. of holes in siren = 16.) (A.E.B.) 
4. Give reasons for the following: (a) a noise differs from a musical note; 
(6) musical notes differ in pitch, loudness and quality. 

Describe how you would determine the frequency of a note emitted by a 
tuning fork, showing how the result would be obtained from your observa- 
tions. (L.) 
5. Describe an experiment, not involving resonance, to find the frequency 
of a tuning fork. State clearly the measurements you should make, and 


how a result is calculated from them. (S.) 
6. How would you find by experiment the frequency of vibration of a given 
tuning fork? 


A second and identical tuning fork, loaded with a piece of wax, sounded 
together with the first fork. Describe and explain what was heard. 
(J.M.B.) 


7. What is meant by frequency and musical interval? (L.; part qn.) 


Stationary waves 


A stationary wave is formed when two equal progressive 
waves are superposed on one another when travelling in opposite 
directions. 

About the middle of the nineteenth century a German professor 
of physics called Franz Melde devised a method of demonstrating 
transverse stationary waves in a string. One end of a string passes 
over a pulley and is kept taut by attaching a weight, and the other 
end is fixed to the prong of a tuning fork. When the fork is bowed 
to set it in vibration a progressive wave travels along the string 
to the far end and is then reflected back. If the fork is kept in vibra- 
tion the incident and reflected waves combine to form a stationary 
or standing wave and the string is seen to vibrate in a series of equal 
segments (Fig. 345). Instead of a tuning fork, some form of electric 


Vibrating 


Fig. 345. Melde’s experiment showing nodes and antinodes in a vibrating 
string 


vibrator may be used for the experiment, and the string examined 
with a stroboscope (page 304). By this means it may be made to 
appear stationary or else to vibrate in slow motion. 

The points marked WN are called nodes and here the string remains 
at rest; in fact it makes no difference to the vibration of the string 
if it is touched with the edge of a thin card at any of the nodes. 
Between each pair of nodes the string vibrates with increasing ampli- 
tude towards the centre, where it reaches a maximum. The central 
points, A, of maximum amplitude are called antinodes. 

Fig. 346 shows five stages covering half a complete vibration of 
the string. These diagrams should be compared with the progressive 
wave shown in Fig. 308, particularly with respect to the arrows 
indicating the movement of the string particles. Twice during a 
complete vibration the string is perfectly straight, and at these 
stages every particle simultaneously passes through its rest position. 
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f—— One wavelength 
Fig. 346. Motion of string in which there is a stationary wave 


Furthermore, it will be seen from the diagrams that the distance 
between two successive nodes is equal to half a wavelength. 


The sonometer 


When experiments are being made to study the behaviour of 
vibrating strings a sonometer is used (Fig. 347). This consists of a 
long sounding board or box with a peg at one end and a pulley at the 
other. One end of the string or wire is attached to the peg and 
the other end passes over the pulley. Iron weights are hung from 


Fig, 347. The sonometer 


the wire to vary the tension. In some types of sonometer, however, the 
tension is varied by a spring dynamometer or a lever arrangement. 
Two bridges are provided for the purpose of altering the effective 
vibrating length of the wire. 

If the sonometer wire is gently plucked or bowed in the centre 
waves travel out to the two bridges and are then reflected back. 
A stationary wave is thus set up, and in its simplest mode of vibration 
the wire vibrates in a single segment. At the same time it gives out a 
note of definite pitch which is called the fundamental. 


Overtones in a vibrating string 


If the sonometer wire vibrates in more than one segment it gives 
out an overtone. This can be demonstrated in the following manner. 
The wire is lightly touched with a feather or strip of paper at its 
centre and is simultaneously bowed at a point midway between the 
centre and a bridge. The note emitted is the octave of the fundamental, 
and the wire vibrates in two segments. 

The experiment may be extended by placing small paper riders 
along the wire to coincide with node and antinode positions for a 
particular mode of vibration. On touching with a feather and bowing 
at appropriate points the wire is set in vibration. The riders jump off 
at the antinodes but remain in position at the nodes (Fig. 348). In 
the case of a violin or other stringed instrument the strings vibrate 
with a complex mode of this type which is superposed on the 
fundamental. Basically, this governs the characteristic tone of the 
instrument. 
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Fig. 348. Demonstrating nodes 
and antinodes with a sonometer 


Sttinged instruments 


Inspection of an instrument such as a harp or piano shows that it 
contains a number of stretched strings which vary in length and 
thickness. Harp strings are caused to vibrate by plucking them, 
while piano strings are struck by felt hammers. In contrast, the violin 
has only four strings of different thickness but the same length. The 
effective length of the strings is, however, altered by fingering. All 
stringed instruments are periodically tuned to correct pitch by 
adjusting the tensions of the strings. 

In the following sections we shall discuss the factors which deter- 
mine the pitch of a stretched string. 


To verify that the frequency of a stretched string is 
inversely proportional to the length (f « 1/L) 


For this experiment several different tuning forks are required 
together with a sonometer fitted with a length of thin steel piano wire. 
The experiment is begun by adjusting the tension so that the length 
of the wire is as long as possible when in unison with the lowest fork. 
This will ensure that the lengths corresponding to the remaining 
forks will be as long as the dimensions of the sonometer will allow. 
The percentage error in measurement will thus be kept to a minimum. 

Having tuned the wire to unison with the lowest fork, the tension 
is kept constant and the wire tuned to each of the other forks in 
turn by altering the length only. 

Corresponding values of frequency and length are entered in a 
table as shown. 


Frequency Length 1 
S(H2) 1 (cm) i iu 
f 
rE 
1 t 
If fo T 


then f(=constant x i 


or f/= constant 
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The relationship is verified if the values of f/ are found to be constant. 
Alternatively, the graph of f: against 4 should be a straight line through 
the origin. 


Methods of tuning a sonometer to a tuning fork 


Those who possess an average ear for music find it convenient to 
adjust the length or tension, as the case may be, until beats are 
heard when wire and fork are sounded together. A final adjustment 
is then made until the beats become slower and finally disappear 
when the wire is in unison with the fork. However, people who find 
it difficult to recognize pitch need not be afraid to tackle sonometer 
experiments, as there is a visual method of tuning available. A small 
paper rider is placed over the centre of the wire and the length or 
tension adjusted while the stem of the vibrating fork is held against 
one of the bridges. As soon as the natural frequency of the wire has 
become equal to that of the fork it begins to vibrate in sympathy 
with the fork and the paper rider is thrown off. This method 
employs the principle of resonance, which is discussed in more detail 
on page 351. 


Other factors which affect the frequency of a vibrating 
string 


(a) Tension. The effect of tension can be investigated if the 
length of the string is kept constant while the tension is altered to 
bring the wire into unison with a number of standard forks in turn. 

The results show that the frequency is proportional to the square 
root of the tension, T. 


(b) Mass per unit length, The thicker and heavier a string is, the 
lower is its frequency for a given length and tension. In musical 
instruments, however, merely using thicker strings of the same 
material is accompanied by stiffness leading to rapid decay in 
amplitude. To prevent this, the necessary loading without loss of 
flexibility is achieved by binding the strings with wire. This can be 
seen by looking inside a piano. 

Experiment shows that the frequency is inversely proportional to 
the square root of the mass per unit length, m. 


Summary. For a vibrating string, 


() soc t 


(2) fa V/ T > combining these results, f oc i FA 


@ ref 


To measure the frequency of a tuning fork by using a 
sonometer 


The sonometer is tuned first to unison with a standard fork of 
known frequency and the length of the wire noted. Keeping the 
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tension constant, it is now tuned to the unknown fork by altering 
the length only. Suppose the frequencies, in Hz, of the standard and 
the unknown forks are 320 and f and the corresponding wire lengths 
for unison are 82-0 and 61-5 cm respectively. 

Since, at constant tension, 


frequency x length = constant 
Sf X 61:5 = 320 x 82 


320 x 82 
f= Gps = 426 He 


As a check, a second pair of lengths may be found using a different 
tension. Alternatively, the length may be kept constant and the 
tension varied, in which case f may be found by equating the two 


values of aes obtained. 


Forced vibrations 


When a vibrating tuning fork is held close to the ear the sound 
is heard quite loudly, but the loudness falls off rapidly as the fork is 
moved away. Since the prongs are of very small area, we may regard 
the fork as an approximately point source of energy, and allowing 
for attenuation (page 323), the loudness of the sound is inversely 
proportional to the square of the distance from the source. 

In this respect a point source of sound may be compared with a 
point source of electromagnetic waves (page 322). Both obey an 
inverse square law. 

If, however, the stem of the fork is pressed against a table top the 
sound can be heard clearly all over the room. Under these conditions 
the table is set into forced vibration and then acts as a large or extended 
source. It may thus be considered as equivalent to a large number of 
point sources, all of which contribute to the loudness of the sound 
at any point in the room. 

It is also noticed that, although the sound is louder, it does not 
last so long. The amplitude of the table top is very much less than 
that of the fork, but its large area transmits energy to the air at a 
much greater rate than the small area of the prongs. 

In the next section we shall consider the special case of forced 
vibration, in which the body set in vibration happens to have the 
same natural frequency as that of the body causing the vibration. 


Resonance 


Everyone knows that the best way to set a child’s swing in motion 
is to give it small pushes in time with the natural period of the 
swing. This is an example of a general principle in physics which is 
called resonance. 

Resonance is said to occur whenever a particular body or system is 
set in oscillation at its own natural frequency as a result of impulses 
received from some other system which is vibrating with the same 
frequency. 

Under these conditions it is possible for a very large amplitude of 
vibration to be set up. Cases have been known in the past where 
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Tuning fork 
= 


Fig. 349. Adjustable resonance tubes 


suspension bridges have been damaged by the resonant vibrations 
caused by marching military columns. This can happen if the rate 
of marching happens to bear a simple numerical relationship to 
the natural frequency of oscillation of the bridge. Nowadays, in 
order to guard against accidents, soldiers are always given the order 
to break step when crossing a bridge. 

When steel bodies were first introduced for motor-cars it was 
often noticed that a drumming sound made its appearance at certain 
speeds. This was caused by resonance between the body panelling 
and the engine vibrations. Jt was soon discovered that it could be 
prevented by coating the inside of the panels with a layer of plastic 
material. This reduced the natural period of vibration of the panels 
and also damped out the vibrations. 

As well as mechanical examples of resonance, we find applications 
of the same principle in other branches of physics. The action of 
tuning a radio set is to adjust the value of the capacitance in a 
circuit until it has the same natural period of oscillation for electricity 
as that of the incoming signal. The small alternating e.m.f. set up in 
the aerial is then able to build up similar e.m.f. of large amplitude in 
the tuned circuit. 

The use of resonance in tuning a sonometer wire to have the same 
frequency as a fork has already been mentioned on page 350. We 
shall now discuss the production of resonance between a tuning fork 
and a column of air in a closed tube. 


The resonance tube 


Resonance in a closed tube is usually studied by means of the 
apparatus shown in Fig. 349. Raising or lowering the water reservoir 
increases or decreases the effective length of the air column in the 
glass tube, The same figure also illustrates a simpler form of apparatus 
known as the resonance jar. A glass or metal tube stands in a tall 
jar full of water, and the length of the air column is varied by raising 
or lowering the tube. 

Starting with a very short air column, a vibrating fork is held over 
the mouth of the tube, and the length of the column is then gradually 
increased. Strong resonance occurs when the column reaches a 
certain critical length. This is called the first position of resonance. 

If the length of the column is now increased still further a second 
Position of resonance is obtained when the column is approximately 
three times as long. 


Relation between length of air column and wavelength 


Consider the first position of resonance and suppose the lower 
fork prong is in its extreme upper position. As the prong moves 
downward through half a vibration it sends a pulse of compression 
down the tube, which is reflected from the water surface and returns 
to the mouth of the tube (Fig. 350 (a)). If, at the moment the 
compression reaches the top of the tube, the prong has just reached 
its lowest position and is about to move upwards it will begin to send 
a rarefaction down the tube. 

This rarefaction will, in turn, travel down the tube and be reflected 
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Fig, 350, Resonance in a closed tube 


back to the top in the time it takes the prong to complete the vibra- 
tion (Fig. 350 (6)). 

At this stage the fork has made one vibration and has sent out 
one complete wavelength of sound. Since, as we have seen, the sound 
has twice travelled up and down the tube, it follows that the length 
of the air column is one-quarter of a wavelength. 

Similarly, it can be shown that, in the second position of resonance, 
the fork makes three complete vibrations in the time it takes the 
sound to travel four times the length of the tube. In this case the 
length of the air column is equal to three-quarters of a wavelength. 


Stationary wave in a resonance tube 


Another way of explaining the air vibration in a tube is to regard 
it as resulting from the formation of a stationary longitudinal sound 
wave. 

In the first position of resonance a node is formed at the bottom 
of the tube and an antinode at the top. It is easy to remember that 
a node is formed at the bottom, since the air in contact with the 
bottom cannot move, whereas at the top it is free to move to and fro 
with maximum amplitude. In the second position of resonance an 
extra node and antinode are formed inside the tube. 

It is useful to compare longitudinal stationary waves ina tube with 
transverse stationary waves in a string (page 347). In both cases the 
nodes and antinodes are separated by a distance equal to one-quarter 
of a wavelength. 

Owing to the difficulty of representing longitudinal transverse waves 
diagrammatically it is customary to represent them symbolically by 
the use of transverse wave curves. This has been done in Fig. 350 (c). 


To measure the velocity of sound in air by means of a 
resonance tube 


We saw on page 332 that the velocity of sound is given by the 
formula 
v=far 


and hence if we can find the wavelength, A, of the sound wave 
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Fig. 351. First and second positions 
of resonance 
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Fig. 352. Measuring the length of an 
air.column 
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Fig. 353. Resonance in an open tube 


emitted by a standard tuning fork of frequency, f, we may easily 
calculate the velocity, v. 

The resonance tube suggests a method of doing this. In the first 
position of resonance the length of the tube is 4/4, and therefore it 
would appear that A can be found by multiplying the tube length by 4. 
However, there is a difficulty. The antinode at the top does not 
coincide exactly with the top of the tube, but projects slightly above 
it by an amount which is called the end correction, c. 

Fortunately the difficulty may be overcome by measuring the 
length of the tube for the second position of resonance as well as 
the first (see Fig. 351). By subtracting one from the other, the end 
correction is eliminated and we obtain a correct value for half a 
wavelength. 

Thus, if length of tube for Ist position of resonance = /, 


and length of tube for 2nd position of resonance = /, 
then Aahte. Feo, eee mon 
and Ponte. YP ® 
Subtracting (1) from (2), 

A 

3 L-h 
or A= 2(h — 1) 
Substituting in the equation v= fA 
we have v = 2f(l, — |) 


Either of the forms of apparatus shown in Fig. 349 are suitable 
for the above experiment. Fig. 352 illustrates a method for measuring 
the length of the air column which helps to overcome errors caused 
by the meniscus of the water. A bent wire is inserted into a small hole 
drilled in the end of a boxwood scale. A reading of the top of the 
tube against the scale is taken when the tip of the bent wire is just 
level with the water surface. The distance, x, is afterwards measured 
and added to this reading in order to obtain the correct length /, 
or 13. 


Resonance in open pipes 


Resonance may be obtained with a tuning fork and a pipe open 
at both ends, in which case there is an antinode at each end and a 
node in the middle. Bearing this in mind, we should expect the 
shortest length of open pipe which resonates to a given fork to be 
twice as long as the shortest closed pipe. 

This assumption may be verified by the use of two tubes, one of 
which slides inside the other with a nice fit. Starting with this com- 
posite tube at its shortest length, the inner tube is gradually pulled 
out until resonance is obtained with a vibrating fork held near 
one end. The length is found to be double that of the shortest 
closed tube which resonates to the same fork (Fig. 353). 


Organ pipes 


Broadly speaking, the pipes of an organ are divided into two 
classes called flue pipes and reeds respectively. They may be either 
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closed (stopped) or open. Open pipes have a more brilliant tone 
than stopped pipes, as they are able to produce more overtones. 

In the case of a flue pipe a jet of air from the bellows impinges on a 
sharp edge called the /ip. Eddies are thus set up in the air-stream 
which causes compressions and rarefactions to travel up the pipe. 
These small impulses set up resonant vibrations in the pipe of a 
large amplitude, and hence a loud sound is given out. “Voicing” 
an organ pipe is a highly skilled craft, and consists of shaping the 
mouth and lip of the pipe so as to emphasize desirable overtones 
which enhance the beauty of the tone. 

Reed pipes may be recognized by their conical shape. In these the 
air column is set in vibration by means of a strip of springy metal 
called the reed. The reeds are set in vibration by the air-stream. 
Tuning of the reeds is carried out by adjustment of a stiff wire, the 
end of which presses against the reed and controls its effective length 
(Fig. 354). 

A large organ contains many hundreds of pipes, ranging in length 
from a few centimetres to over 9 metres in length. Certain ranks of 
pipes have two pipes for each note. One of each pair is de-tuned 
slightly so that beats are produced. The resultant tremolo effect is 
characteristic of those stops labelled “Vox humana” or “Vox 
angelica”. 


QUESTIONS: 29 


1, What governs the pitch of a note emitted by a stretched string? How 
may the loudness be increased? 

How do you account for the fact that two strings may be giving notes 
of the same pitch and loudness but of different quality? 

Describe any observations you have made which confirms the fact that 
the velocity of sound is independent of its pitch. (C., part qn.) 
2. Describe an experiment to demonstrate that the prongs of a tuning 
fork vibrate when it emits sound and explain the increased loudness of 
the sound when the stem of the vibrating fork is held in contact with a 
table. 

A tuning fork has a number 256 stamped on it. What does this signify? 
A sonometer wire is adjusted to be in unison with this fork. State exactly 
two different ways in which the wire could be adjusted so as to be in unison 
with a fork marked 384. (L.) 
3. How does the frequency of vibration of a given string under constant 
tension and clamped at both ends depend upon the length? Describe an 
experiment to verify your statement. 

Such a string has a length of 50 cm and emits a note of frequency 
200 vibrations/second. What length of string under the same conditions 
would give a note in unison with a siren whose disc has 30 holes and is 
rotated at 10 revolutions/second? (Ww) 
4, Describe an experiment to determine the velocity of sound in the open 
air. Give reasons why your result may not be very accurate. 

Transverse stationary waves are set up in a long thin wire using a 
suitable vibrator of frequency 50 cycles per second. The average distance 
between successive points where the wire is judged to be motionless is 
measured to be 47 cm. What name is given to these points? Calculate the 
velocity of transverse waves in the wire. (S.) 

5. Describe an experiment to determine the frequency of an unknown 
source of sound given a sonometer and tuning forks of known frequencies. 

Two wires of the same diameter and material are fixed in a sonometer 


Flue 
pipe 


355 


Reed 
pipe 


Fig. 354. Organ pipes 
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so that they vibrate with the same frequency. One wire is 60 cm long and 
is under a tension of 6 kgf; the other wire is 90 cm long, What is the tension 
in the longer wire? (A.E.B.) 

6. Explain: (i) strings of different thickness are used on a stringed instru- 
ment such asa violin or a guitar; (ii) the same note played on a violin 
and a flute sound different; (iii) the strings of a stringed instrument are 
usually mounted on a hollow box of special shape. (C., part qn.) 

7. State the effect of a rise of temperature on: (a) the velocity of sound 
in air; (6) the note produced by a vibrating air column; (c) the frequency 
of the note emitted by a vibrating string. (J.M.B.) 

8. Describe a laboratory method of measuring the velocity of sound in air. 

A glass tube 15 cm long is closed at one end and contains air. Find 
approximate values for the first two resonance frequencies of the air 
column. 

Why are the results approximate? (Velocity of sound in air = 330 m/s.) 

(0.C.) 
9. What is meant by resonance? Illustrate your answer by four examples 
from different branches of physics or from everyday life. 

A tuning fork is struck and held over a jar full of water. The water is 
run out until the note given becomes very loud. Explain, with the aid of 
diagrams, exactly how the prongs of the fork and the air in the jar are 
vibrating. 

How can this effect be used to determine the velocity of sound in air? 

(L.) 
10. A pipe closed at one end can be made to resonate with a vibrating 
tuning fork when the length of the air column is 25 cm. The next position 
of resonance occurs when the length of the air column is 77 cm. If the 
velocity of sound in air during the experiment is 33 800 cm/s calculate: 
(a) the wavelength of the note emitted; (6) the frequency of the fork. 
(J.M.B.) 
11, What are: (i) free vibrations, and (ii) forced vibrations? Hence explain 
resonance. 

Two organ pipes A and B sound: (i) their fundamental notes, and (ii) their 
first overtones. Pipe A is closed at one end and pipe B open at both ends. 
Draw diagrams to show the mode of vibration in each of the four cases. 

Describe an experiment to determine the relationship between the 
length of a pipe and its fundamental frequency of vibration. Sketch the 
graph you would draw to illustrate your results. (A.E.B.) 
12. A string is set vibrating by plucking it: (i) at the middle; (ii) at a point 
one-quarter of the length from the end. Compare the frequencies of the 
first overtone in each case. Draw diagrams to illustrate your answer. 

A column of air 26:25 cm long in a closed tube resonates to a sounding 
tuning fork. If the velocity of sound in air is 33 600 cm/s, what is the 
frequency of the fork? (S.) 


1000 MW coal fired power station 
at High Marnham, Dunham on Trent, Nottinghamshire 


As early as 600 B.c. the Greeks knew that a certain form of iron ore, 
now known as magnetite or lodestone, had the property of attracting 
small pieces of iron. Later, during the Middle Ages, crude naviga- 
tional compasses were made by attaching pieces of lodestone to 
wooden splints floating on bowls of water. These splints always 
come to rest pointing in a N-S direction, and were the forerunners 
of the modern aircraft and ship compasses. 

The word /odestone is derived from an old English word meaning 
way, and refers to the directional property of the stone. Chemically, 
it consists of iron oxide having the formula Fe,O,. The word 
magnetism is derived from Magnesia, the place where magnetic iron 
ore was first discovered. 


Magnetic poles 


If a piece of lodestone is dipped into iron filings it is noticed that 
the filings cling in tufts, usually at two places in particular (Fig. 355). 
When the experiment is performed with a bar magnet the filings are 
seen to cling in tufts near the ends. Few, if any, filings are attracted 
to the middle of the bar. 


The places in a magnet where the resultant attractive force appears 
to be concentrated are called the poles. 


Magnetic and non-magnetic substances 


Apart from iron, the only other elements which are attracted 
strongly by a magnet are cobalt and nickel. These, together with 
certain strongly magnetic alloys are described as ferromagnetic. 
Substances such as copper, brass, wood and glass are not attracted 
by a magnet, and are commonly described as non-magnetic. Never- 
theless, experiments with very powerful magnets have shown that 
even the so-called non-magnetic substances have very feeble magnetic 
properties. We shall have something to say about these in the next 
chapter. 


Fig. 355. Lodestone dipped into iron 
filings 
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Suspending a magnet. Magnetic axis. Magnetic meridian 


When a magnet is freely suspended so that it can swing in a hori- 
zontal plane it oscillates to and fro for a short time and then comes 
to rest in an approximate N-S direction. The magnet may be regarded 
as having a magnetic axis about which its magnetism is symmetrical, 
and it comes to rest with this axis in a vertical plane called the 
magnetic meridian (Fig. 356). 


The pole which points towards the north is called the north-seeking 
or simply the N pole; the other is called the south-seeking or S 


pole. 


Action of one magnet on another 


If the N pole of a magnet is brought near the N pole of a suspended 
magnet it is noticed that repulsion occurs. Similarly, repulsion is 
observed between two S poles. On the other hand, a N and a S pole 
always attract one another (Fig. 357). These results may be summed 
up in the law, 

like poles repel, unlike poles attract. 


The above statement is sometimes called the first law of magnetism. 


es 
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Fig. 357. 
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Test for polarity of a magnet 


The polarity of any magnet may be tested by bringing both its 
poles, in turn, near to the known poles of a suspended magnet. 

Repulsion will indicate similar polarity. 

If attraction occurs, no firm conclusion can be drawn, since attrac- 
tion would be obtained between either: (a) two unlike poles, or 
(6) a pole and a piece of unmagnetized material. 

Repulsion is, therefore, the only sure test for polarity. 


To magnetize a steel bar by an electrical method 


The best method of making magnets is to use the magnetic effect 
of an electric current. A cylindrical coil wound with 500 or more 
turns of insulated copper wire is connected in series with a 6 or 12 V 
electric battery and switch (Fig. 358). A coil of this type is called a 


i 
Fig. 358, Magnetization by an electrical method 


solenoid. A steel bar is placed inside the coil and the current switched 
on and off. On removing and testing the bar it is found to be mag- 
netized. It is unnecessary to leave the current on for any length of 
time, as the bar will not become magnetized any more strongly and 
the coil may be damaged through overheating. 

The polarity of the magnet depends on the direction of flow of the 
current. If, on looking at the end of the bar, the current is flowing in a 
clockwise direction, that end will be a S pole; if anticlockwise, it will 
be a N pole. This rule may easily be remembered by the symbols (\) 
and 5S as in Fig. 358. The magnetic effect of an electric current is 
discussed in further detail in chapter 36. 

Commercially, C- and U-shaped magnets are made by linking 
them with one very thick copper conductor through which an 
enormous surge of current is passed for a fraction of a second 
(Fig. 359). 


To magnetize a steel bar by the methods of single and 
divided touch 


Before the magnetic effect of an electric current was discovered in 
the early nineteenth century magnets were made by stroking steel 
bars with a lodestone or with another magnet. 

There are two ways in which this may be done, called the methods 
of single and divided touch respectively. In single touch a steel bar is 
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Fig. 359. Commercial production of magnets using an ignitron pulse- 
magnetizing apparatus 


stroked from end to end several times in the same direction with one 
pole of a magnet. Between successive strokes the pole is lifted high 
above the bar, otherwise the magnetism already induced in it will 
tend to be weakened (Fig. 360 (a)). 

The disadvantage of the above method is that it produces magnets 
in which one pole is nearer the end of the bar than the other. It is 
better to use the method of divided touch, in which the steel bar is 
stroked from the centre outwards with unlike poles of two magnets 
simultaneously (Fig. 360 ()). In both of these methods it is to be 
noted that the polarity produced at that end of the bar where the 
stroking finishes is of opposite kind to that of the stroking pole. Steel 
knitting needles or pieces of clock spring may be magnetized by both 
methods and the polarity tested by obtaining repulsion with a mag- 
netic needle. The magnets so made should also be dipped into iron 
filings, when the distribution of the filings will reveal the superiority 
of the method of divided touch. 


N N 
STEEL BAR STEEL BAR 
(a) Single touch (b) Divided touch 
Fig. 360. Older methods of making magnets 


Another obsolete method of making magnets is described in a 
treatise on magnetism written by Dr. Gilbert in the reign of Elizabeth 
I. In this method red-hot steel bars are hammered while allowing 
them to cool when lying in a N-S direction. More is said about this 
on page 375. 
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Consequent poles 


One should never assume, without prior test, that a bar magnet 
always has opposite poles at its ends. If a steel bar is magnetized by 
divided touch using two S poles we obtain a N pole at both ends of 
the bar and a double S pole in the centre. In this condition the bar 
is said to possess consequent poles (Fig. 361). 


Induced magnetism 


When a piece of unmagnetized steel is placed either near to or in 
contact with a pole of a magnet and then removed it is found to be 
magnetized. This is called induced magnetism (Fig. 362). 


Iron or steel 


Induced 
magnet 
Fig. 362. Induced magnetism 


Tests with a compass needle show that the induced pole nearest the 
magnet is of opposite sign to that of the inducing pole. 

Induced magnetism can be used to form a “magnetic chain” as 
shown in Fig. 363. Each nail added to the chain magnetizes the next 
one by induction, and attraction occurs between their adjacent unlike 
poles. Incidentally, the attraction between a magnet and an un- 
magnetized piece of material is always preceded by induction. 


Demagnetization 


The best way of demagnetizing a magnet is to place it inside a 
solenoid through which an alternating current is flowing. The current 
may be obtained from a 12 or 24 V mains transformer. While the 
current is still flowing, the magnet is withdrawn slowly to a distance 
of several metres from the solenoid in an E-W direction (Fig. 364). 
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Fig. 364. Demagnetizing a magnet by use of alternating current 


The alternating current takes the magnet through a series of ever- 
diminishing magnetic cycles, fifty times a second, until no magnetism 
is left in it. The magnet is held in an E-W direction so that it will not 
be left with some residual magnetism owing to induction in the 
earth’s magnetic field (see page 375). 

Used with care, the above method is useful for demagnetizing a 
watch. Watches should always be kept away from magnets, as the 
balance-spring, if made of steel, is liable to become magnetized. 
When this happens the watch no longer keeps good time. 

Another method of destroying magnetism is to heat the magnet to 
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Fig. 361. Making a magnet with 
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Fig. 363, Chain of nails experiment 
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redness and then to allow it to cool while it is lying in an E-W direc- 
tion. This is not recommended as a practical method, since heat 
treatment will spoil the steel. 

Finally, it should be noted that any vibration or rough treatment, 
such as dropping or hammering, particularly when the magnet is 
lying E-W, will cause weakening of the magnetism. 

The principles underlying these last two methods will be under- 
stood after reading about the domain theory of magnetism in 
chapter 31. 


To study the magnetic properties of iron and steel 


It is important to distinguish between the magnetic properties of 
iron and steel. The term “‘soft” as applied to iron means reasonably 
pure iron. It is otherwise known as wrought iron, and is soft in the 
sense that it bends easily and can be readily hammered into any 
required shape when red hot. Steel, which consists of iron combined 
with a small percentage of carbon, is a much harder and stronger 
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magnet magnet 
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Fig. 365. Difference between iron and steel 


A strip of soft iron and a strip of steel of the same dimensions, 
both initially unmagnetized, are placed side by side in contact with 
a pole of a magnet as shown in Fig. 365, Both strips become mag- 
netized by induction, and on dipping their free ends into iron filings 
it is noticed that slightly more cling to the iron than to the steel. 
From this we conclude that the induced magnetism in the iron is 
slightly greater than that in the steel when both are subjected to the 
same magnetizing force. 

If both strips are held firmly in the fingers while the magnet is re- 
moved it is noticed that practically all the filings fall from the iron, 
while few, if any, fall from the steel. The magnetic chain experiment 
illustrated in Fig. 363 may also be used to show the difference be- 
tween iron and steel. If the topmost nail is held between finger and 
thumb while the magnet is removed the chain immediately collapses, 
showing that the induced magnetism in the iron is only temporary. 
When, however, the experiment is carried out using steel pen nibs or 
short pieces of clockspring, the chain remains intact, showing that 
the magnetism induced in the steel is permanent. 


Uses of hard and soft magnetic materials 


Magnetic materials used in the electrical industry are classified as 
hard or soft according as to whether they retain their magnetism or 
lose it easily. Both types are equally important. 
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Until the early years of the present century magnets were made of 
hard carbon steel (iron containing 1-1-5 per cent carbon). Subse- 
quently it was found that the addition of small proportions of 
tungsten, chromium and cobalt greatly improved the magnetic 
properties of the steel. Research along these lines has led to the 
discovery of special alloys for making powerful permanent magnets. 
Outstanding examples are Alcomax, Alnico and Ticonal, which con- 
tain iron, nickel, cobalt and aluminium in various proportions. 
Nowadays, magnets in a great range of types and sizes are used in 
the construction of electric motors, dynamos and current-measuring 
instruments. Several magnets may be found in the ordinary house- 
hold, for example, in the electricity meter, radio loudspeaker and 
telephone earpiece. 

In contrast with the above there are many types of electrical equip- 
ment in which rapid change or reversal of magnetism is required. 
Into this class come electric bells, relays, electromagnets, transformer 
cores and dynamo and motor armatures. In the construction of these, 
soft magnetic alloys such as Mumetal (73 per cent nickel, 22 per cent 
iron, 5 per cent copper) and Stalloy (96 per cent iron, 4 per cent 
silicon) are used as well as soft iron. 


Sintered materials 


Of recent years, much research has gone into the development of 
sintered magnetic materials. Sintering is the name given to the con- 
version of powder into solid blocks by the application of heat and 
great pressure. 

By using various metallic powders, either very soft or very hard 
magnetic materials may be made by this method. Many of the best 
permanent magnets for general use are of this type. 

An interesting use for a strong permanent magnet is shown in 
Fig. 366. 


(For questions, see end of chapter 31) 
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Fig. 366. Early failure detection 
by permanent magnets. This chip 
detector fitted to the scavenge 
side of the lubrication system of 
a gear-box gave timely warning 
of a bearing failure which might 
have led to expensive and 
possibly catastrophic damage 
to gears (see ball attached, 
from which the chips came). 
Inspection of the magnetic probe 
at regular intervals enables the 
engineer to keep reliable check 
on the equipment in his charge 


The space surrounding a magnet in which magnetic force is exerted 
is called a magnetic field, and contains something which we call 
magnetic flux. 

Magnetic flux is a vector quantity and, like all vectors, has 
magnitude and direction. The presence of this invisible magnetic 
flux can be revealed by several methods which we shall now describe. 


Direction of magnetic flux 


Fig. 367 shows a bar magnet NS resting on the edge of a glass 
trough containing water, while a magnetized knitting needle ns is 
pushed through a large cork and floats on the water with its N pole 
uppermost. When the needle is held near the N pole of the magnet 
and then released it is repelled and travels towards the S pole along 
a curved path which represents the direction of the magnetic flux. 
If the experiment is repeated with the S pole of the needle uppermost 
the needle travels in the reverse direction. 
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Fig. 367. Direction of magnetic flux 
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Clearly, the direction of travel depends on which pole of the 
needle is uppermost and one of these directions has to be chosen 
as a standard direction. It is conventional to choose the direction of 
the force on a N pole. Consequently, the direction of a magnetic 


flux is defined as the direction along which a N pole would move if free 
to travel. 


Magnetic flux patterns by the plotting-compass method 


When a permanent record of a magnetic field is required the 
magnetic flux pattern may be traced out by means of a plotting com- 
pass. This consists of a very small magnetic needle pivoted between 
two glass discs in a brass case (Fig. 368). Fig. 369 shows how the 


Plotting 
compass 


Fig. 369. Magnetic flux pattern by plotting compass method 


compass is used. NS is a bar magnet placed ona sheet of white paper. 
Starting near one pole of the magnet, the position of the ends, n, s of 
the needle are marked by pencil dots A, B. The compass is now moved 
until the end 7 is exactly over the dot B and the new position of s is 
marked by a third dot C, This process is continued, and the series of 
dots obtained are joined, thus giving a line which represents the 
direction of the magnetic flux. Other lines are plotted in the same 
way, and every line is labelled with an arrow to indicate its direction. 
Fig. 377 and 378 are examples of magnetic fields obtained by this 
method. 

If magnetic flux patterns are plotted on a sheet of paper when no 
magnets are in the vicinity a series of parallel straight lines are 
obtained directed approximately from S to N geographically. These 
represent the earth’s magnetic field in a horizontal plane (Fig. 370). 
The earth's magnetic field is described more fully later in the 
chapter. 

The main advantage of the plotting compass is that it is sensitive 
and can be used for plotting comparatively weak fields. It is unsuit- 
able for fields in which the direction of the magnetic flux changes 
rapidly in a confined space, as, for example, in the neighbourhood of 
two magnets placed close together. Fields such as these are best 
investigated by the iron-filings method. 


To plot magnetic flux patterns by the iron-filings method 


The magnets whose field is to be studied are arranged beneath a 
sheet of stiff white paper, over which a thin even layer of iron filings 
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Fig. 368, Plotting compass 
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Fig. 370. Earth’s magnetic flux in a 
horizontal plane 
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is sprinkled from a caster. On tapping the paper gently with a pencil 
the filings form into chains which reveal the flux pattern. Permanent 
records of these patterns may be obtained in two ways. The first 
method is to use waxed paper and to fix the filings by playing a bunsen 
flame quickly and evenly over the paper. The second and better 
method is to perform the experiment with photographic paper 
in a dark room. When a good pattern has been obtained the 
paper is exposed to light and then developed and fixed in the usual 
way. 

The principle of the method is as follows. Each filing becomes 
magnetized by induction. On tapping the paper the filings vibrate, 
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Fig. 371, Magnetic flux patterns obtained by use of iron filings 


and consequently are able to turn in the direction of the magnetic 
flux. The method fails with weak fields, which are unable to 
magnetize the filings sufficiently. 

Fig. 371 and 384 show some typical magnetic fields which have 
been investigated by the iron-filings method. 


The earth as a magnet 


The idea that the earth is magnetized was first suggested towards 
the end of the sixteenth century by Dr. William Gilbert, who carried 
out experiments with spherical lodestones. Similarity between the 
magnetic field of a spherical lodestone and that of the earth led him 
to the conclusion that the earth was a magnet. 

The origin of the earth’s magnetism is still a matter of conjecture 
among scientists, but, broadly speaking, the earth behaves as though 
it contained a short bar magnet inclined at a small angle to its axis of 
rotation and with its S pole in the northern hemisphere (Fig. 372). 
The inclination of this supposed magnet to the earth’s axis is inferred 
from the fact that a magnetic compass points towards the true north 
only at certain places on the earth’s surface. Elsewhere it points either 
east or west of the true north. 
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Fig. 372. The imaginary magnet inside the earth 


Magnetic declination Angle of “ Magnetic 
In the previous chapter we explained that the magnetic meridian at peaunton penaicy 
any place is a vertical plane containing the magnetic axis of a freely — Geographic 
suspended magnet at rest under the action of the earth’s field. meridian 
The geographic meridian at a place is a plane containing the place 
and the earth’s axis of rotation. 


The angle between the magnetic and geographic meridians is called 
the magnetic declination (Fig. 373). 


Inclination or dip 


In 1576, Robert Norman, a compass-maker living at Wapping, 
made an experiment with a magnetic needle suspended at its centre 
of gravity. He found that it dipped with its N pole downwards and Fig. 373. Declination 
came to rest in the magnetic meridian with its axis making an angle 
of 714° with the horizontal. This angle is called the angle of dip or 
the inclination, and is defined as the angle between the direction of 
the earth’s magnetic flux and the horizontal (Fig. 376). 

When pivoted at its centre of gravity the needle experiences no 
turning moment owing to the force of gravity on it. The only other 
turning forces acting are the magnetic forces on its poles, and these 
cause it to set along the true direction of the earth’s magnetic flux. An 
ordinary compass needle shows no tendency to dip, since it is pivoted 
well above its centre of gravity. Mechanically, it is in stable equili- 
brium when horizontal. 
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Fig. 375. The dip circle formerly 
used for measuring angle of 
inclination or dip. Dip is now 
measured by electrical methods 


Fig. 372 shows, in general, how the dip varies over the earth’s 
surface. At the earth’s magnetic poles the needle sets vertically, while 
along the magnetic equator it takes up a horizontal position. The N 
or S pole of the needle dips according as the needle is north or south 
of the magnetic equator. 


Simple dip needle 


The following experiment illustrates the principle used in measur- 
ing the angle of dip (Fig. 374). 

An unmagnetized knitting needle is supported by a length of 
cotton and the position of the cotton adjusted until the needle 
balances horizontally. Under these conditions the needle will be 
supported approximately at its centre of gravity. Without disturbing 
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Fig. 374. A simple dip needle 


the position of attachment of the cotton, the needle is now magne- 
tized by the solenoid method. On resuspending the needle, it dips 
with its N pole downwards, The angle of dip may now be measured 
with the aid of a protractor placed with its 90° mark in line with the 
cotton. 

Owing to the difficulty of supporting the needle exactly at its centre 
of gravity, the above method cannot be relied upon for very accurate 
values of the dip. Better results may be obtained with a dip circle 
(Fig. 375), or by other methods outside our range of discussion. 


Resolving the earth’s magnetic field into components 


We stated at the beginning of this chapter that magnetic flux is a 
vector quantity and so, like all vectors, it can be resolved into com- 
ponents by the parallelogram law. 

When referring to the strength of a magnetic field we use the term 
flux density. The appropriateness of this expression becomes obvious 
when we consider that the flux lines we have drawn by the methods 
described above are closer together in places where the magnetic 
field is stronger. 

In England the earth’s magnetic flux density has a certain magni- 
tude and acts in a direction making an angle of about 70° (angle of 
dip) with the horizontal. We can therefore represent the earth’s 
magnetic flux density to scale by a straight line OJ at an angle of 70° 
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to the horizontal (Fig. 376). If a rectangle of forces OHIV is con- 
structed about OJ as diagonal the sides OH and OV will represent 
the horizontal and vertical components of the earth’s flux density. 
OI is said to represent the total flux density of the earth's field. 
Later in this chapter we shall describe an experiment in which the 
total flux density and the horizontal and vertical components 
respectively are used to magnetize a Mumetal rod by induction 
(page 376). 
‘ ‘ vertical component OV 
By trigonometry, tan (angle of dip) = horizontal component — OH 


Changes in the earth’s magnetism 


A knowledge of the way in which the declination varies over the 
earth’s surface is of importance to sea and air navigators who use 
magnetic compasses in order that they may calculate the correct 
compass course to steer for a given true course. Now the declination 
at any place is not constant, but changes slowly as the years go by. 
From time to time, therefore, fresh charts or maps of the world are 
prepared on which are drawn isogonal lines or lines joining all places 
having the same declination. 

Our earliest record of the magnetic declination at London goes 
back to 1580, when its value was 11° 15’ east of north. After this it 
slowly decreased until the compass pointed true north at London in 
1659. The declination then gradually increased in a westerly direction 
and reached a maximum of 24° 30’ west of north in 1820. From then 
onwards it began to decrease, and it has been estimated that the 
compass will once again point true north at London some time towards 
the end of the twenty-first century. 

These changes in declination are accompanied by smaller changes 
in the inclination or dip. These changes are similar to those which 
would occur if a magnet inside the earth were slowly rotating about 
the earth’s axis and taking 960 years to make a complete rotation. 


To plot the magnetic flux pattern of a bar magnet in the 
earth's field 


When a bar magnet is placed flat on a table the field round the 
magnet is a combination of the field of the magnet and the earth’s 
horizontal field. We have already seen on page 367 that the earth’s 
magnetic flux pattern alone in a horizontal plane consists of a series 
of parallel lines. The resultant pattern when a magnet’s field is 
added to that of the earth depends on the direction in which the 
magnet is lying. 

Fig. 377 shows the resultant flux pattern when a magnet is placed 
with its axis in the magnetic meridian and its $ pole pointing north. 
This diagram was obtained by the plotting compass method (page 
367). 

In order to place the magnet correctly in the magnetic meridian, 
the following method is used. A plotting compass is placed with its 
centre over the edge of a sheet of paper and the paper rotated until 
the edge is parallel with the magnetic axis of the needle. This brings 
the edge of the paper into the magnetic meridian. The bar magnet is 
then placed on the paper with its axis parallel to the same edge and 
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Fig. 376. The earth's magnetic flux 
density resolved into components 
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Fig. 377. Horizontal magnetic flux pattern near a bar magnet with its axis 
in the magnetic meridian and its S pole pointing north 


the magnetic flux pattern drawn with the aid of the plotting compass. 
(In order to prevent accidental movement of the paper during the 
course of the experiment, small pieces of self-adhesive tape may be 
used at the corners.) 


Neutral points 


Along the axis of the magnet in Fig. 377 the earth’s flux density 
and that of the magnet are in opposite directions. The earth’s flux 
density remains constant in strength, while that due to the magnet is 
strong near the poles and weakens rapidly as the distance from the 
magnet increases. At the two points marked X in the diagram the 
earth’s flux density and the magnet’s flux density are exactly equal 
and opposite and the resultant flux is zero. These points are called 
neutral points. 

A neutral point is defined as a point at which the resultant magnetic 
flux density is zero. 

Fig. 378 illustrates the resultant magnetic flux pattern when the 
magnet is placed in the magnetic meridian with its N pole pointing 
north. In this case neutral points are formed on the magnetic equator 
of the magnet. 


Early theories of magnetism 


During the eighteenth century, magnetism was attributed to the 
presence of “magnetic fluid’. Electricity and heat were similarly 
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Fig, 378. Horizontal magnetic flux pattern near a bar magnet with its axis in 
the meridian and its N pole pointing north 


regarded as fluids, but as time went on these fluid theories were found 
to be of very limited application, and so they were abandoned. An 
important advance was made about the middle of the nineteenth 
century by the introduction of the molecular theory of magnetism by 
Wilhelm Weber. 


Breaking a magnet 


Weber considered that every molecule of a magnetic substance is 
itself a permanent magnet having two poles. He came to this conclu- 
sion by noticing that, when a magnet is broken in half, the two 
portions both have two poles, i.e., unlike poles have appeared on 
opposite sides of the break. No matter how many times a magnet is 
subdivided, each piece is found to possess two poles (Fig. 379). If this 
process could be carried out indefinitely, then, theoretically, single 
molecules would eventually be reached, and Weber thought it 
reasonable to suppose that these would also be magnets with two 
poles. 

The effect of breaking a magnet may be verified by taking a length 
of clockspring and magnetizing it by some convenient method. The 
magnetized clockspring is broken up with the aid of a pair of pliers 
and the polarity of the broken pieces tested by obtaining repulsion 
with a known pole of a pivoted compass needle (see page 360). 


Modern views on magnetism 


The molecular theory of magnetism was a considerable step for- 
ward but later there came an electrical explanation for the magnetism 
of atoms and this had wider applications. 

We have already seen that magnets can be made by an electric 
current. Atoms contain particles of electricity called electrons which 
move in orbits about a central nucleus. These electrons behave like 
an electric current in a single turn of wire and so create a magnetic 
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Fig, 379. Effect of breaking a bar 
magnet 
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field. More importantly, the electrons are also spinning like tops and 
this adds further magnetism to the atom. 

It may be recalled that, on page 359, we remarked that all sub- 
stances show some kind of magnetic effect even if it is very small, The 
apparently non-magnetic substances are classified as either diamag- 
netic or paramagnetic respectively. We shall explain these terms very 
briefly before going on to deal with the strongly magnetic or 
ferromagnetic substances. 


Diamagnetism 


In many materials there are equal numbers of electrons spinning 
and orbiting in opposite directions so that, in the absence of some 
external magnetic field, their effects cancel out. If, however, a mag- 
netic field is applied the electron orbits are very slightly disturbed by 
electromagnetic induction (page 516). This very slightly weakens the 
field inside the material giving a minute magnetic effect called 
diamagnetism. This name is derived from the fact that such substances 
set with their length perpendicular to a strong magnetic field instead 
of in line with it as do para- and ferromagnetic substances. 


Paramagnetism 


In other materials there are unbalanced electrons so that the indi- 
vidual atoms or molecules act like very tiny magnets. In the absence 
of an external magnetic field these molecular magnets are arranged 
at random, giving no resultant magnetic effect to the material as a 
whole, but if a magnetic field is applied the molecular magnets be- 
come partially aligned with it thus increasing its strength. This small 
effect is called paramagnetism. 


Ferromagnetism. The domain theory of magnetism 


In some materials, of which iron, steel and certain alloys are out- 
standing examples, the atomic magnets or dipoles do not act inde- 
pendently as in paramagnetic substances but small groups interact 
with one another so that their magnetic axes spontaneously line up 
together in a certain preferred direction. Groups such as these are 
described as magnetic domains. In the “unmagnetized” state the 
resultant magnetic axes of the domains point in all directions at 
random and so the bar as a whole shows no polarity. 

This condition is illustrated in Fig, 380 (a) in which, for simplicity, 
we have drawn the domains as uniform cubes. In actual fact, how- 
ever, the domains are not all cubical in shape but can vary in size and 
their edges will lie in different directions from grain to grain through- 
out the material. The atomic magnets or dipoles have been repre- 
sented by the symbol, —@— in which the arrow head signifies the 
N pole. 

If the bar is placed in a gradually increasing magnetic field, e.g., 
inside a solenoid with steadily increasing current, then in some of the 
domains all the atomic dipoles may suddenly turn out of their 
preferred directions so that their axes all come into a new direction 
more closely related to that of the magnetizing field. 

Eventually, if the magnetizing field is strong enough, the resultant 
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magnetic axes of all the domains will be brought into the best possible 
alignment with the field and the material is said to be magnetically 
saturated (Fig. 380 (b)). We now have free atomic poles at the ends 
of the bar which will give rise to the poles of the magnet. Finally, 
when the magnetizing field is removed, the mutual repulsion between 
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Fig. 380. Domain theory of magnetism in ferromagnetic substances 


the free atomic poles at the ends of the bar will cause the domain axes 
to fan out slightly. This explains why the poles of a bar magnet are 
never situated exactly at its ends. 


Magnetic phenomena explained by the domain theory 


(1) Demagnetization 

Anything which disturbs the dipoles in the domains and enables 
them to settle down back in their preferred directions will weaken 
or destroy the magnetism of the magnet as a whole. Mechanical 
vibration can have this effect, and so also will heating, since heat 
produces increased energy of vibration of the atoms. 


(2) Magnetic saturation 

It is a well-known fact that the strength of a magnet cannot be 
increased beyond a certain limit. This occurs when all the domain 
axes have been brought into alignment with the magnetizing field as 
explained in the previous section. 


(3) Breaking a magnet 

When a magnet is broken in two, the fracture exposes the ends of 
dipoles all pointing in the same direction, $ poles on one side and 
N poles on the other (Fig. 379). 


(4) Magnetization by induction in the earth's magnetic field 

On page 362 we referred to an old method of making magnets by 
heating steel bars to redness and allowing them to cool in either a 
vertical or else a horizontal N-S direction. Heating causes the dipoles 
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Fig. 381. Magnetization by induction in 
the earth’s magnetic field 


to vibrate and, on cooling, they turn out of their preferred directions 
in their domains and settle down in the direction of the applied field. 

It is, however, better to place the bar in the magnetic meridian at 
an angle with the horizontal equal to the angle of dip. In the British 
Isles this is about 70°. In this position the bar becomes magnetized 
by the total magnetic flux density of the earth’s field, which is greater 
than either the vertical or the horizontal component. 

Instead of heating the bar, dipoles may be caused to vibrate 
mechanically by striking the bar with a hammer. This method has the 
advantage of not altering the crystalline structure of the steel. It is 
important to notice that the lower end of the bar becomes a N pole; 
this results from the fact that the dipoles turn so that their N poles 
point in the direction of the inducing magnetic field (Fig. 381). Iron 
may also be magnetized by this method, but in this case the induced 
magnetism is only temporary. 

When mumetal (page 365) is used no hammering is required to 
assist the alignment of the dipoles. Mumetal becomes more strongly 
magnetized by a given magnetic field than either iron or steel. It is 
said to possess a greater susceptibility. 

The effects described above may be studied by placing a mumetal 
rod in the magnetic meridian, first vertically, then horizontally, and 
finally at any angle with the horizontal equal to the magnetic dip. 
Tests should be carried out with a small compass needle to show that, 
in every case, the lower or north-pointing end of the rod has become 
a N pole and the opposite end a S pole. Furthermore, it should be 
verified that the polarity is reversed when the rod is turned end for 
end, showing that the dipoles have been completely turned round. 


Magnetization of iron and steel used in building construc- 
tion 

Vertical steel pillars used in the construction of buildings are in- 
variably found to be magnetized. This occurs owing to the induction 
by the vertical component of the earth’s magnetic flux density. 
Similarly, steel joists tying horizontally in the magnetic meridian 
become magnetized by the horizontal component. In such cases the 
process of magnetization is assisted by the vibration set up by riveting 
during the course of construction. 

North of the magnetic equator the lower end of a pillar is a N pole. 
South of the magnetic equator it is a S pole. 

Joists lying E-W are not magnetized. In this position the earth’s 
field tends to cause the dipoles to set at right angles to the length of 
the joist. This, however, cannot take place. If it did so, the large 
number of free atomic poles produced along the sides of the joist 
would set up powerful forces of mutual repulsion. The arrangement 
would thus be unstable. 


To plot the magnetic flux pattern near the base of a 
magnetized iron pillar 

If the compass needle method is used to plot the magnetic flux 
pattern on the floor near the base of a vertical magnetized iron pillar 
a map similar to that shown in Fig. 382 (c) is obtained. Note that a 
neutral point occurs south of the pillar at a point where the horizontal 
component of the earth’s flux density and that due to the pillar are 
exactly equal and opposite. 
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The pattern obtained may be explained by regarding the field as 
the resultant of the parallel straight lines of the earth’s flux (Fig. 382 
(a)) combined with the radial flux arising from the N pole at the 
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Fig. 382. Magnetic flux pattern near base of a magnetized iron pillar 


base of the pillar (Fig. 382 (b)). We are, of course, assuming that the 
S pole at the top of the pillar is sufficiently far away to have a 
negligible effect. 

For convenience, this experiment may be carried out with a long 
soft-iron rod which has been well hammered in a vertical position, so 
that it becomes magnetized by induction. The rod is then held 
vertically by a wooden stand with its lower end resting on a sheet of 
paper on the bench. If an iron rod is not available the same effect may 
be obtained by using a long ball-ended magnet, set up vertically with 
its N pole resting on the paper. The magnetic flux pattern is then 
plotted with a compass needle as described on page 367. 


Magnetic shielding 


The magnetic field near a soft-iron bar placed horizontally in a 
N-S direction is shown in Fig. 383. This map was obtained by the 
compass-needle method. The earth’s magnetic flux appears to be 
drawn into the iron and concentrated through it. Iron is therefore 
said to be more permeable to magnetic flux than air is, or to possess 
a higher magnetic permeability. 

The behaviour of a soft-iron ring in a strong magnetic field is of 
particular importance (Fig. 384). In this case the magnetic field used is 
much stronger than the earth’s field, and hence the iron-filings 
method may be used to map the field. Here, all the flux passes 
through the ring and no flux crosses the space inside. The inside of 
the ring is said to be shielded or screened from magnetic flux. 

Magnetic shielding is put to practical use. For example, delicate 
measuring instruments which are liable to be affected by external 
magnetic fields can be protected by enclosing them in thick-walled 
soft-iron boxes. 


Keepers 


A bar magnet tends to become weaker with age, owing to se/f- 
demagnetization. This is caused by the poles at the ends of the magnet 
which tend to reverse the direction of the atomic dipoles inside it. 

In order to prevent this, bar magnets are stored in pairs, with their 
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Fig. 385, Use of magnetic keepers 


Fig. 384. Magnetic shielding by a soft iron ring placed in a magnetic field 


opposite poles adjacent and with small pieces of soft iron, called 
keepers, placed across their ends. These keepers become strong in- 
duced magnets, and the opposite induced poles at their ends 
neutralize the poles of the bar magnets (Fig. 385). In other words the 
magnetic dipoles in the domains of both magnets and keepers form 
closed loops with no free poles. Consequently the demagnetizing 
effect disappears. 


QUESTIONS: 30 and 31 


1. Three steel knitting needles, exactly similar in appearance, are supplied 
to you. One is known to be magnetized with opposite poles at its ends, 
another has consequent poles in the middle and the third is unmagnetized. 
Describe how you would proceed to identify them if the only other appa- 
ratus available is means for suspending them horizontally. (L.) 
2. Describe, with the aid of diagrams, and explain how you would magnetize 
a steel knitting needle so as to obtain a S pole at a marked end of the 
needle: (a) by using a permanent magnet: (6) by using an electric current. 

State, giving a reason, which method of magnetization you would 
éxpect to produce the stronger magnet and describe an experiment to 
test your conclusion. 

Describe how a magnetized knitting needle can be effectively demag- 
netized. (0.C.) 
3, Explain what is meant by: (a) a magnetic field; (6) a neutral point. 

Draw diagrams of the magnetic fields due to: (a) a bar magnet placed 
horizontally with its axis in the magnetic meridian and its N pole pointing 
south, and (6) a bar of unmagnetized iron having the same shape and placed 
similarly in the earth’s field. 

Explain any one application of the effect illustrated by (6). (L.) 
4. Describe how the magnetic flux pattern may be plotted in a horizontal 
plane in which a bar magnet rests in the earth’s magnetic field. If the 
magnet is lying with its N pole pointing north, sketch the pattern you 
would expect to obtain, and mark the position of any neutral points. 
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Sketch also the magnetic flux pattern in a horizontal plane through the 
S pole of a magnet placed vertically. 
5. Fig. 386 shows two bar magnets, each standing on a bench. The one 
marked A is in London, B is at a place on the magnetic equator. The dots 
represent the positions of the poles of the magnets. Show on each diagram 
the direction of the force, due to the action of the earth’s maynetic field, on 
each of the poles. (C.) 
6. Explain what is meant by magnetic induction and give an example of it. 
Describe an experiment to demonstrate the differences in the magnetic 
properties of iron and steel and state the conclusions to be derived from it. 
Which of these metals would you use for; (a) the core of an electromagnet; 
(6) a compass needle; and (c) magnetic screening? Give reasons for your 
answers. (C.) 
7. Define the terms declination, inclination (dip) and show on a diagram 
how the earth’s magnetic field may be resolved into two components. 
Give a simple method for illustrating magnetic dip and explain any 
differences which might be observed according as the experiment is carried 
out in the northern or southern hemisphere. 
8. A bar of iron is hammered for a short time at the latitude and longitude 
of Bristol in the plane of the earth's magnetic field with its longer axis 
successively: (a) horizontal; (6) vertical; (c) inclined at approximately 60° 
to the horizontal, the end pointing north being lower than the other. 
Compare the magnetizing effect, giving reasons for your answer. (S.) 
9. Explain as fully as you can why: 


(a) a pivoted compass needle free to rotate in a horizontal plane always 
sets in one particular direction at any given place; 

(6) some iron filings on a piece of paper near a strong magnet will show 
a definite pattern after the paper has been tapped; 

(c) vertical retort stand rods in laboratories are found to be magnetized, 
and the polarity of such rods in England is different from that found 
in Australia. (Ww) 


10. Draw a diagram to show how you would shield a small compass 
needle from the earth’s magnetic field. Also, on your diagram, sketch the 
resultant magnetic flux pattern. 

11. Explain the following: (a) a piece of iron cannot be magnetized beyond 
its saturation point; (6) a soft iron “‘keeper” is employed when magnets 
are not in use; (c) an electric current may be used to demagnetize a magnet. 

(J.M.B.) 

12. Give an account of a theory of magnetism which applies to iron 
and steel, and use it to explain the condition of: (i) a magnetized, and 
(ii) an unmagnetized bar of steel. Suggest a reason why it is not possible 
to increase the strength of a magnet indefinitely. 

State any important differences between soft iron and steel and indicate 
which you would select for use as: (iii) a magnetic keeper; (iv) the core of 
an electromagnet; (v) a compass needle. 

Describe how you would make use of the earth’s magnetic field in 
order to magnetize a bar of soft iron as strongly as possible. Show clearly 
the polarity produced at each end of the bar. (L.) 
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Everyone is familiar with the fact that if a pen made of certain plastic 
materials is rubbed on the coat-sleeve it will afterwards attract dust 
and small pieces of paper. The same effect is noticed when a mirror 
or window-pane is polished with a dry cloth in a very dry at- 
mosphere. Dust and fluff from the cloth stick to the glass. and are 
difficult to remove. Perspex, cellulose acetate and the vinyl com- 
pounds used for gramophone records also show the attraction, but to 
a more marked degree. The phenomenon is called electric attraction, 
and the rubbed materials are said to have become charged with static 
electricity. Knowledge of it goes back as far as the sixth century B.c., 
when the Greek philosopher, Thales, described the attractive proper- 
ties of rubbed amber. The word electricity has, in fact, been derived 
from the Greek word “elektron”, meaning amber. 

Friction between certain textiles can also produce electrification. 
Robert Symmer first described this in the early eighteenth century. He 
noticed strong electrical attraction between a black and a white silk 
stocking when both had been put on and then withdrawn from the 
same leg. Anyone who has worn clothing made of Terylene or nylon 
knows that it is often strongly electrified especially when taken off at 
the end of a dry day. 

Electrification by friction is sometimes associated with a crackling 
sound. This may be heard when very dry hair is combed with a vul- 
canite comb, or when an ebonite or alkathene rod is vigorously rubbed 
with fur. The crackling is caused by small electric sparks, which may 
be seen if the room is in darkness. Sparks from static electricity can be 
very dangerous when inflammable vapour is present. For example, 
instances have been known in hospital operating theatres where ether 
vapour has become ignited by a spark from a trolley used for trans- 
porting patients. If a trolley has wheels with insulating rubber tyres it 
can become charged as a result of friction between blankets and the 
rubber sheet on it. Nowadays, accidents are prevented by allowing 
a short length of chain to trail from the metal frame of the trolley. 
This conducts the electric charge away to earth, where it can do no 
harm. 

In dry weather people alighting from cars and buses occasionally 
complain of a slight electric shock as their feet touch the ground. This 
has been attributed to electrification of the vehicle, either by friction 
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where the exhaust gases leave the exhaust pipe or to friction between 
the person’s clothing and the upholstery. 


Electric repulsion 


If an ebonite rod is charged by rubbing it with fur and then held 
just above a collection of small pith balls the balls will jump rapidly 
up and down for a short time between the rod and the bench. This is 
explained as follows. The balls are first of all attracted, become 
charged by contact and are then repelled. On striking the bench they 
lose their charge to the earth, and the action is repeated until the rod 
has lost most of its charge. 


Positive and negative electricity 


Electric repulsion was first described in 1672 by Otto von Guericke, 
who noticed that some feathers were attracted to a charged sulphur 
ball and then repelled from it. One hundred and fifty years later in 
France, Charles Du Fay discovered that charged bodies did not 
always repel each other, but that sometimes attraction took place. He 
came to the conclusion that there were two kinds of electricity. 
Charges of the same kind repel, while charges of opposite kinds 
attract one another. 

To distinguish between the two kinds, Du Fay used the terms 
vitreous and resinous electricity. Vitreous (from the Latin vitrum = 
glass) electricity is obtained when glass is rubbed with silk, and 
resinous electricity is obtained when amber, sealing-wax, sulphur, 
shellac and a host of other substances are rubbed with fur or flannel. 
Later on, these terms were found to be misleading, since, for example, 
ground glass gives resinous electricity and very highly polished 
ebonite gives vitreous electricity. Accordingly, Benjamin Franklin 
introduced the present-day terms positive and negative instead of 
vitreous and resinous respectively. 

Traditionally, in experiments on static electricity the standard 
method for obtaining positive electricity is to rub glass with silk, and 
for a negative charge, to rub ebonite with fur. Nowadays, however, it 
may be considered preferable to use cellulose acetate for positive, and 
polythene (alkathene) for negative charge, since these are less affected 
by damp conditions. 


Action between electric charges 


A warm dry glass rod is rubbed with silk and placed in a wire 
stirrup suspended by a length of thread. On bringing near a second 
charged glass rod, repulsion occurs. 

The experiment should now be performed using ebonite rods 
rubbed with fur. Repulsion again takes place. 

Finally, the experiment is carried out with a charged glass rod and 
a charged ebonite rod. This time, attraction occurs. 

These experiments verify a fundamental law, sometimes called the 
first law of electrostatics, 


like charges repel, unlike charges attract. 
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Insulators and conductors 


The first record of a serious approach towards the study of static 
electricity is to be found in one of the chapters of Dr. Gilbert’s seven- 
teenth-century treatise on magnetism, already mentioned on page 
362. Here, Gilbert lists a large variety of substances which become 
electrified when rubbed. These electrics, as they were called, include 
precious stones and crystals besides amber, glass, resin and sulphur. 
In contrast, he also gives a list of non-electrics or substances which 
cannot be electrified by rubbing. This list consists mostly of metals. 

When current electricity was discovered, 200 years after the pub- 
lication of Gilbert’s book, it was found that an electric current would 
flow through a non-electric but not through an electric, Accordingly, 
these terms became obsolete. We now call an electric an insulator and 
a non-electric a conductor. 

Incidentally, Gilbert mentions the importance of dryness in elec- 
trical experiments. Impure water is a conductor, and a film of mois- 
ture from condensation or moist hands on the surface of an insulator 
allows electricity to be conducted away to earth. For successful results, 
all apparatus used in electrical experiments must be thoroughly dry. 
Glass rods in particular are best warmed before use. 


The gold-leaf electroscope 


For the detection and testing of small electric charges, a gold-leaf 
electroscope is used. This instrument was invented towards the end 
of the eighteenth century by a Yorkshire clergyman named Abraham 
Bennet. Fig. 387 shows a common type of electroscope. It consists 
of a brass rod surmounted by a brass disc or cap and having at 
its lower end a small rectangular brass plate with a leaf of thin gold 
or aluminium attached. The leaf is protected from draughts by en- 
closing it in an earthed metal case with glass windows. The brass rod 
is supported by passing it through a plug of some good insulating 
material such as alkathene at the top of the case. 

The three horizontal parallel lines shown at E in Fig. 387 is the 
conventional symbol for an earth connection. The importance of 
having the case earthed will be understood after reading page 405. 


Experiments with a gold-leaf electroscope 


(1) To detect the presence of charge on a body 

If a rod of some suitable material is charged by friction and then 
brought near to the cap of a gold-leaf electroscope the leaf is seen to 
diverge from the plate. A charge has been induced on the leaf and 
plate, and consequently repulsion occurs between them. On removing 
the charged rod, the leaf collapses, showing that the induced charge 
on the electroscope is only temporary. 

Very small charges may be detected by this method. 


(2) To charge a gold-leaf electroscope by contact 

Generally speaking, it is not always easy to charge an electroscope 
by contact with a charged rod, but usually it can be done after a few 
attempts. 

An ebonite rod is given a small charge by rubbing with fur, and is 
then rolled over the cap of an electroscope. The leaf will be seen to 
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diverge, and then the rod is removed. If the leaf does not stay 
diverged the process is repeated until it does. We may now assume 
that the electroscope is charged with negative electricity by conduction 
from the ebonite rod. 

If the cap of the electroscope is touched with the finger the charge 
flows to earth through the experimenter’s body and the leaf collapses. 
This is called ‘earthing the electroscope”. Before proceeding any 
further it must be pointed out that charging by contact is not a good 
method and often gives a charge opposite to that expected. It is better 
to use the method of induction, which is described later. 


(3) To test for the sign of the charge on a body 

Having charged the electroscope negatively as described above, the 
ebonite rod should be recharged and brought near to the cap. An 
increase in the leaf divergence is noted. 

A glass rod rubbed with silk (positive charge) is now cautiously 
brought down towards the cap from a height of about 50 cm. This 
time, a decrease in divergence is noticed. 

The electroscope is discharged by touching it with the finger and 
afterwards charged positively by contact, using a glass rod rubbed 
with silk. We shall now find that an increased divergence is caused by 
bringing a charged glass rod near the cap and a decreased divergence 
by a charged ebonite rod. 

From these experiments we conclude that an increase in divergence 
occurs when the charge on the electroscope and the test charge are of 
the same kind. 

We may not assume, however, that a decrease in divergence neces- 
sarily means that a charge of opposite kind has been brought near a 
charged electroscope. An uncharged body has the same effect. One’s 
own hand is a convenient uncharged body to use for this purpose. It 
follows that the only sure test for the sign of charge on a body is to 
obtain an increase in divergence. The results of these experiments are 
summarized in the table shown. 


Charge on Effect on leaf 
electroscope divergence 


| r= =f | Decrease 


+ or — Uncharged body | Decrease 


(4) To test the insulating properties of various materials 

The insulating or, conversely, the conducting property of a given 
substance may be tested by holding a sample of the substance in the 
hand and then bringing it into contact with the cap of a charged 
electroscope. If the substance is a good insulator there will be no 
leakage of charge through it and the leaf divergence will not alter. If, 
however, the leaf collapses instantly it shows that the substance is a 
good conductor. 
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Between these two extremes there are certain substances which 
produce a slow collapse of the leaf. These are classed as poor insula- 
tors or poor conductors. Examples of this type of material are paper, 
wool, cotton and wood. Nevertheless, if these substances are dried 
thoroughly they become quite good insulators. This suggests that 
their ability to conduct electricity comes from their moisture content. 

Among the good conductors are all the metals and carbon. The 
good insulators are sulphur, quartz, paraffin wax, ebonite, shellac, 
polythene and silk. 

The experiment should be carried out with as many different sub- 
stances as possible and the results recorded in a table as below. 


Good insulators | Good conductors | Partial insulators 


Electrostatic induction 


We saw earlier that a charged rod brought near to the cap of an 
electroscope causes the leaf to diverge from the plate, showing that 
a charge has been induced on both of them. The following experiment 
provides more information about the charges which are induced on 
an insulated conductor when a charged rod is brought near it. 
(Fig. 388). 


(a) Two insulated brass spheres 4 and B are placed together so 
that they touch one another and thus form, in effect, a single 


conductor. 
Charged 
ebonite or 
polythene 
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= es SSS = 
Insulated uncharged +ve and -ve charges are 
conductors in contact induced on A and B respectively 
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(b) A negatively charged rod is now brought near to A. As a 
result, a positive charge is induced on 4 and a negative charge 
on B. 

(c) Still keeping the charged rod in position, sphere B is moved a 
short distance from A. 

(d) The charged rod is now removed and A and B are tested for 
charge. 


The test is carried out as follows. Sphere A is brought near to the 
cap of a positively charged electroscope. An increase in divergence 
shows that it is positively charged. Similarly, sphere B produces an 
increase in divergence when it is brought near to the cap of a nega- 
tively charged electroscope, thus showing it to be negatively charged. 

If the whole experiment is carried out again using a positively 
charged rod as the inducing charge, the induced charges on A and B 
are reversed. 

The process by which charges are induced on A and B will be ex- 
plained after we have dealt with the electron theory of electricity. In 
the meantime, it is interesting to compare electrostatic induction with 
magnetic induction described on page 363. There it was seen that the 
induced pole on the end of the steel nearest to the inducing pole was 
of opposite polarity. In the case of electrostatic induction the induced 
charge on the end of the conductor nearest to the inducing charge is of 
opposite sign. There is, however, an important difference. While we 
are able to separate positive charges from negative charges, it is im- 
possible to isolate magnetic poles. 


Eighteenth-century ideas about electricity 


At this stage we may well ask, “What is electricity ?” Scientists are 
still unable to give a fully satisfactory answer, but since the end of the 
nineteenth century a great deal has been discovered about the nature 
of electricity and its relation to the atoms of which all matter is 
composed. 

In the eighteenth century it was commonly believed that electricity 
was a kind of fluid. The American scientist, Benjamin Franklin, held 
the view that all substances in the so-called uncharged condition 
possessed a fixed standard quantity of electric fluid. A body was said 
to be positively charged when it had more than the standard quantity 
of electricity and negatively charged when it had less. 

In England, Robert Symmer put forward another theory, namely, 
that there were two kinds of electric fluid, positive and negative. A 
body was positively or negatively charged according as it had an 
excess of one fluid or the other. An uncharged body possessed equal 
quantities of both fluids which neutralized each other. Both of these 
theories have long been abandoned in favour of the e/ectron theory. 


The electron theory. Atomic structure 


Towards the end of the nineteenth century, Sir J. J. Thomson 
carried out some experiments with an electric discharge through a 
tube containing air at very low pressure. Following this investigation 
he came to the conclusion that negative electricity consists of tiny 
particles which came to be called electrons. During the succeeding 
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years it became apparent that these negative electrons actually formed 
part of the atoms of which all substances are composed. 

Previously, atoms were visualized as being like tiny solid billiard- 
balls, but investigations made during the present century have now 
given us an entirely different mind-picture of atomic structure. 

We now believe that an atom has a central nucleus consisting of 
tightly packed particles called neutrons and protons, with electrons 
moving round it at various energy levels. The atoms of all elements 
are built on this pattern, but differ from one another by the number 
of protons and neutrons contained in the nucleus. 

In the early days we used to think of the electrons as moving round 
the nucleus like planets round a sun but the mathematical theory 
relating to the energy, motion and position of the electrons has 
developed to an extent that we can no longer accept this simple 
notion. 

Pictures and models of atoms can be drawn but, unfortunately, 
they are too complicated to be discussed here. Nevertheless, we shall 
be saying something about the earlier and simpler ideas about atoms 
in chapter 45. 


Electrons and protons 


From the electrical point of view, the protons in the nucleus are 
important because they have a positive charge equal in magnitude to 
the charge on an electron. Furthermore, the number of protons in an 
atom is equal to the number of electrons, so that the atom as a whole 
is electrically neutral. Electricity, therefore, is not something entirely 
distinct from matter, but is actually part of the very substance of 
which the atoms of matter are made. 

We shall see presently that it is possible for electrons to become 
detached from their atoms, and if this happens to a number of the 
atoms in a body the body as a whole will be left with a net positive 
charge. On the other hand, if a body gains extra electrons it acquires 
a net negative charge. 

Tt must be clearly understood that a body cannot normally lose or 
gain extra protons: these remain inside the nuclei of the atoms and 
cannot move from one place to another. All the phenomena of static 
electricity are explained in terms of a transfer of electrons only. 


Electrification by friction 


When a glass rod is rubbed with a silk cloth some electrons from 
the glass attach themselves to the silk. Consequently, the glass be- 
comes positively charged and the silk negatively charged. Likewise 
when ebonite is rubbed with fur electrons are transferred from fur to 
ebonite, thus making the ebonite negative and the fur positive. Why 
this happens, and why the electrons go from glass to silk and from 
fur to ebonite and not in the reverse direction, is not at present 
understood. 


Electrons in insulators and conductors 


The difference between an insulator and a conductor is that, in an 
insulator, the electrons are firmly bound to their atoms and will not 
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moye of their own accord, whereas in a conductor the electrons are 
able to move freely from one atom to another. 

Tf an ebonite rod is held in the hand and rubbed with fur a charge 
of electrons is formed on its surface. These electrons cannot flow to 
earth through the hand, since they are unable to move through the 
insulating ebonite. When a brass rod is rubbed with fur it becomes 
charged with electrons in just the same way as the ebonite. However, 
the charge cannot be detected, since it is immediately conducted 
through the brass and the hand to earth. This may be prevented by 
mounting the brass rod on an insulating handle. The charge cannot 
now be conducted away, and its presence can be detected by bringing 
the rod near a gold-leaf electroscope. The charge can be tested and 
found to be negative by showing that there is an increase in divergence 
when the brass rod is brought near to the cap of a negatively charged 
electroscope. 


Electrons and electrostatic induction 


The electron theory gives a simple explanation of the manner in 
which opposite charges are induced on the two spherical conductors A 
and B in Fig. 388. Free electrons in the conductors are repelled to the 
remote side of B by the negative charge on the ebonite rod. 

When the two conductors are separated the electrons are trapped 
on B, so that B now has a net negative charge. At the same time 4 is 
left with a positive charge, since it has lost the electrons which went 
on to B. 


The proof plane 


When testing a charge on a conductor it is often necessary to trans- 
fer a small sample of the charge to a gold-leaf electroscope. This is 
done by means of a proof plane, which consists of a small metal disc 


Positively 
charged rod 
| 


|__ Positively 
charged rod 


Collect charge Transfer 
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Fig. 390. Transferring electric charge 


at the end of an insulating handle (Fig. 389). The proof plane is placed 
in contact with the surface of the conductor so that it becomes 
charged, and the charge is then transferred to the electroscope by 
touching the cap with the proof plane. 

Fig. 390 illustrates the use of a proof plane to show the existence 
of induced charges on a conductor 4B when a positively charged 
glass rod is brought near it. 
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Fig. 389. Proof planes (see page 393) 
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The proof plane is first of all used to transfer some of the charge 
from the end B of the conductor to the electroscope. The sign of this 
charge is then tested by bringing a positively charged rod slowly down 
towards the cap of the electroscope from a good height above it, An 
increase in divergence of the leaf will show that the charge taken from 
B is positive. 

The electroscope and the proof plane are now both discharged by 
touching them with the finger and the experiment repeated using 
charge taken from the end A of the conductor. This time an increase 
in divergence is obtained when a negatively charged ebonite rod is 
brought near the cap, showing that the charge taken from A is 
negative. 

The reason why the charged rods must be brought down towards 
the cap of the electroscope from a good height above it is explained 
on page 391. 


Charging by induction 


Electrostatic induction may be used to obtain an almost unlimited 
number of charges from a single inducing charge without any loss of 
the inducing charge. How this may be done is illustrated in Fig. 391. 
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Fig. 391. Charging positively by induction 


For a charge of given sign it is necessary to start with an inducing 
charge of the opposite kind. Thus, in Fig. 391 (a) a negatively charged 
rod has been brought near to the end A of a cylindrical insulated 
conductor AB. The shape of the conductor used does not matter: 
a cylindrical one is shown here merely for convenience in drawing. 
Some of the free electrons in the conductor are repelled towards B 
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by the excess of electrons on the negative rod, thereby creating a 
negative induced charge at B and a positive induced charge at A. 
The conductor is now earthed by touching it with the finger, with 
the result that some of the free electrons are repelled to earth 
(Fig. 391 (4)). The finger is then removed from the conductor and 
afterwards the charged rod is taken away (Fig. 391 (c)). Tests with 
a proof plane and an electroscope can now be made to show that the 
conductor is positively charged all over its surface. 

Fig. 392 shows the steps in the process of charging a conductor 
negatively by induction. In this case the inducing charge is a positively 
charged rod which attracts free electrons in the conductor towards 
the end A, When the conductor is earthed more electrons are 
attracted from earth into the conductor. Finally, after breaking the 
earth connection and removing the charged rod the conductor is left 
with a negative charge. 


The electrophorus 


In 1775, Alessandro Volta, who was Professor of Physics at Como 
in Italy, wrote a letter to Joseph Priestley in which he described his 
newly invented electrophorus. This instrument works by electrostatic 
induction and can be used to produce any number of positive charges 
from a single negative charge. It consists of a circular slab of insu- 
lating material, together with a brass disc on an insulating handle. 
Volta used resin for making the slab, but polythene is now more 
commonly used. 

The polythene slab is given a negative charge by flicking it with a 
piece of fur, and then the brass disc is placed on top of it. This results 
in positive and negative charges becoming induced respectively on the 
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Fig, 393, Action of the electrophorus 


lower and upper surfaces of the brass disc (Fig. 393 (a)). It is im- 
portant to notice that the disc does not become charged negatively by 
conduction, since it is never quite flat and makes contact with the 
slab only at three or four points. 

The brass disc is now earthed momentarily by touching it with the 
finger so that the negative induced charge is repelled to earth (Fig. 
393 (b)). In some instruments automatic earthing is effected by means 
of a brass stud passing through the slab. 

On removing the disc from the slab it is found to be positively 
charged and a spark may be drawn from it (Fig. 393 (c)). The spark 
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is usually hot enough to light a bunsen burner if the edge of the 
charged disc is presented to the burner with the gas turned on. 


Source of the electric energy obtained from an electro- 
phorus 


Allowing for the inevitable slight leakage of charge from the slab, 
the brass disc may be charged very many times before the slab needs 
recharging. At first sight it might appear that these charges on the 
brass disc are being created out of nothing. However, a closer 
examination of the problem reveals that this is not so. 

While the disc is still in contact with the slab, the positive charge on 
it possesses no available energy, since it is effectively neutralized by 
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Fig. 394. Charging a gold-leaf electroscope positively by induction 
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Fig. 395. Charging a gold-leaf electroscope negatively by induction 


the negative charge on the slab. The disc will only release electric 
energy, ¢.g., by producing a spark, after the disc has been pulled away 
from the slab. In order to do this, mechanical work must be done 
against the force of attraction between the charges on the disc and 
slab, and this work becomes converted into electric energy. 

The positive charge on the disc thus acquires electric potential 
energy in much the same way as a stone acquires gravitational 
potential energy when it has been raised against the earth’s attraction. 
Some of the electrophori made in the eighteenth century had discs 
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over 2 m in diameter. Quite a lot of work had to be done in pulling 
these off their slabs before the charges could be made available. 


Charging a gold-leaf electroscope by induction 


When the method of charging a gold-leaf electroscope by contact 
was described earlier in this chapter it was pointed out that the 
method is unreliable and quite likely to give unexpected results. It is 
much better to charge an electroscope by induction. 

Fig. 394 and 395 illustrate the process, which is identical with that 
described for the cylindrical conductor on page 388. A rod is used 
charged with electricity of opposite sign to that required on the 
electroscope. The rod is brought near the cap so that the leaf diverges 
by the amount desired, and the electroscope is then momentarily 
earthed by touching it with the finger. The rod is then removed, 
leaving the electroscope charged. Having studied the explanation of 
charging a conductor by induction on page 388, the reader should be 
able to give a similar explanation in the case of the electroscope. 


Effect of a charged rod on a charged gold-leaf electroscope 


On page 383 it was shown how a gold-leaf electroscope can be used 
to test the sign of the charge on a body. It will be remembered that a 
charge of the same kind as that on the electroscope causes an in- 
crease, while a charge of opposite kind causes a decrease in leaf 
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Fig. 396. Testing the sign of a charge 


divergence. We are now able to explain this in terms of the electron 
theory. 

Fig. 396, which is self-explanatory, gives the reason for the in- 
creased divergence in the case where both charges are negative. The 
diagram and explanation for the positive case are left as an exercise. 


Need for care when using a gold-leaf electroscope 


Fig. 397 shows what happens when a strong negative charge is 
brought near to the cap of a positively charged electroscope. Starting 
with the charge high above the cap, the leaf divergence decreases as 
the positive charge on the leaf and plate become partially neutralized 
by free electrons which are repelled downwards (Fig. 397 (b)). As 
the charged rod is gradually lowered, more electrons will be 
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repelled to the leaf and plate, until eventually the former collapses 
completely, when its positive charges become exactly neutralized 
(Fig. 397 (c)). After this stage has been reached a further lowering 
of the charged rod will cause the leaf to diverge again, since the leaf 
and plate now acquire an excess of electrons (Fig. 397 (d)). 

It is therefore obvious that a charged body must be brought from 
a good height slowly down towards a cap of a gold-leaf electroscope 
so that the initial decrease in leaf divergence (if any) will not be 
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Fig. 397. If the test charge is brought too close to the cap a wrong conclusion 
might be drawn (compare with Fig. 396) 


overlooked. Otherwise, if the charges are of opposite sign and the 
observer notices only the final increase in divergence he will conclude 
wrongly that the test charge and the electroscope charge are of the 
same kind. 


Distribution of charge over the surface of a conductor 


A proof plane and gold-leaf electroscope may be used to investigate 
the distribution of charge over the surface of a conductor, by press- 
ing the proof plane into contact with the surface at various places 
in turn and then transferring the charge to the electroscope (Fig. 398). 
The divergence of the leaf will give a rough measure of the amount of 
charge transferred, and hence some idea of the surface density of 
the charge. 


liad Spherical Cylindrical Pear shaped 


Fig. 398. Investigating surface distribution of charge on conductors 
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Surface density is defined as the quantity of charge per unit area of 
surface of a conductor. 

The experiment is usually carried out with a flat circular proof 
plane of the type shown on the left in Fig. 389. Strictly speaking, a 
set of proof planes should be used, each having the same area but 
shaped so as to fit the curvature of the surface at the various places 
chosen for test. 

Fig. 398 also shows how charge is distributed over the surface of 
conductors of different shapes. In these diagrams the distance of the 
dotted line from the surface is proportional to the surface density 
at any point. The most important fact shown by this experiment is that 
charge is mostly concentrated at places where the surface is sharply 
curved. This is particularly noticeable at the pointed end of the pear- 
shaped conductor. 

The type of proof plane illustrated on the right in Fig. 389 is 
unsuitable for testing surface density. When in use, the short brass 
wire fixing the disc to the handle acts like a fairly sharp point on the 
surface of the conductor. Charge therefore tends to concentrate on 
this, giving rise to misleading results. 


No charge on the inside surface of a hollow charged 
conductor 


The electric conductors used in the experiments we have described 
are generally made of hollow brass or else of wood covered with 
tinfoil. No advantage is to be gained by making them of solid metal, 
since the charge resides only on the outside surface. The following 
experiments illustrate this fact. 


(1) The hollow charged conductor (Fig. 399 (a)) 


An insulated hollow brass sphere with a small hole in it is charged 
by induction, and its inside and outside surfaces are then tested for 
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Fig. 399. No charge inside a hollow charged conductor 


charge by means of a proof plane and electroscope. It is found that 
charge may readily be taken from the outside, but none at all from 
the inside. 


(2) Faraday’s butterfly-net experiment (Fig. 399 (b)) 


Michael Faraday used an insulated cotton net to act as a hollow 
conductor. 
The net, to which an insulating silk string is attached, is given a 
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charge by induction. Tests carried out with a proof plane and electro- 
scope will now show that charge may be taken from the outside of 
the net but not from the inside. The net is next turned inside out by 
pulling the silk string and again tested for charge. The results are the 
same as before, showing that the charge must have passed from one 
side of the net to the other when it was turned inside out. 


(3) Coulomb’s hemispheres* (Fig. 400) 

Charles Coulomb demonstrated that charge always resides on the 
outside surface of a conductor with the aid of two hemispherical 
cups which fitted exactly round an insulated metal sphere. 

The sphere is first charged, and afterwards the hemispheres are 
fitted over it while being held by insulating handles. On removing 
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the hemispheres they are found to be charged, but no charge at all 
remains on the sphere. This shows that all the charge on the sphere 
must have passed to the outside of the hemispheres. 


Discharging a charged rod. lons in a flame 


Under dry conditions a charged ebonite rod or polythene rod will 
retain its charge for a very long time. If the rod is to be discharged 
it may be done most effectively by passing it through the air above a 
bunsen flame. 

In a flame the gas molecules are vibrating very rapidly. Frequent 
collisions occur, and some molecules have electrons knocked out of 
them. Molecules which have thus lost electrons are called positive 
ions. At the same time some of the free electrons may attach them- 
selves to neutral molecules, and so form negative ions. When a 
charged rod is drawn through the ionized air above a flame ions of 
opposite sign are attracted to it, and the charge on the rod becomes 
neutralized. 


lons in the atmosphere 


Ionization by the process described above is only one way of 
producing gaseous ions. Another method is to allow high-energy 
radiation to pass into the gas. Various experiments have shown 
that the atmosphere contains ions which have been produced by 
radiation from radioactive minerals in the earth’s crust, by ultra- 
violet light from the sun and by the so-called cosmic radiation which 
enters the earth’s atmosphere from outer space. 


* Usually attributed to Biot. 
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The presence of these ions in the atmosphere explains why a 
charged conductor will slowly lose its charge over a period of time 
even when mounted on a good insulator. The charge on the con- 
ductor is gradually neutralized by ions of opposite sign which are 
attracted towards it out of the surrounding air. 


Electric machines 


When a considerable quantity of static electricity is required an 
electric machine is used. The earliest machines which were con- 
structed in the seventeenth and eighteenth centuries worked by 
friction. For example, Otto von Guericke used a rotating sulphur- 
ball to which a dry hand was applied to produce the friction. Later 
experimenters used glass spheres or discs which were rotated against 
pads made of wool or leather. 

These friction machines were not very satisfactory, and after 
Volta’s invention of the electrophorus, scientists of the nineteenth 
century turned their attention to induction machines. Very good 
machines of this type were made by the German workers Holtz, Voss 
and Toepler, but the most efficient one was designed in 1883 by an 
Englishman named James Wimshurst, who was a consulting engineer 
to the Board of Trade. The Wimshurst machine, illustrated in Fig. 401 
is still in use in elementary science laboratories. The action of this 
machine is described in more advanced textbooks. 

About 1930 Van de Graaff in America developed a highly efficient 
electrostatic generator which works on a different principle. Van de 
Graaff machines have been used a great deal in nuclear research 
(page 582). Simple Van de Graaff machines are available for elemen- 
tary purposes but, normally, they provide charge of one kind only. 


5 4 . Fig. 401. The Wimshurst machine. The 
The Wimshurst gives both kinds. two knobs give charge of opposite sign 


Action of highly charged points 


When a sharp pointed wire is connected to the conducting knob 
of a Wimshurst machine, and the machine set in motion, the surface 
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Fig. 402. Theory and effect of point action 


density of charge on the point becomes exceedingly high and a current 
of air known as an electric wind streams away from the point. This 
electric wind may be demonstrated by placing a candle flame a short 
distance away from the point. The flame is deflected by the draught, 
and may even be blown out (Fig. 402 (a)). 

The electric wind may also be used to work a simple type of jet- 


396 ELECTRICITY AND MAGNETISM 


propelled motor known as Hamilton’s mill. This consists of several 
wires arranged as the spokes of a wheel on an insulated pivot and 
having their ends bent at right angles (Fig. 402 (b)). When connected 
to an electric machine an electric wind streams out from the ends of 
the wires, and the resulting reaction on the wires causes the mill to 
rotate in the opposite direction. In these experiments the electric 
wind is caused by point action, and may be explained as follows 
(Fig. 402 (c)). 

We have already seen that ordinary air contains a certain number 
of positive and negative ions. Therefore, in the neighbourhood of a 
highly charged point conductor ions of the same sign will be strongly 
repelled. When these fast-moving ions collide with air molecules 
they often knock electrons out of them, thus creating more ions. 
This process is cumulative, so that, in a very short time, an avalanche 
of ions will be moving rapidly away from this point. The surrounding 
air molecules get caught up in this stream and carried along with it, 
thus setting up the electric wind. At the same time ions of opposite 
sign are attracted towards the point, where they neutralize the charge 
on it. It has become customary to speak of charge as being “sprayed 
off” a point, but this is merely a figure of speech. It cannot be com- 
pared with, say, water sprayed out of a hosepipe. 


To demonstrate the presence of both positive and negative 
ions in a flame 


Before proceeding further with our discussion of point action 
we must draw the reader’s attention to an effect which is observed 
when the wire from a conductor of a Wimshurst machine is placed 
very close to a candle flame (Fig. 403). 
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Fig. 403. Positive and negative ions in a flame 


On starting up the machine the candle flame is drawn out in both 
directions. Negative ions in the flame are attracted towards the wire 
point while positive ions are repelled from it. 

Note carefully the difference between this experiment and the 
previous one with a candle flame and a highly charged wire. In the 
former instance we placed the wire further away from the flame, so 
that the electric wind produced by point action on ions in the air 
between wire and flame, created a draught sufficiently strong to blow 
the whole flame away from the point. 
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Points as collectors of charge 


A sharp point not only enables a conductor to lose charge but it 
can also act as a collector of charge. This aspect of point action 
can be shown by the following experiment. 

A gold-leaf electroscope is provided with a sharp point by placing 
a needle or a piece of wire on the cap. When a positively charged 
rod is brought near to the point a divergence of the leaf rapidly builds 
up and the leaf will stay diverged when the rod is removed. On testing 
by the usual method the electroscope is found to be positively 
charged. 

Fig. 404 explains what happens in this case. The positive charge 
on the rod acts inductively on the electroscope so that the point is 
negatively charged and the leaf positively charged. Point action 
then takes place, with the result that positive ions are attracted 
towards the point, receive electrons from it and become neutralized. 
The electroscope thus loses negative charge, i.e., it acquires a net 
positive charge. 

At the same time negative ions are attracted towards the positively 
charged rod, where they give up electrons to it and neutralize its 
positive charge. The resultant effect, therefore, is a gain of positive 
charge by the electroscope and a loss of positive charge by the rod. 

It is usual to describe this process by saying that charge has been 
“drawn off” the rod by the point, but once again this is merely a 
figure of speech, since positive charge does not actually pass into the 
electroscope any more than positive charge leaves the rod. 


Atmospheric electricity. Franklin’s experiments 


About the middle of the eighteenth century the American scientist, 
Benjamin Franklin, came to the conclusion that lightning was a 
gigantic electric spark discharge occurring between two charged 
clouds or between a cloud and the earth. He had previously shown 
that it was possible to draw electricity from clouds by sending up a 
kite during a thunderstorm. The kite was anchored by a length of 
twine tied to a metal key. Attached to the key wasa length of insulat- 
ing silk ribbon which Franklin held in his hand while he stood in a 
doorway to keep the silk dry. After the twine had been wetted by 
rain it became a conductor, and Franklin was able to draw electric 
sparks from the key. 

Being acquainted with point action, Franklin next suggested that 
a vertical insulated iron rod ought to become charged when a thunder- 
cloud passes over it. 

Without realizing the danger to which they were exposing them- 
selves, a number of experimenters successfully tried out this experi- 
ment, using long pointed iron rods set up on the tops of high 
buildings. However, enthusiasm for this kind of research waned after 
the death of the Russian scientist Georg Richmann, who was killed 
in 1753 when his rod was struck by lightning. 


The lightning conductor 


Arising out of the experiments described above, Franklin con- 
sidered that it ought to be possible to protect a building from 
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lightning damage by fixing a long pointed iron rod to the side of the 
building with its lower end buried in the earth. Tests were soon to 
prove the method successful. 

In present-day practice a lightning conductor takes the form of a 
thick copper strip fixed to an outside wall, reaching above the highest 
part of the building and ending in several sharp spikes (Fig. 405). 
When a negatively charged thunder-cloud passes overhead it acts 
inductively on the conductor, charging the points positively and the 
earthed plate negatively. The negative charge on the plate is, of 
course, immediately dissipated into the surrounding earth. At the 
same time point action occurs at the spikes. Negative ions are attracted 
to the spikes and become discharged by giving up their electrons. 
These electrons then pass down the conductor and escape to earth. 
The most important part of the action is, however, the upward 
stream of positive ions (see also page 395). These spread out and 
form what is called a space charge, which has the effect of reducing 
the powerful electric forces existing between the cloud and the build- 
ing. Under these conditions lightning will not normally strike a 
building, but if it should do so the discharge passes harmlessly to 
earth through the thick copper conductor. 

Without the protection of a lightning conductor the lightning 
usually strikes the highest point, generally a chimney, and the current 
passes to earth through the path of least resistance. Considerable 
heat is generated by the passage of the current, and masonry tends to 
split open through the sudden expansion of steam from the moisture 
contained in it. Sometimes the current has been known to find a path 
through soot inside a chimney, and to set it on fire. 


Electric fields 


An electric charge-sets up an electric field in the space surrounding 
it and an electric force is exerted on any charged body placed in the 
field. Electric fields may be represented by electric lines of force. 

An electric line of force is a line drawn in an electric field such that 
its direction at any point gives the direction of the electric field at that 
point. 

The direction of an electric field at any point is the direction of the 
force on a small positive charge placed at the point. 

Michael Faraday went further than this in his idea of lines of 
force and imagined them to have some kind of real existence. This 
does not mean that he thought of them as having a tangible exist- 
ence like elastic cords or springs, but rather that they represent a state 
of strain in the electric field. 

To these lines of force he ascribed the following properties: 


(1) they begin and end on equal and opposite quantities of electric 
charge; 

(2) they are in a state of tension which causes them to tend to shorten; 

(3) they repel one another sideways. 


Faraday used this mind-picture of lines of force to give an explana- 
tion of various electrical experiments. Thus, the attraction between 
two unlike charges is explained by the tension of the lines of force 
joining them. Likewise, the repulsion between two like charges is 
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Fig. 406. Electric lines of force 


caused by the sideways repulsion between their lines of force 
(Fig. 406). 


Faraday’s ice-pail experiments 


A particularly successful application of the properties of lines of 
force has been made in the explanation of Faraday’s ice-pail experi- 
ments on electrostatic induction. These experiments have nothing to 
do with ice, but owe their name simply to the fact that Faraday used 
an empty ice pail as a convenient hollow conductor. 

In the first experiment a positively charged brass sphere B, 
supported by an insulating silk thread, is lowered inside a hollow 
can standing on the cap of a gold-leaf electroscope. A negative 
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Fig. 407. Faraday’s first ice-pail experiment 


charge becomes induced on the inside of the can, and a positive 
charge on the outside of the can and the leaf (Fig. 407 (a)). 

So long as the sphere is well down inside the can and is not allowed 
to touch the can, it may be moved about inside without causing any 
alteration in the divergence of the leaf. When the charged sphere is 
allowed to touch the bottom of the can no change occurs in the leaf 
divergence (Fig. 407 (b)). On removing the sphere it is found to be 
completely discharged, and also there is no longer any charge 
on the inside of the can. It is therefore concluded that the induc- 
ing charge on the sphere has exactly neutralized the opposite 
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induced charge on the inside of the can, and hence the two are equal 
in magnitude. 

This result may be explained in terms of the properties of lines of 
force as follows. Before the sphere is put into the can its lines of 
force spread out in all directions and end on the walls, ceiling, 
furniture and so on of the room. When well down inside the can, all 
the lines of force terminate on the inside of the can. Since lines of 
force begin and end on equal and opposite quantities of charge, it 
follows that a total charge, equal and opposite to that on the sphere, 
must be induced on the inside of the can. Finally, when the sphere is 
allowed to touch the can the lines of force shrink towards the point 
of contact and the charges at their ends neutralize one another. In 
addition to the lines of force inside the can there are other lines which 
arise from the induced positive charge on the outside of the can, 
the leaf and the plate. These will terminate on the earthed case of the 
electroscope, where they induce an equal negative charge. The tension 
in the lines between leaf and case causes the leaf to diverge. 

The second ice-pail experiment is shown in Fig. 408. As in the 
previous experiment, the positively charged sphere B is lowered well 
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Fig. 408. Faraday’s second ice-pail experiment 


down inside the can without touching, and the leaf divergence 
noted. The can and electroscope are now earthed momentarily by 
touching with the finger, with the result that the leaf collapses 
(Fig. 408 (6)). This occurs because the lines of force between the 
earthed case of the electroscope and the outside of the can and the 
leaf have shrunk towards the earthing point and the charges at their 
ends have neutralized one another. 

When the charged sphere is removed from the can the negative 
induced charge inside the can passes to the outside of the can and the 
leaf. Lines of force are now set up between the leaf and the earthed 
case and the leaf diverges by exactly the same amount as it 
did previously (Fig. 408 (c)). This means that the negative 
induced charge must be equal in magnitude to the positive induced 
charge. 

We finally conclude from these experiments that, when all the 
lines of force from an inducing charge terminate on a conductor, the 
two charges induced on the conductor are each equal in magnitude to 
the inducing charge. 


STATIC ELECTRICITY 


To show that equal and opposite charges are produced by 
friction 

Whenever an ebonite rod is rubbed with fur the fur becomes 
charged as well as the ebonite, but with electricity of opposite sign. 
The same remarks apply to the case of glass rubbed with silk, or 
indeed to any pair of substances. Moreover, the two opposite 
charges produced by friction are equal in magnitude. 

Normally it is not easy to show that fur becomes charged, since 
it is a partial conductor owing to the slight amount of moisture in it 
and so the charge leaks away through the hand. However, it is 
possible to show that the charge on the fur is equal and opposite to 
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Fig. 409. Testing the equality of charges produced by friction 


that on the rod if special precautions are taken, as in the following 
experiment (Fig. 409). 

An ebonite rod is discharged completely by drawing it quickly 
through air above a gas flame and afterwards it is fitted with a small 
fur cap to which an insulating thread of silk is attached (Fig. 409 (a)). 
The rod is then held in one hand while the cap is rotated several 
times round the rod by means of the silk thread. This causes both 
rod and cap to become charged by friction. The capped end of the 
rod is now placed inside a metal can standing on the cap of a gold- 
leaf electroscope, and it is observed that no divergence of the leaf 
occurs (Fig. 409 (6)). This implies that, either: 


(i) there is no charge on either the rod or the fur cap; or 
(ii) the rod and fur cap possess equal and opposite charges. 


Condition (ii) is shown to hold in this case by removing the rod 
and leaving the fur cap inside the can (Fig. 409 (c)). Immediately, 
the leaf diverges, indicating that, when both rod and cap were 
together inside the can, they possessed equal and opposite charges 
which exactly neutralized one another. 


QUESTIONS: 32 
1. State what happens and interpret the results in the following: 


(a) The cap of an uncharged electroscope is approached by a rubbed 
ebonite rod which is then removed. 
(6) The rubbed ebonite rod is “rolled” on the cap and then removed. 
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After treatment of the electroscope as in (6): 

(c) A rubbed glass rod approaches the cap. 

(d) An earthed metal plate is held close to the cap. (S.) 
2. State what happens under the following conditions: 

(i) An ebonite rod is rubbed with fur. 

(ii) The rod is held near a brass ball mounted on a glass stand. 

(iii) The ball is touched momentarily with a finger while the rod is still 

held near. 

(iv) The rod is removed. 

Show how you would use this procedure to charge a gold-leaf electro- 
scope positively. How would you then use the electroscope to arrange a 
number of substances in order of their conducting ability. (L.) 

3. Describe the construction of the gold-leaf electroscope. 

Given a gold-leaf electroscope, an ebonite rod and fur, explain how you 
would use them: (a) to detect the presence of electrostatic charge on another 
body; (6) to find the sign of that charge. (0.C.) 
4. Describe a gold-leaf electroscope and a method by which you could give 
it a permanent positive charge. State and explain what happens when the 
following are placed, in turn, near the plate of the charged electroscope: 
(a) a glass rod rubbed with silk; (6) an ebonite rod rubbed with fur; 
(c) an uncharged metal rod. (L.) 
5. Explain the term electrostatic induction and briefly describe and explain 
one practical application. 

An uncharged metal box with a hole in the top stands on the top cap of a 
gold-leaf electroscope. Describe and explain the behaviour of the leaves 
when an insulated positively charged conductor is lowered into the box 
through the hole and: (a) the box is temporarily earthed after which the 
metal conductor is withdrawn; (6) the box is not earthed but the conductor 
is allowed to touch the inside of the box and is then withdrawn. 


State the final sign of charge on the leaves in each case. (0.C.) 
6. Sketch the electric field in Fig. 410. A is a positively charged spherical 
conductor and B is an earthed metal plate. (J.M.B.) 


7. Describe a gold-leaf electroscope and explain how you would charge one 
negatively. 

How would you use a gold-leaf electroscope to investigate the distribu- 
tion of charge over the surface of an isolated, charged, pear-shaped 
conductor? State what result you would expect to find. 

Describe one practical use which is made of the discharging action of a 
sharp point. (L.) 
8. What is meant by electrostatic induction? 

Given two equal metal spheres on insulating supports, an ebonite rod and 
a piece of fur, describe and explain how you would: (a) charge a sphere 
negatively by induction; (6) charge one sphere positively and the other 
negatively to the same extent. 

In the last case describe the experiments you would perform and any 
additional apparatus you require to prove the correctness of your procedure. 

Illustrate your answers by diagrams. (0.C.) 


9. (a) Describe and explain what happens when a charged rod is brought 
near a pith ball suspended by a dry silk thread. 

(6) Why has one end of a lightning conductor a sharp point? Describe 
a laboratory experiment to support your explanation. (J.M.B.) 


10. Give a labelled diagram of a gold-leaf electroscope. Explain how you 
would: (a) charge it by induction; (6) use it to show that the charge on a 
hollow conductor is situated on the outer surface. 

You are given two insulated charged conductors of different shapes, an 
electroscope and a metal can of suitable size. Explain how you would 
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determine without discharging the conductors whether they carry like or 
unlike charges, and which of them carries the greater charge. (0.C.) 
11. Describe the gold-leaf electroscope, and show how it can be used to 
determine the sign of an electric charge. 

If you were provided only with a rod bearing a negative charge, how 
would you charge the electroscope: (a) negatively, and (5) positively? 

Describe an experiment which shows that, when charges are separated 
by friction (as, for example, when an ebonite rod is rubbed with fur), 
equal quantities of electricity of opposite signs are obtained. (0.) 
12. Describe an electrophorus and show how a positive charge can be 
obtained from it. 

An insulated brass sphere is given a positive charge from an electro- 
phorus. What happens if it is then brought into contact with: (a) the outside, 
and (6) the inside, of an insulated hollow conductor? How would you 
demonstrate the truth of your answers? (L.) 
13. Explain the nature of the charge on a gold-leaf electroscope if the 
divergence of the leaf is observed to decrease when an ebonite rod which 
has been rubbed with fur is brought towards the cap. Explain, also why, if 
the rod is brought still nearer to the cap, but without touching it, the 
divergence will first decrease to zero and then increase again. (L., partqn.) 
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Potential difference 


In the previous chapter we learned that when a negatively charged 
conductor is connected to earth electrons (negative charges) flow 
from the conductor to earth. Similarly, in the case of a positively 
charged conductor there is a momentary flow of electrons from earth 
to the conductor. This movement of electricity takes place because 


Heat flow 
— 


Hot 


(a) Pressure difference (b) Temperature difference 
causes flow of liquid causes flow of heat 
Positive Negative 


potential potential 


Electron Electron 
I flow flow 


Earth at zero potential 


(c) Potential difference causes 
flow of electrons 
Fig. 411. Potential compared with temperature and pressure 


there is a difference of potential between the conductors and the earth. 
We may therefore think of potential difference as being the electrical 
condition which governs the direction of flow of electricity from one 
point to another. In this sense, potential difference may be compared 
with temperature difference, which determines the direction in 
which heat will flow through a solid, or with pressure difference, 
which determines the direction in which water will flow between 
two communicating vessels (Fig. 411). 
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Earth at zero electric potential 


When making measurements of electric potential it is necessary 
to choose a convenient zero level of potential, in just the same way 
that we choose the melting-point of ice as a suitable zero for tem- 
perature measurement. 

In practice, we take the earth itself as being at zero potential. This 
is purely a matter of convenience. It does not mean that the earth 
has no electrical charge, any more than to say that pure melting ice 
is at 0°C implies that ice contains no internal energy. Actually the 
earth has a negative charge, but this is so large that any charge given 
to or taken from it by man has a negligible effect. 


Absolute zero of potential 


On page 191 we explained the meaning of the absolute zero of 
temperature and showed how it was related to 0°C. Similarly, in 
electricity we think of an absolute zero of potential. This is taken to 
be the potential of all points at infinity. 


Potential gradient 


In Fig. 411 the conductor A has a positive charge and a positive 
potential, while conductor B has a negative charge, and hence a 
negative potential. If A and B are connected to earth electrons will 
flow from earth to A and from B to earth until both A and B are at 
earth potential. 

Since the potential of A is above earth potential, while that of B 
is below earth potential, it is clear that electrons tend to move from 
one place to another where the potential level is higher. In other 
words, electrons tend to move up the potential gradient. On the other 
hand, if positive charges were able to move they would tend to move 
down the potential gradient. In using the word gradient we are treat- 
ing potential as a kind of electric level, just as we refer to the gradient 
on a road when it goes uphill or downhill. 

In spite of what we have just said about the potentials of A and B, 
it must not be assumed that positive and negative charges always have 
positive and negative potentials respectively. A charged conductor 
not only has a potential due to its own charge but also a potential 
due to the presence of other charges which may be in its neighbour- 
hood. A charge raises (or lowers, as the case may be) the potential of 
all points in its neighbourhood by an amount which decreases with 
distance from the conductor. It is therefore possible for a positively 
charged conductor to have a negative potential if another conductor 
with a large enough negative charge happens to be near by. 


Potential and the gold-leaf electroscope 


In the previous chapter we looked upon a gold-leaf electroscope 
as an instrument chiefly for the purpose of indicating the presence 
or sign or an electric charge, or for making a rough measurement 
of quantity of charge. Actually, the leaf divergence of a gold-leaf 
electroscope indicates that there is a potential difference between the 
leaf and case. 

Fig. 412 (@) illustrates the normal use of an electroscope to test 
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Fig. 412. The gold-leaf electroscope indicates potential difference between 
leaves and case 


for the presence of charge. The positive charge held above the cap 
raises the potential of the cap and leaf, while the potential of the 
case remains at zero, since it is earth-connected. The resultant 
difference of potential between leaf and case causes the leaf to diverge. 

In Fig. 412 (6) the electroscope has been placed upon a slab of 
paraffin wax so that the case is insulated while the cap and leaf 
are earth-connected. If, say, a negative charge now is brought near 
the case, the potential of the case is lowered while that of the leaf 
remains at zero. Once more a potential difference has been set up 
between leaf and case, and so the leaf diverges. 

A third experiment is illustrated in Fig. 412 (c). This time the 
case is left standing on the wax slab and the cap and case are joined 
by a piece of copper wire. It is now impossible to cause the leaf to 
diverge, either by bringing near a charged rod or even by charging 
leaf and case by induction. Since leaf and case are connected together, 
they will always be at the same potential. 


Insulating 


Potential over the surface of a charged conductor 


Where static electricity is concerned, the potential is the same all 
over a charged conductor, no matter how the charge or charges may 
be distributed over it. Thus, in the experiment illustrated in Fig. 413 (a) 
the negatively charged rod produces a potential difference between 
the ends of the insulated conductor AB. Immediately, however, 
this potential difference causes some free electrons in the conductor 
to move towards the end B, with the result that the potential 
becomes equalized all over the conductor. 

This fact may be tested by attaching a length of copper wire to the 
cap of an electroscope. The wire is then wound once or twice round a 
polythene rod to serve as an insulating handle, and the free end of 
the wire is moved all over the surface of the conductor. No matter 
where the wire touches the surface of the conductor, the leaf diver- 
gence remains the same, showing that the potential is the same all 
over the surface. 

In the same manner it may be shown that the potential is every- 
where the same over the surface of a charged pear-shaped conductor 
(Fig. 413 (b)). The reader should compare this experiment very care- 
fully with the experiment to investigate the distribution of charge 
over the surface of such a conductor, described on page 392. The two 

(b) experiments make it clear that, although the charge is unequally dis- 
Fig.'413: Potential is the same all over tributed, the potential is uniform over the surface. (See also Fig. 414). 
the surface of a charged conductor It is important to understand the two different methods of using 
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the electroscope in these experiments. When charge is transferred 
to the electroscope by means of the proof plane the leaf potential, 
and hence its divergence, will depend on the quantity of charge 
transferred. Since the capacitance (see below) of the electroscope is 
constant, its potential, and hence its leaf divergence, will be a measure 
of the charge placed on it. 

On the other hand, if the electroscope is connected to a conductor 
by a wire the two effectively become a single conductor, and the leaf 
divergence will indicate their common potential. 


The potentials are the 
same on both inside 
and outside surfaces 
of a hollow charged 
conductor 


++ + + + 
+++ +t + 


Paraffin wax 
Fig. 414. 


Capacitance 


If equal quantities of water are poured into vessels of different 
diameters the water will come up to different levels in each. Similarly, 
when equal charges are given to conductors of different sizes they 
will acquire different potentials. This may be demonstrated by stand- 
ing two unequal metal cans on the caps of two identical electroscopes 
(Fig. 415 (a)). The cans are given equal charges of Q units from an 
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Fig. 415. 
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electrophorus disc. The charged disc is lowered inside a can until it 
touches the bottom. In this way the whole of the charge is given up to 
the can and goes to the outside. It will be noticed that the leaf diver- 
gence is greater for the small can, showing that it has acquired a 
higher potential than the large can. The large can is said to have a 
bigger capacitance. 

When the two cans are joined by a wire electricity flows from the 
small can to the large one until the potentials become equalized 
(Fig. 415 (b)). This may be compared with the equalization of water 
levels in two vessels which are connected through a pipe. 

Fig. 416 illustrates an experiment to show that the capacitance of a 
metal plate depends on its surface area. The conductor in this case 


Charged 

tinfoil blind Leaf divergence 
decreases as 
tinfoil blind is 
unrolled 


Fig. 416. Capacitance depends on area of a conductor 


takes the form of a tinfoil blind which is supported on an insulating 
roller. 

The blind is connected to an electroscope by means of a wire and 
is then given a charge. The leaf divergence indicates the potential 
of the blind. If the blind is now unrolled the leaf divergence, and hence 
the potential, is seen to decrease. Since the charge has remained 
unaltered, it follows that, as the area increases, the capacitance of 
the blind increases. 

The capacitance of a conductor is defined as the ratio of its charge 
to its potential 

___ charge 
or capacitance = potential ntial 


Electric charge (or quantity of electricity) is measured in units 
called coulombs (C), while potential is measured in yolts (V). Both 
of these units are also used in connection with current electricity 
(pages 425-6). 

The unit of capacitance, called the farad (F), is defined as the 
capacitance of a conductor such that a charge of 1 coulomb changes its 
potential by 1 volt. 


Capacitance in electric machines 


During the eighteenth century a large variety of electric machines 
were constructed, mostly consisting of glass globes or plates which 
were rotated against rubbing pads or even the human hand. These 
machines were capable of producing a succession of small sparks, 
but later it was discovered that much fatter sparks could be obtained 
if the charge was collected on a long iron rod placed near the 
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machine. A rod such as this was called a prime conductor. Its function 
was simply to provide extra capacitance so that a much larger charge 
could be collected at the same potential before sparking occurred 
(Fig. 417). 

In 1746, the Dutch physicist, Pieter van Musschenbroek, was 
experimenting to see if electricity could be kept in a bottle of water, 
when he stumbled on a method for storing a large quantity of electri- 
city in a very small space. Briefly, he had a wire hanging from the 
prime conductor of an electric machine and dipping into a bottle 
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Fig. 417. An eighteenth-century improvement to 
electric machines 


of water held in one hand. After working the machine for a short Brass wire 


time he touched the wire with the other hand and immediately 
received a shock which “shook him like a thunderbolt”. 

This bottle later came to be known as the Leyden jar. In its modern 
form the Leyden jar is simply a bottle with coatings of metal foil 
inside and out (Fig. 418). Bottles such as this were soon to replace 
prime conductors on electric machines. Two Leyden jars may be seen 
in the picture of the Wimshurst machine in Fig. 401. = 

The action of the jar will be understood after reading the next (a) Original Leyden jar 
section. (1746) 


The parallel-plate capacitor 


A flat metal plate, A, is set up vertically on insulating legs and is 
connected to a gold-leaf electroscope by means of a wire. The plate 
is then given a positive charge by induction with a negatively 
charged ebonite rod. The divergence of the leaf indicates the potential 
of the plate (Fig. 419 (a)). 

A second insulated plate B is now brought up slowly into a position 
parallel to A. When Bis very close to A but not touchingit, it will be 
noticed that the leaf divergence decreases very slightly. We conclude 
from this that the potential of A has been decreased by the presence czar 
of B, and hence its capacitance has increased slightly (Fig. 419 (6)). (b) Modern Leyden 

This has been brought about as follows. The positive charge on A jor 
induces equal and opposite charges on opposite sides of B. These Fig. 418. 
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induced charges will respectively raise and lower the potential of all 
points in their neighbourhood and, in particular, they will affect the 
potential of plate A. As far as A is concerned, however, the negative 
induced charge will have the greater effect, since it is closer to A than 
the positive charge. The net result is that the potential of A is slightly 
reduced. 

Bis next earthed either by touching it with the finger or by connect- 
ing it to the nearest cold-water pipe (Fig. 419 (c)). Immediately the 
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Fig. 419, Demonstrating the principle of a capacitor 


leaf shows a big decrease in divergence. This implies a big decrease 
in potential, and hence a big increase in the capacitance of A. 

When B was earthed its positive induced charge disappeared. 
Previously this charge was helping to raise the potential of A. Now, 
only the negative induced charge remains and acts alone to cause a 
big decrease in the potential of A. 

The presence of the earthed plate B therefore results in a very 
large increase in the capacitance of A. 

Any arrangement of two conductors such as these two metal 
plates, placed close together, is called a capacitor or condenser. 


Factors affecting the capacitance of a parallel-plate 
capacitor 


The three factors which affect the capacitance of a parallel-plate 
capacitor are the area of the plates, the distance apart of the plates 
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and the nature of the insulating material or dielectric between them. 
These factors may be investigated by the following experiments. 


(1) Area of plates 


The effect of altering the area of the plates may be demonstrated 
by setting up a charged insulated plate connected to an electroscope, 
alongside an earthed tinfoil roller blind, as illustrated in Fig. 420. 
The tinfoil is slowly unrolled and the leaf divergence noted. 
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Fig. 420. Capacitance depends on effective area of plates 


As the blind is unrolled, the leaf divergence progressively decreases. 
An increase in the effective area of the plates is therefore seen to 
bring about a decrease in potential difference between the plates, 
and hence an increase in capacitance. 


(2) Distance apart of the plates 


A parallel-plate capacitor is set up as shown in Fig. 421 (a), one 
plate being earthed and the other connected to an electroscope and 
charged. The distance apart of the plates is now varied, and the 
effect of this on the leaf divergence noted. It is found that the closer 
the plates are together, the smaller is the divergence, and hence the 
lower the potential. It follows that the capacitance increases as the 
plates are moved closer together. 


(3) Dielectric between the plates 


The plates of the charged capacitor are placed a suitable fixed 
distance apart and slabs of various materials of equal thickness, 
e.g., polythene, glass, paraffin wax, etc., are placed in turn, between 
the plates (Fig. 421 (b)). In every case a decrease in the leaf divergence 
is noticed. As before, this indicates a decrease in potential, and hence 
an increase in capacitance. 

An insulating medium used between the plates of a capacitor is 
called a dielectric. 

The relative permittivity or dielectric constant of a medium is defined 
as the ratio of the capacitance of a given capacitor with the medium 
as dielectric to the capacitance of the capacitor with a vacuum as the 
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(a) Variable capacitor 
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dielectric. Paraffin wax has a relative permittivity of about 2, while 
that of mica used in high-class radio capacitors is about 8. 


The Leyden jar 


We are now in a position to understand why Musschenbroek 
received so severe a shock from the Leyden jar described on page 409. 
His hand, holding the outside of the bottle, acted as an earthed 
conductor separated by a glass dielectric from the conducting water 
inside. The arrangement thus formed a capacitor. Later on, the use 
of water inside the jar was abandoned and the inside and outside of 
the jar were covered with lead foil to serve as the two conductors. 
The outer covering is automatically earthed when the bottle stands 
ona table. Fig. 418 (6) illustrates the construction of a modern form 
of Leyden jar. 

Leyden jars were used a great deal in eighteenth-century electrical 
experiments. During this period, electrical demonstrations became a 
popular form of entertainment. Rats and mice were killed and gun- 
powder and alcohol ignited by electric spark discharges. On one 
occasion in France the Abbé Nollet demonstrated the conducting 
properties of the human body by discharging a Leyden jar through 
a battalion of Guardsmen joined hand to hand. On a subsequent 
occasion the same experiment was repeated at a monastery in Paris. 
This time the human chain was formed by obedient monks. It is 
reported that they all leapt some distance into the air. 

Nowadays, Leyden jars are rarely found in use outside elementary 
teaching laboratories, but they were used in the early days of wire- 
less telegraphy in connection with morse transmitters. 


Practical capacitors 


Capacitors play a very important part today in various electrical 
circuits, especially radio circuits. For practical purposes, capacitance 
is measured in microfarads (uF). A microfarad is a millionth part 
of a farad (page 408). 

Three common types of capacitor are illustrated in Fig. 422. 
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Fig. 422 (a) shows a variable capacitor of the kind used for tuning 
radio sets. It consists of two sets of semicircular aluminium or brass 
plates separated by air. One set of plates is fixed and the other is 
rotated by a knob to alter the effective area of the plates. 

Fig. 422 (6) illustrates the Mansbridge capacitor. It contains two 
long strips of tinfoil separated by thin waxed paper or polyester 
film. These are rolled up and sealed inside a metal box to prevent 
the entry of any moisture which would spoil the insulation. 

Fig. 422 (c) shows the construction of the “dry” electrolytic capaci- 
tor. This takes the form of two sheets of aluminium foil separated 
by muslin soaked in a special solution of ammonium borate. These 
are rolled up and sealed in an insulating container. Wires attached to 
the foil strips are then connected to an electric battery. Electrolysis 
(page 450) takes place and a thin film of aluminium oxide forms on 
the positive foil. This film is highly insulating, and so the combina- 
tion now forms a capacitor in which the oxide film acts as the dielec- 
tric. Owing to the extreme thinness of the film, very large capacitances 
which take up very little space may be obtained by this method. 
obviously it is important to use this type of capacitor under conditions 
in which the oxide-covered foil never becomes negative with respect 
to the other foil. 


QUESTIONS: 33 


1, Draw and label a gold-leaf electroscope. What does such an instrument 
measure? (S.) 
2. Define capacitance of an electrical capacitor. On what factors does its 
value depend, and how do they affect it? 

Describe an experiment to illustrate how the capacitance depends upon 
one of the factors given and explain how the experiment does so. 

Describe the construction of one type of capacitor in common use. 

(L.) 
3. Define capacitance of a parallel plate capacitor. 

Describe experiments to show the effect of the capacitance of such a 
capacitor by: (a) reducing the area of one plate; (6) reducing the distance 
between the plates; (c) placing a sheet of insulating material between the 
plates. 

4. A flat plate is placed on the cap of an electroscope which is then given a 
permanent charge. A second plate held in the hand is brought close to the 
first plate. Explain what happens to the gold leaf and how the capacitance 
of the arrangement has been altered. (L., part qn.) 

5. With the aid of diagrams, briefly describe two different types of capacitor. 

Two small insulated spheres of unequal size possess equal charges. 
How would you: (a) show that the charges were equal; (6) compare the 
potentials of the spheres? 

6. (i) The palm of a hand is held close to the plate of a charged gold-leaf 
electroscope and slowly moved across it. State and explain what happens. 

(ii) A gold-leaf electroscope stands on a block of paraffin wax and the 
plate is earthed. State and explain what happens when a rubbed ebonite 
rod is held close to the normal earthing terminal. 

(iii) How could you demonstrate that induced positive and negative 
charges are equal? (S.) 
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Fig. 423. Galvani's experiment with a 
frog's leg 


Towards the end of the eighteenth century, Luigi Galvani, Professor 
of Anatomy at Bologna University in Italy, published a book 
describing a series of investigations he had made on the subject 
of “animal electricity”. In this book he described how a freshly 
dissected frog’s leg could be thrown into muscular convulsions, 
simply by connecting the foot and the exposed nerves through a 
length of copper and iron wire (Fig. 423). It had been known for a 
long time that the muscles of dead animals could be caused to con- 
tract by means of an electric shock from a machine or Leyden jar, 
and therefore it was suggested that some source of electricity might 
be responsible for the contractions of the frog’s leg. 

Galvani himself was of the opinion that the muscle and nerve 
acted like a kind of charged Leyden jar and that discharge took place 
when they were joined by the copper and iron wires. His fellow 
countryman, Alessandro Volta, could not agree with this but believed 
that the two dissimilar metals were more important than the leg. Sub- 
sequently, Volta did some experiments to show that electricity was 
produced when two different metals were separated by various non- 
animal liquids and these practically settled the matter in his favour. 


The voltaic pile 


To support his views Volta constructed a pile of pairs of silver and 
zinc discs separated by discs of cardboard soaked in brine (Fig. 
424 (a)). On touching the top and bottom discs simultaneously he 
received an electric shock. Further experiments showed that similar 
results could be obtained with other metals in conjunction with 
solutions of various salts and acids. 

One disadvantage of the voltaic pile was that the weight of the 
discs squeezed out the liquid from the cardboard so that it ran down 
the outside and put the pile out of action. Volta solved this problem 
by making large numbers of small cells consisting of strips of zine 
and either silver or copper dipping into dilute sulphuric acid. The 
zinc plate of one cell was then connected by a copper wire to the 
copper plate of the next, and so on, forming what Volta called “a 
crown of cups” (Fig. 424 (b)). Nowadays we should call it a battery 
of simple cells. With such a battery consisting of a hundred or more 
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cells, a tingling sensation was felt when the free copper and zinc 
plates of the end cells were touched simultaneously by the fingers. 
Volta inferred from this that an electric current flowed from one 
plate to the other when they were connected through a conductor 
such as the human body or a metal wire. 
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(a) Fig. 424. The voltaic pile and simple cells 


The condensing electroscope 


Volta was able to show that the copper plate of a simple cell was 
charged positively and the zinc plate negatively by means of the 
condensing electroscope. This was an instrument which he had 
designed for the purpose of detecting very small potential differences. 
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Fig. 425. Showing the pressure of a small potential difference with a condensing 
electroscope 


Tt comprises a gold-leaf electroscope, the cap of which is a flat brass 
disc somewhat larger than usual, and on top of this is placed a 
similar disc which is connected to earth. The two discs are insulated 
from one another, either by a layer of shellac varnish on the upper 
disc or else by a thin sheet of waxed paper or polyester film placed 
between them. The arrangement forms a parallel-plate capacitor and 
an electroscope combined (Fig. 425). 
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Fig. 426 Action of the simple cell 


The upper and lower discs of the condensing electroscope are con- 
nected respectively to the zinc and copper plates of a simple cell by 
lengths of copper wire. In order to avoid earthing the electroscope 
disc, the wire from the copper plate should be wrapped once or 
twice round an alkathene rod and the latter used as an insulating 
handle for the purpose of moving the wire. Having thus charged 
the capacitor to the small potential difference which exists between the 
simple cell plates, the wires are removed. The earthed disc is now 
taken away. This reduces the capacitance of the electroscope, and 
so the charge on it is able to raise it to a potential sufficiently high 
to cause the leaf to diverge. On testing with a glass rod rubbed with 
silk, an increased divergence shows that the charge obtained from 
the copper plate is positive. 

If the experiment is repeated with the cell connections reversed 
it may be shown that the charge on the zinc plate is negative. 
Incidentally, this experiment confirms that current electricity and 
static electricity are one and the same thing in different forms. 


Action of the simple cell 


Although Volta found that various metals and salt or acid solu- 
tions could be used to make a simple cell, it is customary today to 
regard a simple cell as being composed of a plate of copper and a 
plate of zine dipping into dilute sulphuric acid (Fig. 426). 

When the copper and zinc plates of a simple cell are joined by a 
wire the zinc slowly begins to dissolve in the sulphuric acid, and 
bubbles of hydrogen are formed on the copper plate. At the same 
time a current of electrons drifts through the wire from the zinc to the 
copper. 

This action may be explained as follows. Pure sulphuric acid has 
the chemical formula H,SO,, but when added to water the SO, 
group of atoms separates from the two hydrogen (H) atoms, taking 
two electrons with them, one from each hydrogen atom. The hydrogen 
atoms therefore have a net positive charge. In this electrically 
charged condition the atoms or groups of atoms are referred to as 
ions. The ionization of sulphuric acid in water can be represented by 


H,SO, = 2H* + SO,?- 


As zinc atoms dissolve from the zinc plate they go into solution 
in the form of zinc ions, Zn?*, each of which leaves two electrons 
behind on the plate. These electrons are the source of the electron 
current which goes through the wire from the zinc to the copper. 
We may think of the zinc ions as being attracted into the solution 
by the SO,?~ ions. From the chemical point of view this would be 
described by saying that the zinc dissolves in the sulphuric acid to 
produce zinc sulphate. 

Normally, when zinc dissolves in acid, internal molecular energy 
is produced and thesolution gets warm. In the simple cell the action of 
the acid on the zinc results in the production of electric energy instead. 

At the same time as the zinc ions enter the solution from the zinc 
an equivalent number of hydrogen ions leave the solution and 
deposit themselves on the copper plate. Here they each receive an 
electron from the copper, become neutral atoms and are liberated 
to form gas bubbles. 
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By losing electrons in this way the copper becomes positively 
charged, and this enables it to attract electrons from the zinc 
through the connecting wire. This movement of electrons through the 
wire is called an electric current. 


Conventional direction of an electric current 


When the simple cell was discovered in the year 1800 its action 
was not understood, and scientists had no way of finding out in 
which direction the current flowed. They therefore decided to adopt 
the convention of regarding the current as a flow of positive elec- 
tricity from the copper to the zinc. 

Although, as explained above, we now have good reason to believe 
that current is a flow of negative electrons from zinc to copper, yet 
we still retain the old convention. In all direct-current circuit dia- 
grams an arrow is therefore placed on the wires to indicate that the 
conventional current flows from the positive terminal of a cell 
towards the negative terminal. 


Electromotive force 


Any device such as a cell or dynamo which is able to drive an 
electric current round a circuit is said to possess electromotive force 
(e.m.f.). Electromotive force which is measured in volts is defined on 
page 426. 

For the time being, however, we may regard the e.m.f. of a cell as 
being equal to the potential difference across its terminals when it is 
not producing current in a circuit. For practical purposes the e.m.f. 
of a cell is measured by connecting a voltmeter (page 429) to its 
terminals. 


Faults of a simple cell 


(1) Polarization 

When a simple cell is in use it is found that the current quickly 
falls to a very small value. This defect results from the formation 
of a layer of hydrogen bubbles on the copper plate and is called 
polarization. The hydrogen layer weakens the current for two reasons. 
First, the hydrogen layer sets up a “back e.m.f.” in the cell in 
opposition to that due to the copper and zinc; secondly, the gas 
partially insulates the plate, and hence increases the internal resistance 
of the cell (page 432). 


(2) Local action 

If the zinc used in the simple cell is of the impure commercial 
variety bubbles of hydrogen will be seen coming off the zinc. This 
is called local action, and must not be confused with polarization, 
which is the name given to the formation of hydrogen bubbles on 
the copper plate. 

Local action is caused by the presence in the zinc of small impuri- 
ties such as iron or carbon which set up tiny local cells at the zinc 
surface. Bubbles of hydrogen are given off from the impurity and the 
surrounding zinc slowly dissolves in the acid. This serves no useful 
purpose and merely wastes the zinc. 
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Fortunately, the trouble can easily be prevented by cleaning the 
zinc in sulphuric acid and then rubbing a small globule of mercury 
over the surface with a small piece of cotton wool. The mercury 
dissolves pure zinc out of the plate and forms a bright coating of 
zinc amalgam all over the surface. Local action will not now occur, 
since the amalgam covers up the impurities and prevents them from 
coming into contact with the acid. 


To study the simple cell 


A plate of copper and a plate of zinc, each fitted with a terminal, 
are dipped into a beaker containing very dilute sulphuric acid, and 
both plates are carefully examined. So long as the plates are not 
allowed to touch, no action will be observed at the copper plate. 
Owing to local action, however, hydrogen bubbles will generally be 
observed on the zinc. If this is the case the zinc should be taken out, 
amalgamated with mercury as described in the last paragraph and 
then returned to the cell. 

When the terminals of the cell are joined by a length of copper 
wire hydrogen bubbles begin to form on the surface of the copper. 
The same thing happens if the plates are allowed to touch either out- 
side or inside the acid. 

The electromotive force of the cell may be measured by connecting 
a voltmeter to the cell terminals, but before taking a reading the 
copper plate should be wiped clear of hydrogen bubbles. The e.m.f. 
of a simple cell is slightly less than 1 V. 

If a small pocket-lamp bulb is connected to the terminals of the 
cell its filament will glow dully for a few moments and then go out. 
Once more, hydrogen bubbles will be seen on the copper plate, and 
if a voltmeter reading is taken the terminal potential difference will 
be seen to have fallen to about 0-2 V. 

The original e.m.f. of the cell may be restored by removing the 
hydrogen bubbles from the copper plate by vigorous brushing with 
a small paint brush, but it is much better to add a depolarizing agent 
to the cell. Potassium dichromate is suitable for this purpose, and 
it acts by oxidizing the hydrogen to form water. When a little 
potassium dichromate solution is added to the acid the hydrogen 
bubbles rapidly disappear and the original e.m.f. is restored. At the 
same time the lamp begins to glow continuously. 


The Daniell cell 


Following the discovery of the simple cell came the invention of 
various electric cells in which polarization was eliminated. Of the 
numerous cells devised, one of the earliest to become of practical 
importance was the Daniell cell, invented in 1836 by John Daniell, 
Professor of Chemistry at King’s College, London. Fig. 427 illustrates 
a common type of Daniell cell used in laboratories. It consists of a 
copper can filled with saturated copper sulphate solution. Standing 
inside this is a porous earthenware pot containing a zinc rod sur- 
rounded with either zinc sulphate solution or dilute sulphuric acid. 
The copper can serves not only as a container but also as the positive 
plate or pole of the cell. 

When the terminals of the cell are joined by a wire, then in accord- 
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ance with convention, an electric current is said to flow from the 
copper to the zinc. Strictly speaking, the current is a flow of electrons 
(—ve charge) from the zinc to the copper. 

Polarization does not occur in a Daniell cell for the simple reason 
that copper and not hydrogen is deposited on the copper can. This 
deposition of copper causes the copper sulphate solution to become 
more dilute. If, therefore, the cell is to be used for any length of time 


Copper sulphate crystals 
Perforated shelf 


Copper sulphate solution 


Porous pot 
Zinc sulphate solution 
Zinc rod (-) 


Fig. 427. Daniell cell 


copper sulphate crystals are placed on a perforated shelf inside the 
can to keep the solution in a saturated condition. Incidentally, 
Daniell was the first to use amalgamated zinc for preventing local 
action. 

The main advantage of a Daniell cell is that it keeps a very steady 
e.m.f. of 1-1 V, and so can be used as a standard of e.m.f. 

The disadvantage is that it has to be made up freshly each time 
it is used, If the cell is allowed to stand without supplying current 
copper sulphate solution tends to diffuse through the porous pot 
and spoils the zinc rod with a deposit of copper. 


The Leclanché cell 


This cell, which has an e.m.f. of about 1-5 V, was invented by 
Georges Leclanché about 1865 and rapidly came into use for working 
electric bells and telegraphs (Fig. 428). 

Its positive pole is a carbon plate surrounded by a depolarizing 
mixture of powdered carbon and managanese dioxide in a porous 


Pitch 


Glass jar 
Zine rod (-) 
Porous pot 


Ammonium chloride solution 
Carbon rod (+) 


Mixture of carbon and 
manganese dioxide 


Fig. 428. Leclanché cell 
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pot. This, together with a zinc rod, is placed inside a glass jar con- 
taining a solution of ammonium chloride (sal ammoniac). As it 
evaporates, the sal ammoniac tends to form small crystals which 
“creep” up the sides of the jar, but this is discouraged by painting 
the upper part of the jar with a special black wax paint to which the 
crystals will not adhere. 

Polarization by the hydrogen atoms is prevented by the manganese 
dioxide which oxidizes the hydrogen to form water. One disadvantage 
of this cell is that the depolarizing action of the manganese dioxide 
is slow, so that if a large current is taken from the cell the manganese 
dioxide cannot oxidize the hydrogen as fast as it is formed. Some 
polarization then takes place and the e.m.f. of the cell falls. If the 
cell is allowed to rest for a time the depolarizing action continues 
to completion and the original e.m.f. is restored. 

For this reason, the Leclanché cell is unsuitable for maintaining a 
steady current over a long period. It is, however, ideal for working 
electric bells and other purposes where only an intermittent current 
is required. With the occasional addition of water to make up for 
loss by evaporation, Leclanché cells will run for very long periods 
without attention. 


The dry cell 


The dry cell is a form of Leclanché cell in which the ammonium 
chloride solution is replaced with a jelly composed of starch, flour 
and ammonium chloride (Fig. 429). The positive element consists of a 
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Fig. 429. Dry cell 
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carbon rod surrounded by a core of a compressed mixture of 
manganese dioxide and carbon. This is placed inside a zinc can and 
the space between filled with the ammonium chloride jelly. The 
zinc can also act as the negative element. The jelly is prevented from 
drying up by sealing the top of the cell either with pitch or else by 
means of a metal disc insulated from the can by a fibre washer. 
Cells of this type have a much shorter recovery time than the “wet” 
type and are used for a great variety of purposes. 

Owing to local action which cannot be entirely prevented, they 
slowly deteriorate when not in use. Modern cells, however, have a 
“shelf life” of months or even years if stored in a cool place. 
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Primary and secondary cells 


The cells so far described in this chapter are known as primary 
cells. In such cells the current is produced as a result of non-reversible 
chemical changes taking place between its various components, When 
all the zinc has been used up the cell cannot be restored to its original 
condition by passing a charging current through it in the reverse 
direction. 

In contrast with primary cells there is another class of cells called 
secondary cells. These can be recharged after they have run down by 
passing a current through them from a dynamo or other source of 
current. They are also known as storage cells or accumulators, and the 
two most important types are the lead-acid cell and the nickel- 
cadmium alkaline cell. One of the main advantages of a secondary 
cell is that it has a low internal resistance and hence can give a large 
current with very little drop in terminal potential difference (page 432). 


The lead-acid cell 


Two plates of lead are immersed in a glass vessel containing dilute 
sulphuric acid, and a current of about 2 A is passed between them 
from a battery in series with a rheostat (page 427) and an ammeter. 
After a time the plate at which the current enters the cell turns a deep 
chotolate brown colour, owing to the formation of a layer of lead 
dioxide (PbO,) on its surface. 

The cell is now disconnected from the circuit and connected to a 
small 2V electric lamp. The lamp will glow for a short time as the 
cell sends a current through it in the reverse direction to that of the 
charging current. 

In the year 1860, Gaston Planté, who was then twenty-six years of 
age, utilized this principle in the design of the first practical form of 
storage cell. He found that if the charging and discharging process 
was carried out a great number of times the thickness of the lead 
dioxide layer gradually increased and the cell was able to supply 
current for a much longer period. 

In modern commercial practice the plates are made of grids of a 
lead-antimony alloy filled in with paste under hydraulic pressure. 
Red lead (Pb;O,), is used for the positive plates and litharge (PbO) 
for the negative plates. On their first charge such plates become 
converted to lead dioxide and lead respectively. 

The current capacity of an accumulator is measured in ampere- 
hours (Ah). Thus, a battery rated at 80 Ah will give a current of 
8 A for 10 hours. It also might be expected to give a current of 1 A 
for 80 hours or 20 A for 4 hours. This, however, can be taken only as 
an approximation, since the capacity is generally very much greater 
for small currents than when it is discharged rapidly. Commercially, 
accumulators are rated at the “10 hour rate”, i.e., the ampere-hour 
capacity if discharged completely in a period of 10 hours. 

As a lead cell discharges, both sets of plates slowly change to lead 
sulphate and the acid becomes more dilute. This causes the density 
of the acid to fall, so that the state of the cell may be ascertained 
by testing the acid by means of a bulb hydrometer (Fig. 133). 
When fully charged, the e.m.f. of a lead cell is 2-2 V and the relative 
density of the acid 1-25. The cell is regarded as fully discharged 
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when the relative density of the acid has fallen to 1-15. These 
figures vary somewhat with different makes of cell. 


Care of lead cells 


Lead cells should be charged regularly and never left standing in a 
discharged condition. If not in use they should be given a “topping 
up” charge at least once a month. When fully charged, hydrogen is 
freely evolved from the negative plates and oxygen from the positive. 
This is called “gassing”. Needless to say, cells on charge should never’ 
be examined in the light from a naked flame, as a mixture of hydrogen 
and oxygen is dangerously explosive. 

Over-discharging and “‘shorting”, i.e., connecting a wire directly 
across the terminals are very detrimental. Such treatment causes 
swelling and buckling of the plates, with the result that the active 
material becomes loosened and falls to the bottom as a sludge. Under 
these conditions, and particularly if the cell is left in a discharged 
condition, the lead sulphate in the plates changes to a white crystal- 
line form which cannot be reconyerted into lead dioxide and lead 
respectively. Once this has occurred the cell is said to be “sulphated”’, 
and for this there is no remedy except to renew the plates. 


Alkaline batteries 


In the year 1900, Thomas Edison in America and Valdemar 
Jungner in Sweden both invented storage cells using a solution of 
caustic potash as the electrolyte. Edison used iron for the negative 
plate and Jungner used cadmium. Both men used nickel hydroxide 
for the positive plate. 

Cadmium has certain advantages over iron, and present-day cells 
are mostly of this type, although it is found that the addition of a 
little iron to the cadmium improves the efficiency of the cells. The 
active material is in powder form and is enclosed in perforated pockets 
in specially constructed steel plates. The container is made of nickel- 
plated steel. 

Although more expensive, alkaline cells have a very much longer 
life than lead cells and also possess a number of other advantages. 
Large currents, such as would ruin a lead cell, may be freely taken 
from alkaline cells without ill effect, and they may be left for months 
in a discharged condition without harm. 

They are therefore very suitable for installation in railway rolling- 
stock and yachts for lighting and other purposes, as they require no 
special maintenance when out of use for extended periods. Many 
large ships, hospitals and public buildings are provided with alkaline- 
battery installations for emergency lighting. 

One disadvantage is that the e.m.f. of an alkaline cell is only about 
1,25 V, and this tends to fall continuously on discharge. Five alkaline 
cells in series give an e.m.f. about equal to that of three lead cells. 


QUESTIONS: 34 


1. Give an account of the action of a simple cell. 
Explain the terms polarization and local action. Show how these defects 
are overcome in one practical form of cell. (O., part qn.) 
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2. A copper and a zinc plate are connected through a small low-power bulb 
by short lengths of wire. On immersing the plates in a beaker of dilute 
sulphuric acid the bulb is seeen to glow for a short time and then to 
extinguish. Explain what has taken place and give two methods by which 


the bulb could be made to glow again. (L., part qn.) 
3. Draw a labelled diagram of a dry Leclanché cell and explain the func- 
tion of the various components. (J.M.B., part qn.) 


4. Draw a labelled diagram of a Daniell cell, naming the materials and 
polarity clearly. What is the essential difference between this cell and a 


lead accumulator? (S., part qn.) 
5. Name two advantages which a lead accumulator has over a Leclanché 
cell. (J.M.B.) 


6. State the components of a fully charged lead accumulator and the 
changes which occur as a result of discharge. Give, with reasons, three 
precautions which should be taken to maintain the efficiency of such an 
accumulator. (S.) 
7. Two accumulators differ only in that one, P, has twice the linear dimen- 
sions of the other, Q. What is the ratio of: (i) their storage capacities 
(i.e., the energy they can store), and (ii) their internal resistances? 

(O.C., part qn.) 
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In this chapter we shall deal with the principles and definitions under- 
lying the measurement of current electricity. 

A simple electric circuit may consist of a cell connected by copper 
wires to one or more resistors or other components to be described 
later. The cell provides an electromotive force which sets up potential 
differences across the various circuit components and drives the 
current through them. These components themselves offer varying 
degrees of resistance to the flow of the current. 

Thus, in any electric circuit there are three things which have to be 
measured: 


(1) current, measured in amperes (A); 
(2) electromotive force and potential difference, both measured in 


volts (V); 


(3) resistance, measured in ohms (Q). 


Unit of electric current. The ampere 


The ampere is the current which, if flowing in two straight parallel 
wires of infinite length, placed 1 metre apart in a vacuum, will produce 
on each of the wires a force 2 x 10-7 newton per metre length. 

The manner in which the current sets up this force is explained on 
page 448. 

As far as the practical measurement of current is concerned we do 
not pass the current through two very long wires and measure the 
force between them as it is not possible to do this with any reasonable 
degree of accuracy. Instead, we apply the definition to calculate the 
force between two circular coils of wire in an instrument called a 
current balance. By measuring the force between the coils, which can 
be done very accurately, we are then able to determine the value of 
the current flowing through them in amperes. 

Current balances are large and expensive pieces of apparatus and 
are used only in standardizing laboratories such as the National 
Physical Laboratory (Fig. 430). The ammeters (page 474) used in 
ordinary laboratories for measuring current have been calibrated so 
as to agree with the readings of a standard current balance. 
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Fig. 430. Current balance used at the National Physical Laboratory, Teddington, 
to determine the ampere in terms of the fundamental units of length, mass and 
time 


Unit of quantity of electricity. The coulomb 


As an electric current is a flow of electricity, the quantity of elec- 
tricity which passes any point in a circuit will depend on the strength 
of the current and the time for which it flows. The unit of quantity 
of electricity is called the coulomb. 

A coulomb is the quantity of electricity which passes any point in a 
circuit in 1 second when a steady current of 1 ampere is flowing. 

It follows that the total quantity of electricity Q, in coulombs, 
which passes any point in an electric circuit is given by multiplying 
the current /, in amperes, by the time f, in seconds, 


thus, coulombs = amperes x seconds 
or Q=K 
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Unit of potential difference. The volt 


The meaning of electric potential and potential difference (p.d.) was 
discussed in chapter 33. When an electric current flows through a wire 
a potential difference is said to exist between the ends of the wire. The 
unit of potential difference is called the volt and is defined as follows: 

Two points are at a potential difference of 1 volt if 1 joule of work is 
done per coulomb of electricity passing from one point to the other. 


Electromotive force 


The electromotive force of a cell is measured in volts and may be 
regarded as the sum total of the potential differences which it can 
produce across all the various components of a circuit in which it is 
connected including the potential difference required to drive the 
current through the cell itself. 

The e.m.f. of a cell in volts is therefore defined as the total work 
done in joules per coulomb of electricity conveyed in a circuit in which 
the cell is connected. 


Resistance 


An experiment to compare the electric conducting powers of 
various substances was described on page 383. There it was seen that 
different materials could be classified as good or poor conductors and 
insulators. 

As far as current electricity is concerned, we usually think in terms 
of the ability of a substance to resist the flow of electricity through it. 
A good conductor is therefore said to have a low resistance and a 
poor conductor a high resistance. 

With regard to insulation, materials which are good insulators for 
static electricity are also good insulators for current electricity. 

We shall see later (page 486) that the resistance of a wire depends 
on its dimensions and the material from which it is made. For a wire 
of given dimensions, silver offers least resistance to the current. Silver 
is too expensive for normal use, and therefore copper, which comes 
next on the list, is used for electric cables and for connecting wires in 
electric circuits. 

When a high resistance is required, e.g., to reduce the current in a 
circuit, special alloys are used, The most common of these are 
constantan (otherwise called contra or eureka), manganin and 
nichrome.* 

Constantan is used for general purposes, while manganin is used 
for making high-quality standard resistors. Nichromeis the alloy from 
which the elements of electric fires are made, since it resists oxidation 
when rod hot. Constantan and manganin have a resistance of about 
twenty-five times, and nichrome about sixty times, that of copper. 


Rheostats 


The current flowing in a circuit may be increased or decreased by 
changing the length of resistance wire inserted into it. This is done by 


* Constantan (60% copper, 40% nickel), Manganin (84% copper, 12% man- 
ganese, 4% nickel), Nichrome (80% nickel, 20% chromium). 
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means of a rheostat. Rheostats are obtainable in a variety of different 
patterns, but the type most commonly used in laboratories is illus- 
trated in Fig. 431. It consists of a coil of constantan wire wound ona 
slate or enamelled iron former and provided with a sliding contact on 
a brass rod. Current enters the coil through a terminal at one end and 
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Fig. 431. Wire-wound rheostat 


flows along the coil until it reaches the sliding contact. From here it 
flows along the brass rod, and thence through the circuit. The re- 
sistance thus introduced into the circuit will depend on the position 
of the slider along the coil. 

Fig. 432 shows the carbon compression rheostat, which works on a 
different principle. It consists of two brass plates fitted with terminals, 
and between these are sandwiched a number of square plates made 
of gas carbon. When the plates are loosely packed the resistance is 
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Fig. 432. Carbon compression rheostat 


high, since the plates are in contact at comparatively few points. On 
tightening a screw at one end the plates are compressed into closer 
contact and the resistance decreases. Resistances of this type are able 
to carry very heavy currents. 


Ohm's law 


In the year 1826, Georg Simon Ohm, a teacher of physics at 
Cologne, published a book containing details of some experiments he 
had made to investigate the relationship between the current passing 
through a wire and the potential difference between the ends of the 
wire. Asa result of these experiments, he arrived at the following law, 
which is now known as Ohm’s law. 

The current passing through a wire at constant temperature is pro- 
portional to the potential difference between its ends. 
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This law may also be expressed as 


potential difference 


= constant 
current 


For a given potential difference, a high resistance will pass a small 
current and a low resistance a large current. Thus, the value of the 
constant in the above equation, which is high when the current value 
is small and low when the current is large, can be used as a measure 
of the resistance of the wire. 

We may therefore write 


potential difference _ 
current or 


In other words, the resistance of a conductor is the ratio of the 
potential difference across it to the current flowing through it. 

We have already chosen the units of potential difference and 
current, namely, the volt and the ampere. The above definition 
enables us to define the unit of electric resistance. This is called the 
ohm and is defined as follows: 

The ohm (Q) is the resistance of a conductor such that, when a 
potential difference of 1 volt is applied to its ends a current of 1 ampere 
flows through it. 


resistance 


volts _ 


It follows that, ohms 
amperes 
or, in symbols ‘ =R 
whence also I= 4 


and V=IR 


Any one of these expressions may be derived algebraically from 
any other. The last one is usually the easiest to memorize. 


Limitations of Ohm's law 


Ohm’s work was carried out using metal conductors and the law 
also applies to certain other materials. We have mentioned the need 
for constant temperature, but if the law is to be obeyed then all 
physical conditions must remain constant. For example, the resist- 
ance of some conductors will alter if they are bent or placed under 
tension or if put at right angles to a strong magnetic field. 

Ohm’s law does not apply to conductors such as radio valves, 
transistors or rectifiers (page 547), nor to the conduction of electricity 
through gases. 


Effect of temperature on resistance 


The resistance of a pure metal increases with temperature but the 
resistance of certain other conducting materials, e.g., carbon de- 
creases with temperature. One becomes aware of this when using a 
carbon-compression rheostat: the compression screw has to be 
slackened as the rheostat warms up in order to compensate for the 
reduction in resistance. The reverse is true in the case of wire-wound 
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theostats, provided, of course, that all other factors in the circuit 
remain constant. 

Certain metal alloys, notably manganin and constantan which are 
used for making standard resistors, show very small resistance 
changes with temperature under normal laboratory conditions. 


Resistors 


Radio and television receivers contain large numbers of resistors 
with resistances of anything from a few ohms to millions of ohms. 
Some are wire wound, while others are made from carbon or graphite. 
They are supplied with either wire ends or terminals for connection 
purposes. 

The special standard resistors designed for laboratory purposes are 
described in chapter 40. 


Electric circuit. Use of ammeters and voltmeters 


Fig. 433 illustrates some of the symbols used in electric circuit 
diagrams. 

When the terminals of a cell are joined to the ends of a resistor an 
electric circuit is formed. If several resistors are connected end to end 
in the circuit so as to form a continuous path they are said to be in 
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Fig. 433. Common electrical symbols 


Series and the same current flows through each. The current may be 
measured with an ammeter which is placed in series with the resistors 
(Fig. 434). An ammeter has a low resistance, so that it introduces as 
little extra resistance as possible into the circuit. 

A voltmeter is used to measure the potential difference between the 
ends of a resistor, and is therefore connected across (i.e., in parallel 
with) the resistor. Voltmeters have a high resistance, and the current 
they take is usually negligible. 
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Resistors 


Cells in in parallel 
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Fig. 434. Use of symbols in an electric circuit 


The construction and action of ammeters and voltmeters is dealt 
with in chapter 39. 


Resistors in series 
A number of resistors R,, R, Rs, in ohms, are said to be connected 
in series if they are connected end to end consecutively so that the 
same current /, in amperes, flows through each (Fig. 435). 
I R, Re R 
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Fig. 435. Resistors in series 


If Ris the combined resistance and V, in volts, is the total potential 
difference across the resistors, then 


V=IR . 
But V = sum of the individual p.d.s. across Ry, R, and Rs 


=V, +h, +¥s 
= IR, IRs 
therefore IR = IR, + IR, + IR; 


hence, dividing throughout by J 
R=R, +R. +R; 
The same argument may be applied to any number of resistors. 


Resistors in parallel 


Resistors are said to be in parallel when they are placed side by side 
and their corresponding ends joined together (Fig. 436). The same 
potential difference will thus be applied to each, but they will share 
the main current in the circuit. 
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We will suppose that the main current J divides into /,, I, and I, 
through the resistors R,, R, and R; respectively and that the common 
potential difference across them is V. 


fe Ry 


Fig. 436. Resistors in parallel 


If R is the combined resistance we may write 


Vv 
LR 
The total current, T= +h+h 
Vv Vv 7 
Rt Rt Re 
therefore VaeVs ele n¥e 


Special case of two resistors in paraliel 


The formula obtained above may be extended for any number of 
resistors. In practice, however, it is rare to find more than two re- 
sistors in parallel, and therefore we shall examine this case in more 
detail. 


For two resistors R; and R; in parallel 


1 1 1 
ROR OR, 
Putting the right-hand side over the same common denominator, 
1_R+R 
RRR. 
Inverting both sides, 
Ra RR 
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Fig. 437. Cells in series 


Fig. 438. Cells in parallel 


Hence, for two resistors in parallel, 


= product of resistances 
combined resistance = ——_—_—___——__ 
sum of resistances 


It is useful to learn this formula by heart. 


Practical importance of the internal resistance of a cell 


Cells of one particular kind, for example, Daniell cells, may be ob- 
tained in several different sizes, but so long as they are all made of 
exactly the same materials and have the same strength of electrolyte 
they will have identical e.m.f.s. 

The strength of the current which is obtained from a cell depends 
not only on its e.m.f. but also on the internal resistance. In order to 
obtain a large current, the internal resistance must be low. This 
means that the plates must be large and placed close together. Also 
the strength of the electrolyte must be such that its resistance is as 
low as possible. 

The internal resistance of a Daniell cell varies from about 1 to 3 Q, 
and the e.m.f. is about 1 V. If, therefore, the terminals of a Daniell cell 
were shorted by a piece of thick copper wire of negligible resistance 
the maximum current obtainable would be of the order of 1 to 0:3 A. 
This would be quite safe, but on the other hand, it would be dangerous 
to connect a piece of copper wire across the terminals of a 2V lead 
cell which had an internal resistance of about 0-01 Q. The current in 
this case could possibly be of the order of 200 A. Harm would be 
done to the cell, and the wire would be liable to vaporize explosively, 
and burn anyone handling it. 

The electric starter motor of a car requires a very high current to 
operate it. Consequently, car batteries are made of cells having many 
thin plates separated by as small a distance as possible. Twelve 
Daniell cells in series have the same e.m.f. as a 12V car battery, but 
they would be quite useless for working the starter owing to their 
high internal resistance. 


Arrangement of cells 


A group of cells connected together is called a battery, Normally, 
cells are connected in series, the positive of one being connected to 
the negative of the next and so on (Fig. 437). On occasions, however, 
they may be connected in parallel, i.e., all the positives connected 
together and the same with the negatjves (Fig. 438). 

When maximum current is required from a given number of cells 
the arrangement used will depend on the external circuit resistance. 
Generally speaking, series connection is used when the circuit re- 
sistance is high compared with that of the cells and parallel connec- 
tion when it is low. This principle is illustrated in the worked example 
on page 435. 

When cells are in series the total e.m.f. of the battery is equal to the 
sum of the separate e.m.f.s, and the internal resistance is equal to the 
sum of the separate internal resistances of the cells. When connected 
in parallel the resultant e.m.f. is the same as that of one cell only and 
the internal resistance of the battery is calculated from the formula 
for resistors in parallel. 
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One advantage of connecting cells in parallel is that there is less 
drain on the cells, since they share the total current, whereas with 
series connection the same main current is supplied by each cell. 

Cells should never be left connected in parallel when not in use, for 
if the e.m.f. of one is slightly greater than that of another current will 
circulate in the battery itself and the cells become exhausted. This 
cannot happen when they are in series. 


“Lost volts” when a cell is producing current in a circuit 


For practical purposes, the e.m.f. of a cell may be measured to a 
very close approximation by taking the reading of a high-resistance 
voltmeter connected directly across the cell terminals when the cell is 
not connected to anything else. 

The reason why this value is only approximate will be explained at 
the end of this section, but for the time being we shall ignore the 
slight error. 

Let us suppose that a voltmeter connected to the terminals of a 
Daniell cell of internal resistance 2Q gives a reading of 1:1 V. This 
is the e.m.f. of the cell (Fig. 439 (a)). 

A 3Q resistor is now connected to the terminals of the cell so that 
the cell drives a current through it. It is noticed that the voltmeter 
reading has dropped to 0-66 V (Fig. 439 (6)). The cell now appears 
to have “lost” (1-10 — 0:66) = 0:44 V. 

This may be explained as follows. 

The current flowing in the circuit is given by 


fim e.m.f. oe ray) 
~~ total resistance R+B 


where E = e.m.f. of cell 
R= external circuit resistance 
B = internal resistance of cell 


mee te 
~ 342 
Now the p.d. required to drive this current of 0:22 A through the 
external 32 resistor is given by 


V=IR 
= 0:22 x 3 
= 0:66 V 


which is, of course, the same as the voltmeter reading. 

The voltmeter is connected to the cell terminals, but if it were con- 
nected to the 3Q resistor terminals instead it would make no differ- 
ence to the reading. Owing to the fact that the connecting wires from 
cell to resistor are of negligible resistance, the p.d. across them is also 
negligible, and hence the cell terminal p.d. is equal to the p.d. across 
the resistor. 

The p.d. required to drive the current through the cell itself is given 
by 

current x internal resistance = 0-22 x 2 
=044V 


which is equal to the “‘lost volts” (E — V) of the cell. 
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Daniell 
cell 


(a) High resistance voltmeter reads 
e.m.f. 11 volts 
(negligible current flows) 


Daniell internal 
cell resistance 


(b) Voltmeter reads only 0°66 volts. 
0:44 Lost voltage drives current 
through internal resistance 


Fig. 439. 
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Cell e.m.f. 
Internal res. 


Fig. 440. Measurement of internal 
resistance 


To sum up, the reading of a voltmeter connected to the terminals of 
a cell on open-circuit may be assumed equal to the e.m.f. E of the 
cell. 

When the cell is sending current through an external resistor the 
voltmeter gives the terminal p.d. V which is the p.d. required to send 
the current through the external resistor. 

The terminal p.d. is always less than the e.m.f., and the difference 
between them, or “lost volts”, represents the p.d. required to send the 
current through the internal resistance of the cell. This cannot be read 
directly from a voltmeter, but can be obtained only by subtracting the 
terminal p.d. from the e.m.f. 

We are now able to explain why a voltmeter gives only a close 
approximation for the e.m.f. of a cell. Even a very high-resistance 
voltmeter must take some current, and hence a small part of the e.m.f. 
will be “lost” in driving this current through the cell. If, however, the 
voltmeter resistance is very high compared with the cell resistance the 
current taken will be very small, and consequently the “lost volts” in 
this case will be negligible. 

For the measurement of e.m.f. to a high degree of accuracy a 
potentiometer is used (page 487). 


To measure the internal resistance of a cell 


A suitable cell to use for this experiment is a Daniell cell. A 
Leclanché cell may also be used, but consistent results may not be 
obtained if the cell polarizes during the experiment. 

A high-resistance voltmeter is connected to the cell terminals and 
the reading noted. This will give the e.m.f. of the cell. A 1Q resistor 
is now connected to the cell terminals and the voltmeter reading taken 
again (Fig. 440). Further readings are taken using 2, 3, 4, etc., ohms, 
and the results are recorded in the table shown. 


E.M.F. of cell = E= volts 
Resistance Voltmeter reading la 
R (ohms) V (volts) B= ——— (ohms) 
1 
2 
3 
etc, 
Mean value of internal resistance ohms 


The internal resistance of the cell is calculated from the readings as 
follows: 


Let E =e.m,f. of the cell in volts 
V = p.d. across cell terminals when cell is producing current in a 
resistance R 
B = internal resistance of cell in ohms 


Since this is a simple series circuit, the current is the same through 
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both cell and the external resistor. The current through the high- 
resistance voltmeter is negligible. Thus, 
p.d. driving current through the external resistor R = V 


p.d. driving current through the cell =“Lost voltage” = (E — V) 


hence the current is given by J = Ee 


R 

and also by I= ee” 

¥_@—V) 
Therefore Re 
cross multiplying VB = R(E—V) 
Paice p=RE-Y) 

¥ 

Worked examples 


1. Two cells each having an e.m.f. of \:5 V and an internal resistance 
of 2Q are connected: (a) in series, and (b) in parallel. Find the current 
in each case when the cells are connected to a \Q resistor. 

If the 1Q resistor is substituted by an 11Q resistor, calculate the 
new current in both cases. 


The first step in all electrical problems is to draw a circuit diagram 
(Fig. 441), The unit symbols V, A and Q are used to denote volts, 
amperes and ohms respectively. 


Fig. 441 (a) total e.m.f. of 2 cells in series 


=15415=3V 
Total resistance in circuit =2+2+1=52 
e.m.f. 3 
se I resistance if hppa 


Fig. 441 (6) e.m.f. of 2 cells in parallel = 1-5 V 


Resistance of 2 cells in parallel = R given by, 
ae 
i Age le a 
hence R=10 
Total resistance in circuit =1+1=29 
e.m.f, 1:5 
oe total resistance 2 gosta 
Last part 
(a) The total resistance is now 2 + 2 + 11 = 15Q, and 
3 
Current = 7; =02A 
(6) Total resistance =14+1H=129 
1-5 
Current = TDD =0:125A 


Answer. (a) 0-6 A, 0-2 A 
(b) 0-75 A, 0-125 A 
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Fig. 441. 
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emf.=E 
Int.res=R 
20. 


(a) 


emf. = E 
Int. res.= 


(b) 
Fig. 442. 


e.m.f. =12V 


O6A 


O2A 


Internal res. = 0-62 


HHH 


Ry 


Notice that, in the case of the 10 resistor, the larger current is 
obtained with the cells in parallel. In the case of the 11Q resistor, 
however, it is better to have the cells in series. 


2. A cell supplies a current of 0-6 A through a 2Q coil and a current 
of 0-2 A through a 7Q coil. Calculate the e.m.f. and internal resistance 
of the cell. 

In this problem we have to find two unknown quantities, namely, 
the e.m.f. and internal resistance of the cell. It is therefore necessary 
to obtain two equations which can be solved simultaneously. 


Let E = e.mf. of the cell 
R = internal resistance of cell 


Then since e.m.f. = current x total resistance 
in the first case E=062+R) . . (1) (Fig. 442 (a) 
and in the secondcase E=0:27+R) . . (2) (Fig. 442 (b)) 


Equating the right-hand sides of these two equations, 


0-6(2 + R) = 0:2(7 + R) 
1-2 +06R = 1-4 +0-2R 


Substituting for R in equation (1) 


E=0-6(2 + 0-5) 
=15V 


Answer. E.M.F. of cell = 1:5 V 
Internal resistance of cell = 0:5 Q 


3. Six cells each having an e.m.f. of 2 V and an internal resistance 
of 0:1 Qare connected in series with an ammeter of negligible resistance, 
a 1-4Q resistor and a metal-filament lamp. The ammeter reads 3 A. 
Find: (a) the resistance of the lamp; (b) the p.d. across the lamp. What 
reading would you expect from a high-resistance voltmeter connected 
across the battery terminals ? 


Let the lamp resistance = R, (Fig. 443) 
Total circuit resistance = (6 x 0-1) + 1-4 + R, = (2 + Ry) 


The total e.m.f. =(6 x2) = 12 
Applying the formula R = £ to the whole circuit, we have 
12 
24+R= =a 
whence Rr= 20 


The p.d. across the lamp (from V = JR) = 3 x 2=6V. 

A voltmeter connected across the battery terminals will read the 
p.d. required to drive the current of 3 A through the total external 
circuit resistance of (1-4 + 2), ie. 3-4Q. Hence (from p.d. = current 
X resistance), 
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voltmeter reading across battery terminals = 3 x 3-4 = 10:2 V 


Answer. Lamp resistance = 20 
P.d. across lamp = 6 V 
P.d. across battery = 10:2 V 


4. Fig. 444 shows a 12V battery of internal resistance 0-6 Q con- 
nected to three resistors A, B and C. Find the current in each resistor. 


The combined resistance R, in ohms, of B and C is given by 
bE 64 10 


Rapgdne guetta 24 


24 
whence R= tb 240 
Total circuit resistance = 0-6 + 1 + 2-4 = 
Main current =] ee aA 


total resistance 4 


The p.d. across both B and C (current x combined resistance) 
=3x24=72V 


Current through B = —P“-_ — “184 
Current through C= 3 —1:8=1:2A 


F a Te 
(alternatively, Current through C = aaa 6 = 1-2 A) 


QUESTIONS: 35 


1. What is meant by the electromotive force of a cell? 

A battery consists of three accumulators in series, each having an e.m.f. 
of 2 V. A second battery consists of four dry cells also in series, each having 
an e.m.f. of 1-5 V. What is the e.m.f. of each battery? Why could you get a 
bigger current from the battery of accumulators? (S.) 
2. State Ohm’s law and define resistance. 

Derive an expression for the resistance of two conductors connected: 
(a) in series; (6) in parallel. 

What values of resistance could you obtain if you were supplied with 
three coils each of resistance 1 2? (0.C.) 
3. In the circuit shown, (Fig. 445), find the reading of the ammeter A when 
the switch is: (i) open; (ii) closed. (Assume that the battery resistance is 
negligible.) (C.) 
4. A cell has an e.m.f. of 1-5 V and an internal resistance of 1 Q, and is 
connected to two resistances of 2 and 3 Q in series. Find the current flowing 
and the potential difference across the ends of each resistance. (S.) 

5. Two cells each having an e.m.f. of 1-5 V and an internal resistance of 
1 Q are connected to a resistance of 4 2. What is the current in this resist- 
ance if the cells are connected in parallel? (J.M.B.) 
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Int. res. 0.6.2 
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Fig. 445. 


Switch 


2:0 ohms 


3 ohms 


2 ohms 


Fig. 446. 
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B 


6. Fig. 446 shows a cell C supplying current to resistors A and B. The 
resistance of each is shown on the diagram. The current in A is 1-2 A 
Find: (a) the current in B; (6) the currentin C. (C.) 


7. When a cell having an e.m.f. of 1-50 V is giving a current of 0-50 A, 
a high-resistance voltmeter across its terminals reads 1:20 V. Explain why 
the voltmeter reading is less than 1-5 V and find what the voltmeter will 
read when the cell is giving 0-60 A. (O., part qn.) 


8. Two resistances of 4 and 6 Q in parallel are connected to the terminals 
of a battery consisting of four dry cells, each having an e.m.f. of 1:5 V 
in series. If the current in the 4Q coil is 0-6 A find: (@) the current in 
the 6Q coil; (6) the internal resistance of the battery. (L., part qn.) 


9. A cell can supply a current of 1-2 A through two 22 resistors connected 
in parallel. When they are connected in series the value of the current is 
0-4 A. Calculate the ¢.m.f. and the internal resistance of the cell. 
(O.C., part qn.) 

10. Two identical cells have each an e.m.f. of E in volts and an internal 
resistance of R in ohms and are connected in series to an external resistor 
of 2 Q. (a) Find in terms of E and R: (i) the combined e.m.f.; (ii) the 
combined internal resistance; (iii) the mair? current; (iv) the p.d. across the 
2Q resistor. 

(6) Find these four values when the cells are in parallel. 

(c) If the p.d. across the 22 resistor in (a) is 0:8 V and in (6) is 1:0 V 
find the values for E and R. (S.) 


11. A cell is joined in series with a resistance of 29, and a current of 
0:25 A flows through it. When a second resistance of 2 © is connected in 
parallel with the first the current through the cell increases to 0:3 A. What 
is: (a) the e.m.f.; (6) the internal resistance of thecell? (J.M.B., partqn.) 


12. What is meant by: (a) the e.m.f.; (6) the internal resistance of a cell? 

Describe a method you would have used to find the internal resistance 
of a cell. Explain how the result is calculated and give a diagram of the 
circuit. 

A cell can supply a current of 0-80 A through a 29 resistor and 0:25 A 
through a 7-5Q resistor. Calculate its e.m.f. and internal resistance. 

(0.C.) 
13. State Ohm's law. 

What is meant by: (a) the e.m.f. of a cell; (6) the p.d. between the ends 
of a conductor? 

Two Daniell cells, of the same internal resistance and each having an 
e.m.f. of 1-1 V, were joined in series with an ammeter and an unknown 
resistance, The ammeter reading was 0-16 A. When the cells were replaced 
by an accumulator (e.m.f. of 2:2 V) and of negligible resistance the 
ammeter then read 0-2 A. Calculate: (a) the internal resistance of the Daniell 
cells, and (6) the current in the original circuit if one cell had been used. 

(L.) 
14. Describe with the aid of a circuit diagram how you would measure the 
internal resistance of a cell. Explain your calculation. 

A cell has an e.m.f. of E in volts and an internal resistance of r in ohms. 
When resistances of 20 and 5 are connected in turn across its terminals 
currents of 0:5 A and 0:25 A are passed. Calculate the values of E and r. 
What is the p.d. across the cell when the 2 resistance is connected 
between its terminals? (A.E.B.) 


15. State Ohm's law 

The positive pole of a cell A, having an e.m.f. of 1-1 V and an internal 
resistance of 1-9 Q is joined to the negative pole of another cell B, of e.m.f. 
2-1 Vand internal resistance of 0-10 Q. A coil of resistance 2:0 Nis connected 
between the other two terminals. Find: (a) the current through the coil; 
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(6) the p.d. between the ends of the coil; (c) the p.d. between the terminals 
of B. (L.) 
16. When a particular cell is on open circuit the p.d. between its terminals 
is 1-5 V. When a 102 resistance is connected between.the terminals the 
p.d. falls to 1-0 V and when the 102 resistance is replaced by a resistance 
R the p.d. becomes 0-5 V. What is: (a) the internal resistance of the cell; 
(6) the value of R? (J.M.B., part qn.) 
17. A Daniell cell, an ammeter of negligible resistance and a variable 
resistance, are connected in series. The ammeter reads 0:22 A when the 
resistance is 2-0 2 and 0:10 A when the resistance is changed to 8 Q, Find 
the e.m.f. and the internal resistance of the cell. (L., part qn.) 
18. A battery of four cells in series, each having an e.m.f. of 1:1 V and an 
internal resistance of 2 © is to be used to charge a small 2V accumulator 
of negligible internal resistance. What is the charging current? 

(O., part qn.) 
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Fig. 447. Oersted's experiment 


In the year 1819 Hans Christian Oersted, Professor of Physics at 
Copenhagen, discovered that a wire conveying a current was able to 
deflect a pivoted magnetic needle. It happened during the course of 
a lecture which he was giving on the simple cell. Having shown that a 
wire connected to a cell had no effect when placed at right angles to 
the needle, Oersted then placed the wire parallel with the needle. 
Immediately, to his surprise and that of his students, the needle 
deflected out of the meridian. 

On further investigation, Oersted found that the direction of the 
deflection depended on the direction of the current and also on 
whether the wire was above or below the needle (Fig. 447). Later, 
André Ampére, the French mathematician and physicist gave a rule, 
called the swimming rule, for predicting the direction of deflection of 
the needle. 


Ampére’s swimming rule 


Let the observer imagine himself to be swimming along the wire in the 
direction of the current and facing the needle, then the N pole of the 
needle will be deflected towards his left hand. 


Schweigger’s galvanometer 


The newly found relationship between electricity and magnetism 
attracted a good deal of attention, and soon the German scientist, 
Johann Schweigger, applied the discovery to the construction of a 
simple galvanometer or current-indicating instrument. 

Schweigger’s instrument is shown in Fig. 448. It consists of a 


Fig. 448. Schweigger's simple galvanometer 
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pivoted magnetic needle placed at the centre of a number of turns 
of insulated wire. When an electric current passes through the coil 
each turn produces its own effect on the needle, so that quite small 
currents can be detected. 


Magnetic flux pattern due to a current in a long straight 
wire 

Since an electric current has a magnetic effect, we should expect it 
to be surrounded by magnetic flux. The following experiments show 
that this is so. 

A large rectangular coil consisting of about twenty turns of 
insulated copper wire is set up vertically with one of its vertical sides 
passing through a hole in the centre of a piece of cardboard sup- 
ported horizontally (Fig. 449). A current of about 3 A may be passed 


Ammeter 


Rheostat 


Cardboard 
sprinkled with 
iron filings 


Fig. 449, Magnetic flux pattern due to current in a straight wire 


through the coil from a 6V battery in series with a rheostat, an 
ammeter and a switch. The reason for having a coil of twenty turns 
instead of one is that a single wire would require a current of 60 A 
to produce the same effect. This would need not only a very large 
battery but the wire would also have to be very thick indeed, or it 
would become exceedingly hot when the current was passing. 

A fine layer of iron filings is then sprinkled on the cardboard; the 
current is switched on and the card tapped gently. The filings set in a 
series of concentric circles about the wire as centre. A small plotting 
compass placed on the card indicates the direction of the flux. If the 
current is reversed by changing over the battery connections the com- 
pass needle will swing round and point in the opposite direction, but 
the pattern of the flux remains unaltered. 

James Clerk Maxwell, a great mathematical physicist of the nine- 
teenth century, gave a rule relating the direction of the magnetic flux 
round a wire to the direction of the current flowing through it. This 
is known as the “screw rule”, and is stated as follows: 


Maxwell's screw rule 


Imagine a corkscrew being screwed along the wire in the direction of 
the current. The direction of rotation of the screw gives the direction 
of the magnetic flux. 
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Fig. 450, Right-hand grip rule 


: Current oe 


Many people favour a somewhat simpler rule, called the right-hand 
grip rule. 


Right-hand grip rule 
Imagine the wire to be grasped in the right hand with the thumb 


pointing along the wire in the direction of the current. The direction of 
the fingers will give the direction of the magnetic flux (Fig. 450). 


Magnetic flux due to a solenoid 


When an electric current is passed through a solenoid or long 
cylindrical coil the resultant magnetic flux is very similar to that of 
a bar magnet. One end of the solenoid acts like a N pole and the 
other a S pole (Fig. 451 (6)). 


To current 
supply circuit 


Fig. 451. Magnetic flux pattern due to current in a solenoid 


The experiment is carried out with the aid of a coil wound like a 
helical spring on a rectangular piece of hardboard. Two other pieces 
of hardboard are fixed to the sides of the first to form a flat table on 
which the iron filings are sprinkled (Fig. 451 (a)). The coil is connected 
in series with a battery, ammeter, rheostat and switch. The current 
should be adjusted to at least 20 A, as it is not possible to multiply 
the effect as in the last experiment by having a number of wires close 
together. A heavy current such as this should not be left on any longer 
than is necessary to enable the filings to set in the direction of the 
magnetic fiux. 


Rule for the polarity of a coil carrying a current 

When viewing one end of the coil, it will be of N polarity if the 
current is flowing in an aNticlockwise direction, and of S polarity if the 
current is flowing in a clockwiSe direction. 
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Fig. 451 illustrates an easy way of remembering this rule, by 
attaching arrows to the letters N and S. 


Magnetic flux due to a short circular coil 


When a current is passed through a short circular coil the pattern 
of the magnetic flux is shown in Fig. 452 (b). The coil used for this 
experiment consists of twenty or more turns closely wound together 
and fixed to a thin hardboard table (Fig. 452 (a)). Current is passed 


Current 
down 


Fig. 452. Magnetic flux pattern due to 
current in a short coil Current 
up 
through the coil and the magnetic flux pattern demonstrated with 
iron filings as in the previous experiment. The coil may be regarded 
as having a N face and a S face, and the same rule may be applied as 
already given in the case of the solenoid. 
One important feature should be noted. The magnetic flux at the 

centre of the coil is straight and is perpendicular to the plane of the 
coil, 


The electromagnet 


The solenoid method for magnetizing steel described on page 361 
was first used for making magnetic needles by Ampére in 1820. Five 
years later a Lancashireman named William Sturgeon used soft iron 
instead of steel and found that the iron was strongly magnetized only 
when the current was flowing. Sturgeon’s electromagnet was made 
of a bar of soft iron bent into a U-shape and having coils of insulated 
copper wire wound in opposite directions on the two arms. Michael 
Faraday in England and Joseph Henry in America made similar 
electromagnets, which were provided with soft-iron pole pieces for 
the purpose of concentrating the magnetic flux in a small gap 
(Fig. 453). Fig. 454 shows a modern electromagnet designed for 
general experimental purposes. 


Lifting magnets 


Fig. 455 illustrates a powerful double electromagnet used in indus- 
try for lifting and transporting steel plates, girders, scrap iron and so 
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Fig. 453. Nineteenth-century electromagnets 


on. When the load has been carried to the desired position it is 
released by switching off the current. Fig. 456 shows a lifting magnet 
in section. It is made of magnetically soft iron, with a coil of insulated 
copper strip wound in an annular recess inside it. The inside and out- 
side portions of the face of the magnet are of opposite polarity, and 
hence greater lifting power is obtained. 


Fig. 454. A Newport electromagnet designed for general research purposes 


The electric bell 


The electric bell consists of two solenoids wound in opposite direc- 
tions on two soft-iron cores joined by a soft-iron yoke (Fig. 457). One 
end of the windings is connected to a terminal 7,, and the other to a 
metal bracket which supports a spring-mounted soft-iron armature. 
The armature carries a light spring, to which is soldered a small silver 
disc to act as a contact. The latter presses against the end of a silver- 
tipped contact screw from which a wire is taken to a second terminal 
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Fig. 455. Lifting a steel slab with electromagnets. The picture shows two 
1 metre Witton Kramer magnets being used to turn steel slabs at the 
Abbey Works of the Steel Company of Wales 


T>. The electrical circuit is completed through a battery and push 
switch connected to the terminals 7, and 7. 

When the switch is pressed current flows through the circuit and 
the cores become magnetized. The resultant attraction of the arma- 
ture separates the contacts and breaks the circuit. The magnetism in 
the cores then disappears and the armature is returned by the spring 
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Fig. 456. Section of lifting magnet 
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Fig. 457. Electric bell 


to its original position. Contact is now remade and the action 
repeated. Consequently, the armature vibrates and a hammer attached 
to it strikes the gong. 


The magnetic relay 


Fig. 458 shows a magnetic relay used in telephone circuits. When- 
ever a number is dialled, pulses of current are caused to flow through 
a solenoid wound on a soft-iron core, Each time a current pulse 
passes, the core becomes magnetized and attracts the L-shaped iron 
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Fig. 458. Electric relay 


armature shown, thereby causing it to rock on its bearing and close 
the two contacts C. These contacts close a special circuit at the 
telephone exchange which operates switches to select the required 
number. 
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Magnetic separators 


An electromagnetic separator, used for the purpose of removing 
tramp iron from crushed copper ore is shown in Fig. 459. A mis- 
cellaneous collection of iron objects, including nuts and bolts, etc., 
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Fig. 459. Battery of electromagnets installed at a copper mine for the 
purpose of removing tramp iron from the copper ore as it slowly passes the 


magnets on conveyor belts 


finds its way into the ore, and must be removed before smelting. This 
is done by passing the ore on a conveyor belt past a powerful electro- 
magnet. The illustration shows a battery of separators of this type 
installed at a copper mine. 


The telephone receiver (earpiece) 


The telephone receiver contains a U-shaped magnet formed by 
placing a short permanent bar magnet across the ends of two soft- 
iron bars (Fig. 460). This is placed so that it exerts a pull on a springy 
magnetic alloy diaphragm. Two solenoids are wound in opposite 
directions on the soft-iron bars. 

When a person speaks into the microphone at the other end of the 
line a varying electric current is set up having the same frequency as 
the sound waves. A similar electric current is caused to pass through 
the solenoids in the earpiece. This alters the strength of the magnetic 
flux in the U-shaped magnet and produces a corresponding variation 
in the pull of the diaphragm. The latter therefore vibrates and 
reproduces a copy of the sound waves which entered the microphone. 


Permanent 
magnet 


Magnetic 


Leads 
diaphragm 


Soft iron 
pole piece 


Solenoid 
Fig. 460, Telephone receiver 
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To magnetic north 


(Current down @ ) 
Fig, 461. Resultant magnetic flux pat- 
tern in horizontal plane due to current 
in vertical straight wire in earth's mag- 
netic field 


(Current down ® ) 


Fig. 462. Magnetic flux pattern in plane 
at right angles to two parallel currents 
in same direction 


Resultant magnetic flux in a horizontal plane due to the 
earth and the current in a long vertical wire 


The iron-filings method described on page 368 to investigate the 
magnetic flux due to a current in a long straight wire gives informa- 
tion only about the strong field very close to the wire. In order to 
study the field further away from the wire, where its strength is com- 
parable with the earth’s weak field, it is necessary to use the more 
sensitive compass-needle method. Fig. 461 shows the pattern of the 
magnetic flux obtained. East of the wire, the earth’s horizontal field 
and the field due to the current are in opposite directions. A neutral 
point is formed where these two fields are equal and opposite. 


Magnetic flux due to current in two vertical parallel wires 


If two vertical wires are arranged side by side vertically and-carry 
currents in the same direction the magnetic flux in a horizontal plane 
close to the wires is as shown in Fig. 462. A neutral point is formed 
between the wires, its exact position depending on the relative 
strengths of the currents. Note that some of the magnetic flux 
surrounds both wires. 

Michael Faraday visualized a magnetic field as containing 
magnetic /ines of force which possessed longitudinal tension and 
lateral (= sideways) repulsion, In this sense they may be compared 
with the electric lines of force described on page 398. 

The tension in the lines sets up a force which pulls the two wires 
inwards. 


QUESTIONS: 36 


1. Draw diagrams, with clear indication of current and flux directions to 
show the magnetic flux patterns associated with an electric current flowing 
in: (a) a plane circular coil; (6) a solenoid. 

2. Draw a clearly labelled diagram of an electromagnet. 

Describe, with the aid of a circuit diagram, how you would investigate 
the relation between the lifting strength of such a magnet and the current 
passing. Indicate briefly, preferably on a sketch graph, the results you would 
expect. 

State briefly Two uses of electromagnets. (S.) 
3. Describe an experiment to investigate the magnetic effect of a current 
flowing in a long straight wire. Draw a diagram showing the nature of 
the field produced. 

Sketch the field due to the same current flowing through two long straight 
parallel wires: (a) when the directions of the current are the same; (6) when 
they are opposite. Neglect the earth’s magnetic field. (0.C.) 

4. Draw a diagram of a trembler bell showing the polarity of the electro- 
magnet and the direction of the current. Show on the same or on another 
diagram how the bell may be rung from two places using only one battery. 

A bell takes a current of 0:25 A from a battery of two cells in series. 
Each cell has an e.m.f. of 1-5 V and an internal resistance of 1 Q. What is 
the effective resistance of the bell? What current would the bell take if the 
cells were arranged in parallel? (J.M.B.) 
5. Describe how an electric current may be used: (a) to magnetize a steel 
bar; (6) to demagnetize it. 
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Draw a diagram of the magnetic field produced by a current flowing in a 
long straight wire in a plane at right angles to the wire. State a rule which 
gives the relation between the direction of the current and that of the field. 

A long vertical wire carrying a current passes through a horizontal 
bench. Give a diagram of the resultant magnetic field on the surface of the 
bench around the wire due to the current and the earth. Mark the positions 
of any neutral points formed in this field. (L) 
6. Describe and explain the action of a telephone receiver. (L., part gn.) 
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One of the earliest industrial applications of the electric current was 
the coating of base metals with a layer of a more expensive metal. 
This is called electroplating, and it serves a double purpose. It pro- 
tects the base metal from atmospheric corrosion and also gives it a 
more attractive appearance. Silver plating has long been used to 
enhance the appearance of household cutlery and other articles made 
from nickel alloys. At one time, nickel plating was very popular, but 
nowadays it has largely been replaced by chromium and cadmium. 
Other applications of electrolysis will be described later. 


The discovery of electrolysis 


As soon as the news of Volta’s invention of the simple cell reached 
London a professor of anatomy named Sir Anthony Carlisle con- 
structed a voltaic pile consisting of silver half-crowns, zinc discs and 
cardboard soaked in brine. While experimenting with this he decided 
to place a drop of water on the top disc for the purpose of improving 
the electrical contact made with the connecting wire. He was sur- 
prised to notice that bubbles of gas rose from the wire when it was 
allowed merely to dip into the water drop without touching the disc. 
Sir Anthony had a friend named William Nicholson, who had also 
constructed a voltaic pile, and the two decided to work together in 
making a further investigation of this new phenomenon, now called 
electrolysis. 

In one experiment they connected the pile to two platinum wires 
dipping into a shallow vessel containing water to which a few drops 
of sulphuric acid had been added. Clouds of bubbles arose from each 
wire and were collected in separate bottles. When the gases were 
tested it was found that the wire connected to the zinc (—ve) disc 
gave off hydrogen, while that connected to the silver disc (+-ve) gave 
oxygen. 

It was already known that water consisted of hydrogen and oxygen 
in chemical combination. This had been demonstrated by several 
chemists, who, at various times, exploded mixtures of hydrogen and 
oxygen and obtained the formation of a dew which proved to be 
water. Now, for the first time, Nicholson and Carlisle had shown that 
water could be decomposed into its elements by an electric current. It 
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was a discovery of first-class importance. The obvious inference was 
that it might be possible to decompose other substances by this means 
and hence discover their chemical composition. This was done with 
striking success a few years later by Sir Humphry Davy. He isolated 
the metals sodium and potassium by passing an electric current 
through molten sodium hydroxide and potassium hydroxide 
respectively. 


Terms used in connection with electrolysis 


The work of Nicholson, Carlisle and Davy created the need for 
several new technical terms, and this task was undertaken by Michael 
Faraday. Faraday asked the advice of his friend Dr. Whewell, 
the classical scholar, and the words they coined are still in use 
today. 

The process by which a substance is decomposed by the passage of 
an electric current is called electrolysis. A substance which conducts 
current and undergoes decomposition is called an electrolyte. The 
same word is also commonly used to refer to a solution of an electro- 
lyte in water when, strictly speaking, the term electrolytic solution 
should be used. 

The two wires or plates at which the current enters and leaves the 
electrolyte are called electrodes. The electrode at which the current 
enters the electrolyte is called the anode and that by which it leaves, 
the cathode. 

The apparatus consisting of vessel, electrolyte, electrodes and so on 
in which the electrolysis is carried out is called an electrolytic cell or 
voltameter. This latter term must not be confused with voltmeter. 


The Hofmann voltameter 


A convenient form of apparatus for collecting the gases liberated 
during the electrolysis of various liquids was designed by the German 
chemist Hofmann (Fig. 463). It consists of two graduated tubes fitted 
with taps and provided with platinum electrodes. The tubes are 
connected near the bottom by a short cross tube which has an upright 
tube and reservoir. 

In order to study the electrolysis of water, the taps are opened, and 
water to which a few drops of sulphuric acid have been added is 
poured in until the graduated tubes are both full. The taps are then 
closed and current is passed through the voltameter from a 6V 
battery in series with a rheostat. The current is adjusted to give a 
steady stream of bubbles from the electrodes. When sufficient gas 
has collected it will be noticed that the volume of hydrogen from 
the cathode is approximately twice that of the oxygen from the 
anode. 

On opening the tap above the cathode and applying a light, the 
issuing gas is seen to burn with a pale-blue colour which is charac- 
teristic of hydrogen. Also, droplets of water are formed on the outside 
of a test-tube of cold water held in the flame. These are the usual tests 
for hydrogen. 

When the tap above the anode is opened a glowing splint bursts 
into flame if held in the stream of escaping gas. This is a standard 
test for oxygen. 
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Acidulated 
water 


Fig, 463. Hofmann voltameter 
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lonic theory of electrolysis 


The use which Sir Humphry Davy had made of electrolysis as a 
new method of chemical analysis attracted a great deal of attention 
in the scientific world, and a number of different ideas were put 
forward to explain it. The most important suggestion was made by 
the German physicist Rudolf Clausius, who considered that the 
current was conveyed through an electrolyte by charged particles 
which are now called ions. This theory was later developed by the 
Swedish scientist Svante Arrhenius. 

Tons have already been mentioned on page 394, where it was 
explained that an ion is an atom or a group of atoms possessing 
either a positive or a negative electric charge. 

We shall now explain what is believed to occur when an electrolyte 
dissolves in water. Take copper sulphate as an example. This is a 
substance consisting of equal numbers of copper ions, Cu’*, and 
sulphate ions, SO,’~, arranged in a definite pattern so that the 
whole is electrically neutral. A copper ion is a copper atom which 
has lost two electrons, and hence has a net positive charge. A sulphate 
ion is an SO, group which has acquired the two electrons lost by the 
copper atom and is therefore negatively charged. When copper 
sulphate is dissolved in water the ions dissociate or separate and are 
able to move freely in the electrolytic solution; in fact, the word 
ion means “wanderer”. 

Other substances ionize in a similar manner. Sulphuric acid, 
H,SO,, dissociates into two hydrogen ions, Ht (H minus one electron), 
and one SO,?~ ion (SO, plus two electrons). Silver nitrate, AgNO;, 
consists of positive silver ions, Ag*, and negative nitrate ions, NO3~, 
and these separate when in solution. Water ionises only very slightly 
into hydrogen ions, H*, and hydroxylions, OH-. Generally speaking, 
all acids, bases and salts are ionized in solution, but not organic 
compounds such as sugar, alcohol and naphthalene. 

When two electrodes are dipped into an electrolyte and connected 
to a battery positive ions (cations) are attracted towards the negative 
cathode and negative ions (anions) towards the positive anode. This 
migration of ions in both directions is the process by which an 
electric current flows through the electrolyte. 

In the following sections we shall describe the action which occurs 
at the electrodes when a current is passed through various electrolytes. 


Electrolysis of acidified water 


Earlier in this chapter we described the electrolysis of acidified 
water in a Hofmann voltameter. In this case, only the water is 
decomposed. The small quantity of acid added simply provides a 
vast number of extra ions to make the solution more highly 
conducting. 

Water acidified with sulphuric acid contains hydrogen ions, H*, 
and hydroxyl ions, OH-, produced by dissociation of the water, 
together with hydrogen ions, H*, and sulphate ions, SO,?~, from the 
sulphuric acid, 

When the current is passing H+ ions migrate towards the cathode. 
Here they receive electrons from it and become neutral hydrogen 
atoms. The H atoms then combine in pairs to form molecules of 
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hydrogen, H, which are liberated in the form of gas bubbles. An 
ion which has received an electron from the electrode in this manner 
is said to be discharged. 

The action at the cathode may be summarized by the following 
equations, in which e represents an electron: 


H++e =H 
H+H =H 


While the H* ions are moving towards the cathode, the OH- 
and SO,7- ions move towards the anode. Here only the OH™ ions 
lose electrons to the anode and are discharged. The SO,?~ ions remain 
in solution. This is called the preferential discharge of ions. When 
thus liberated, pairs of OH groups combine to form water, H,O, and 
oxygen atoms, O. Finally, the oxygen atoms combine in pairs to form 
oxygen molecules, O,, which are set free in the form of gas bubbles. 

The action at the anode may therefore be symbolized as follows: 


OH- —e = OH 
OH + OH = H,0+0 
0+0O=0, 


Electrolysis of copper sulphate solution using platinum 
electrodes 


Copper sulphate solution contains Cu** ions and SO,?~ ions 
together with H+ and OH- ions from the water. 

During electrolysis, Cu’* and H* ions migrate to the cathode, but 
only the Cu** ions are discharged. The H* ions remain in solution. 
As each Cu?* ion is discharged it becomes a neutral Cu atom and 
is deposited on the cathode. After a time, therefore, the cathode 
becomes covered with a reddish layer of pure copper. 

At the anode the action is identical with that which occurs in 
the case of acidified water described in the previous section. 
OH- ions are discharged and combine in pairs to give water and 
oxygen gas. 

If the current is passed through the electrolyte for a sufficiently 
long time all the copper ions are removed from the solution and 
deposited on the cathode, The electrolyte therefore loses its blue 
colour and becomes dilute sulphuric acid. When this stage has been 
reached the action becomes simply the electrolysis of dilute sulphuric 
acid. Hydrogen is liberated at the cathode and oxygen at the 
anode. 


Electrolysis of copper sulphate solution using copper 
electrodes 


When copper electrodes are used the action at the cathode is 
exactly the same as with platinum electrodes. Cu?* ions are dis- 
charged and deposited on the cathode. 

At the anode, however, copper ions go into solution in preference 
to the discharge of either OH- or SO,?~ ions. 

As the electrolysis continues, the cathode increases in thickness 
while the anode slowly dissolves away. The concentration of copper 
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sulphate in the electrolyte remains constant, and the action ceases 
when the anode is completely dissolved away. 


Faraday’s first law of electrolysis 


Michael Faraday carried out a series of experiments in which he 
passed currents through different electrolytes and weighed the sub- 
stances which were liberated at the electrodes. From the results of 
these experiments he discovered the following law. 


The mass of any substance liberated during electrolysis is proportional 
to the quantity of electricity passed through the electrolyte. 


To verify the first law of electrolysis 


Any voltameter may be used for this experiment, but a copper 
voltameter will be found one of the easiest to use. The circuit used 
and procedure are exactly the same as for the determination of the 
electrochemical equivalent of copper described on page 455. Several 
experiments are carried out to find the mass of copper deposited by 
various currents for different durations of time. The results are 
recorded as shown. 


—_ 
Mass of | Mass of 
cathode | cathode 
before after 
passing | passing 
current current 


The quantity of electricity Q, in coulombs, which passes through 
the voltameter in each experiment is given by Q = Jt, where J is the 
current in amperes and ¢ the time in seconds. This quantity of elec- 
tricity deposits a mass m, in grammes of copper. 


If the first lawis true we should find that” is constant. Alternatively, 


the law may be verified by plotting a graph of m against Q. This 
should be a straight line through the origin. 


Electrochemical equivalent 


The electrochemical equivalent (e.c.e.) of a substance is defined as 
the mass of it which is liberated during electrolysis by the passage of 
1 coulomb of electricity. 

Since coulombs-= amperes x seconds, it follows that the mass, 
m, in grammes, of substance liberated in a time #, in seconds, by a 
current of /, in amperes, is given by 

m= zit 


where z = the e.c.e. of the substance which may be expressed in 
grammes per coulomb (g/C). 


ELECTROLYSIS 


To measure the electrochemical equivalent of copper 


This experiment is done with a copper voltameter consisting of 
two copper plates dipping into a strong solution of copper sulphate 
slightly acidified with sulphuric acid. In some forms of voltameter 
the anode takes the form of a double plate, and a single copper 
plate to serve as a cathode is placed in between (Fig. 464). Deposi- 
tion of copper then takes place on both sides of the cathode. This 


Insulating support 


Copper sulphate solution 


Double anode 


Cathode 


Glass cell 


Fig. 464. Copper voltameter 


enables a larger current to be used, and hence a larger mass of 
copper is deposited in a given time. Jt is an advantage to have as large 
a mass of copper as possible, as in this way a smaller percentage error 
is obtained when the copper is weighed. 

The cathode is thoroughly cleaned with emery paper and well 
washed under the tap. It is then placed in position in the voltameter 
and connected directly to the negative terminal of the battery. This 
precaution will make certain that the cleaned plate will be the cathode 
when the current is passing. The rest of the circuit is now connected 
up as shown in Fig. 465. 

The value of the current used is important. Too small a current 
will deposit very little copper in the time available, and consequently 
a high percentage error will be incurred in weighing. Too large a 
current will give a powdery deposit of copper which will come off 
when the plate is washed. Experience has shown that, in order to 
obtain a bright hard coating of copper, the current density should not 
exceed 0:025 A/cm? of cathode surface. 

A preliminary experiment is therefore carried out to find the cor- 
rect setting of the rheostat to give a suitable current. After this, the 


455 


Copper 
sulphate 
solution 


Copper 
cathode 


Fig, 465. Circuit for determining the 
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cathode is taken out of the voltameter and washed thoroughly 
under a running tap. Having thus removed all traces of copper sulphate, 
the cathode is rinsed in distilled water and dried by holding it high 
above a small non-luminous bunsen flame. Jt must not be held in the 
flame or it will become oxidized. The cathode is now weighed and 
the result recorded. 

After weighing, the cathode is replaced in the yoltameter and cur- 
rent passed for half an hour. During this time a constant watch is 
kept on the ammeter and the rheostat adjusted from time to time 
as necessary to maintain a steady current. At the end of the half 
hour the cathode is removed and washed and dried as before. 
Finally, it is weighed again. 

The results should be recorded as below, replacing symbols by the 
actual values obtained in grammes, amperes and seconds. 


Mass of cathode before passing current = Mm, 
Mass of cathode after passing current =m, 
Mass of copper deposited = (m, — m) 
Current =I 
Time =t 
mass deposited m, — m 


B.C.E of copper no. of coulombs passed It 


= g/C 


To calibrate an ammeter by using a copper voltameter 


The circuit and method of the previous experiment can be used 
to check the readings of the ammeter used if it is believed to be 
inaccurate. The procedure is carried out exactly as before except 
that we now assume the e.c.e. of copper to be 0-000 329 g/C and use the 
data obtained from the experiment to calculate the true current 
in amperes from 

m 
ae 

Though somewhat laborious, the method is capable of good 
accuracy. It is worth noting that, many years ago, the ampere used 
to be defined in terms of the mass of silver it liberated per second in a 
silver voltameter. Silver was used owing to the fact that its larger 
e.c.e. (0-001 118 g/C) reduced the percentage error in the weighings. 


Applications of electrolysis 


Some of the commercial applications of electrolysis were mentioned 
at the beginning of this chapter. Industrially, electrolysis also plays 
an important part in the refining of copper (Fig. 466). Large plates of 
crude copper enclosed in canvas sacks are made to form the anodes 
in vats containing copper sulphate solution. The cathodes are thin 
sheets of pure copper (Fig. 467). When current is passed through a 
cell copper is dissolved out of the anode and deposited on the cath- 
ode. Impurities in the anode are left behind in the canvas sack and 
are later removed and disposed of. Copper purified in this way is called 
electrolytic copper. By reason of its exceptional purity it has a very 
low electric resistance, and this makes it suitable for the manufacture 
of electric cables. 
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Before it was discovered that aluminium could be extracted from 
its ore, bauxite, by an electrolytic process this highly useful metal was 
little more than an expensive chemical curiosity. From bauxite an 
oxide of aluminium called alumina is extracted (Al,O;). This does not 
dissolve in water, but dissociates when dissolved in the molten 
mineral cryolite (Na;AIF,). The process is carried out in specially 
designed electrolytic furnaces (Fig. 468). These furnaces have a bed 


Fig. 466. Electrolytic refining plant at the Rhodesia Copper Fig. 467. Loading up with copper starting sheets in the electrolytic 
Refineries in Zambia refining cells 


made of carbon, which acts as the cathode. The anodes are thick 
carbon rods which dip into a mixture of alumina and cryolite. A very 
high current is passed which causes the mixture to melt. Electrolysis 
then occurs, with the result that aluminium is liberated at the cathode 
and forms a molten layer on the bed of the furnace. From time to 
time the aluminium is run off and fresh alumina and cryolite added. 


The manufacture of gramophone records 


The processes involved in the making of gramophone records are 
long and complicated, and only a very condensed description can 
be given here. See Fig. 469. 

The sound to be recorded is received by microphones in which the 
energy of the sound waves is used to cause variations in the strength 
of an electric current. After being modified in a special circuit 
the varying current is passed through the coil of an electromagnet 
which is situated in the recording head of a tape recorder. At the 
same time a plastic tape impregnated with magnetic powder is 
passed at a steady speed across the poles of the electromagnet. As a 
result, a varying magnetic pattern is induced in the tape correspond- 
ing with the original sound waves. 

When the recording has been completed the tape is run through a 
machine with a playback head. The playback head is similar to the 
recording head used to make the magnetic pattern in the first place. 
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It consists of a coil with a core of magnetic material. As the tape runs 
past the head, e.m.f.s are induced in the coil according to the 
magnetic pattern. This is a case of electromagnetic induction (see 
chapter 43). These e.m.f.s are amplified and employed to produce 
mechanical oscillations’ in the diamond cutting stylus of a disc 
recorder. The stylus cuts a wavy spiral groove on a master disc made 
of aluminium coated with cellulose acetate. This disc is the same 
size as a gramophone record and could be played as such, although 
this is never done. 

When the master acetate disc comes off the recording machine it is 
handled very carefully to avoid finger-marks and its surface is given 


Fig. 468, Potline of electrolytic reduction cells for the production of 
pure aluminium 


a thin uniform coating of silver. This is done either chemically or 
by an electrical process called sputtering. 

After the acetate has thus been given a conducting surface it is 
placed in an electrolytic bath containing a solution of a nickel salt 
and a nickel anode. Here the disc is electroplated with nickel. 
Following that, the disc is placed in another bath and giving a coating 
of copper. At this stage the metal coating is carefully stripped away 
from the acetate, thus providing a silver-faced nickel master backed 
with copper. This is a negative record. It has ridges instead of grooves, 
and cannot be played. 

The negative master is now given the same treatment as the acetate 
from which it was made. It is placed successively in nickel and copper 
plating baths and a further nickel plate backed with copper is 
deposited on it. This second double layer is now split away from the 
negative master, and so a copper-backed nickel mother disc is 
obtained. The nickel mother is a copy of the original acetate, and 
could be played on a record player. 

In the final stage the nickel mother is returned to each of the 
plating baths in turn and a nickel-copper layer is grown on it. This 
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Fig. 469. Manufacture of gramophone records. 


(a) Transfer from tape. The cutting lathe converts 
electrical impulses from the tape recorder back 
into vibrations and inscribes them into the face 
of the master acetate disc 


(c) Separating the metal master from the (d) Examining the finished product just taken 
acetate master from the press 
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layer is separated from the mother and is subsequently used for 
moulding the actual gramophone records. The nickel mother can 
be used in this way for making a number of moulding or pressing 
plates. 

The moulding is carried out in a steam-heated hydraulic press. 
This is somewhat like an oyster with a pressing plate in each half of 
the shell to give the two sides of the record. Before being fixed in 
position, the pressing plates are plated with chromium to give them 
hard-wearing surfaces and are backed with steel for strength. Two 
labels are placed in position with a lump of hot plastic material 
between. The press is then closed, and, under great steam heat 
and pressure the material is moulded into a gramophone record. 


QUESTIONS: 37 


1. How long will it take to liberate 1-10 g of copper by electrolysis using 
acurrent of 0:50 A ? (Electrochemical equivalent of copper = 0:000 33 g/C.) 

(Cc) 
2. Which of the following are electrolytes: petrol, mercury, common salt 
solution, molten copper, dilute sulphuric acid? (J.M.B.) 
3. State Faraday’s first law of electrolysis and define electrochemical 
equivalent. 

Describe in detail how you would check the calibration of an ammeter 
using a method based on electrolysis. 

A thin metal plate, 5 cm x 4 cm, is to have a layer of copper 0-1 mm 
thick deposited on both sides. If a current of 0:5 A is to be used, how long 
will this take? (E.C.E. of copper = 0-000 3 g/C; density of copper = 9 
g/cm*.) (A.E.B.) 
4. Hydrogen is being generated by electrolysis of acidulated water. If the 
current used is 50 A, what volume will be generated in 1 h? (E.C.E. of 
hydrogen = 0-000 0105 g/C; density of hydrogen as generated = 0:09 
g/litre.) (W., part qn.) 
5. How would you attempt to put a uniform layer of copper on to both 
sides of a brass plate electrolytically? Draw a wiring diagram of the 
arrangement of apparatus and give experimental details of the procedure. 

How long would it take a current of 1:2 A to put a layer of copper 
0-10 mm thick on to both sides of a brass rectangular plate, 10cm x 15cm? 
(E.C.E. of copper = 0-000 33 g/C; density of copper = 8-9 g/cm*.) 

(C., part qn.) 
6. Explain the terms electrolyte, anode, cathode, ion, anion, cation. 

Describe and explain what happens when an electric current is passed 
through dilute sulphuric acid and using platinum electrodes. 

7. State which of the following give rise to anions and which to cations, 
giving the number of ionic charges associated with each; (i) hydrogen; 
(ii) copper (cupric); (iii) sulphate radical; (iv) chlorine. (S.) 
8. Describe how you would determine experimentally the electrochemical 
equivalent of EITHER copper OR oxygen. 

A battery of electromotive force 3-00 V and internal resistance 0:80 Q 
is connected to a copper voltameter, and a current of 1-40 A flows in the 
circuit. Calculate: (a) the resistance of the voltameter; (6) the changes in 
the weights of the copper plates of the voltameter during 5 h. (The gram 
equivalent of copper, 31:5 g, is liberated in electrolysis by the passage of 
96 500 C.) (C.) 
9. Explain the terms ion, ionization and electrolysis. 

Give an account of the electrolysis of copper sulphate solution using 
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copper electrodes. What difference would you expect to find if platinum 
electrodes were used? 

A copper voltameter has a cathode plate of area 10 cm x 8 cm and its 
resistance is 0-1 2. The supply is a 4V battery which, with leads, has an 
effective resistance of 0-2 ©, Find: (a) the series resistance needed to keep 
the current density at 0-05 A/cm’, and (6) the rate at which the thickness 
of the copper deposit on the cathode is then increasing. (Take the electro- 
chemical equivalent of copper to be 0-000 33 g/C, and the density of 
copper to be 8-25 g/cm*.) (O.) 
10. Calculate the time required to plate on one side only a tray whose area 
is 559 cm? with a coating of silver 0-2 mm thick using a current of 2 A. 
(E.C.E. of silver = 0-001 118 g/C; density of silver = 10-5 g/cm*.) 

(L., part qn.) 
11. A current of 2 A is passed through a solution of copper sulphate for 
4h 27 min, What thickness of copper will be deposited on each side of a 
copper cathode measuring 5 cm x 6 cm? (E.C.E. of copper = 0-000 33 
g/C; density of copper = 8-9 g/cm*. The copper is assumed to be 
deposited in equal thickness on each side of the cathode.) (S.) 
12. Define electrochemical equivalent, and explain how the chemical deposi- 
tion of a metal such as silver could be used to check the accuracy of an 
ammeter. Give a reason why silver is considered a better metal to deposit 
for this purpose than copper. (L., part qn.) 
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After Oersted’s discovery of the magnetic effect of an electric current 
the possibility of producing an electric motor occurred to a number of 
scientists. In particular, William Wollaston and Michael Faraday 
discussed the problem together at the Royal institution in London. 
Wollaston unsuccessfully tried some experiments and then lost 
interest. Faraday, however, continued his investigations during 1821, 
and by the end of the year was able to show how continuous rotation 
could be obtained with a magnet and an electric current. 


Faraday’s rotation experiment 
A modern reproduction of Faraday’s final experiment is shown in 
Current 
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Fig. 470. Faraday’s magnet and current rotations 


Fig. 470. A thin cylindrical magnet is placed in a glass tube A, con- 
taining mercury and held down at its lower end by a short thread 
fixed by sealing-wax. A straight copper wire dips into the mercury 
and passes up the centre of the tube and through a cork. Here it is 
bent over at right angles and continued through a cork at the top of a 
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second tube B. The end of the wire is bent into the form of a hook, 
and from it is suspended a second vertical wire which dips into a 
shallow pool of mercury. Tube B also contains a fixed cylindrical 
magnet passing through the cork at the bottom and projecting above 
the surface of the mercury. Wires are passed through the lower 
corks on both sides to make contact with the mercury, and a 
circuit is completed by connecting these wires to a battery and 
rheostat. 

When current flows through the wires the magnet in A revolves 
round the wire and the suspended wire in B revolves round the mag- 
net. Faraday recognized that these experiments illustrated that 
action and reaction are equal and opposite (Newton's Third Law of 
Motion, page 71. Since a current exerts a force on a magnet, it 
follows that the magnet exerts an equal and opposite force on the 
current. Either the magnet or the current will move, depending on 
which of the two is fixed. 


The kicking wire experiment. Force on a conductor in a 
magnetic field 


The experiment illustrated in Fig. 471 has been designed to 
show how the direction of the force on a wire carrying a current is 
related to the direction of the magnetic field in which the wire is 
situated. 
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applies 


re 


Mercury 


Rheostat 
Fig. 471. Force on a conductor in a magnetic field (kicking wire experiment) 


A straight wire with a flexible connection at its upper end hangs 
between the poles of a U-shaped magnet and dips into a small pool 
of mercury in a depression cut in a piece of wood. A circuit is pro- 
vided so that the current may be adjusted to the minimum value 
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required to make the experiment work. Too large a current results 
in over-heating of the wires. 

On closing the key K, the current flows downwards and the hanging 
wire swings forwards. This causes it to leave the mercury and break 
the circuit. The wire falls back, remakes contact with the mercury 
and the action is repeated. If the battery connections are reversed 
so that the eurrent flows up the wire the direction of the force on it 
will be reversed, and it will now swing backwards out of the mercury. 


Fig. 472. Fleming's left-hand rule (motor rule) 


The direction of the force on the wire may likewise be reversed by 
turning the magnet over so that the direction of the magnetic field is 
reversed. 

It will be noticed in this experiment that, initially, the current, the 
magnetic field and the direction of the force on the wire are all three 
mutually at right angles. Professor J. A. Fleming gave a rule for 
relating the direction of motion of the wire to the directions of the 
current and magnetic field. 


Fleming’s left-hand rule (motor rule) 


Place the forefinger, second finger and thumb of the left hand 
mutually at right angles. Then, if the Forefinger points in the direction 
of the Field and the seCond finger in the direction of the Current, the 
thuMb will point in the direction of the Motion (Fig. 472). 
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Fig. 473. Magnetic field pattern due to current in a straight wire at right 
angles to a uniform field 
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Force on a conductor explained by properties of lines of 
force 


Fleming's left-hand rule merely tells us the direction in which a 
current carrying wire moves in a magnetic field: it does not explain 
the motion. An explanation can, however, be given which is based 
on the properties of lines of force. Faraday’s concept of magnetic lines 
of force was mentioned on page 448. Properties ascribed to them are: 


1. They tend to contract (longitudinal tension). 
2. They tend to repel one another sideways (lateral repulsion). 


If we take a horizontal section through the vertical wire of Fig. 473 
where it passes through the magnetic field, and there plot the mag- 
netic field, the pattern shown in Fig. 473 (c) is obtained. This is the 
resultant force obtained when the parallel lines between the poles 
of the magnet are combined with the concentric circular lines due 
to the current in the wire. It will be noticed that the lines are closer 
together on one side of the wire than on the other, and thus they will 
exert a resultant sideways or /ateral push on the wire. Also, the 
tendency of the lines to shorten, and hence to straighten out, will 
likewise cause them to exert a force on the wire. In a sense we may 
liken the action to that of an elastic catapult. 


Barlow's wheel 


Peter Barlow utilized the force on a conductor in a magnetic field 
in order to produce continuous rotation. His apparatus is illustrated 
in Fig. 474. It consists of a star-shaped wheel made of copper which 
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Fig. 474. Barlow's wheel 


is able to rotate in a vertical plane with its points dipping into a pool 
of mercury. A wire is taken from the mercury to the terminal of a 
cell and a circuit completed from the other terminal of the cell, 
through a switch and rheostat and thence to the axle of the wheel. 
A magnetic field is set up at right angles to the wheel spokes by two 
bar magnets placed in line, one on either side of the wheel, and with 
their opposite poles adjacent. 

When the switch is closed current flows down the spoke dipping 
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into the mercury, and hence a force is exerted on it causing it to 
move forward. The next spoke then dips into the mercury, and the 
same thing happens. This process is repeated, with the result that the 
wheel rotates continuously. 


The simple electric motor 


Fig. 475 illustrates the construction of a simple direct current 
(d.c.) electric motor. It consists of a rectangular coil of wire mounted 
on a spindle so that it can rotate between the curved pole pieces of a 
U-shaped permanent magnet. The two ends of the coil are soldered 
respectively to the two halves of a copper split ring or commutator. 


Rotation 


Commutator 


Rheostat 


Cell 
Fig. 475. Simple electric motor 


Two carbon brushes are caused to press lightly against the com- 
mutator by means of springs, and when these are connected in 
circuit with a battery and rheostat the coil rotates. 

Suppose the coil is in the horizontal position when the current is 
first switched on. Current will flow through the coil in the direction 
shown, and by applying Fleming's left-hand rule it will be seen that 
the side ab of the coil experiences an upward force and the side cd 
a downward force. These two forces form a couple which causes the 
coil to rotate in a clockwise direction until it reaches the vertical 
position. In this position the brushes touch the space between the 
two halves of the commutator and the current is cut off. The coil 
does not come to rest, since its momentum carries it past the vertical, 
and when this has occurred the two commutator halves automatically 
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© Point of arrow (current towards observer) 
® Tail of arrow (current away from observer) 


Fig. 476. Magnetic field pattern in a simple electric motor 


change contact from one brush to the other. This reverses the current 
through the coil, and consequently also reverses the directions of the 
forces on the sides of the coil. Side ab is now on the right-hand side 
with a downward force on it, and side cd on the left-hand side with 
an upward force. The coil thus continues to rotate in a clockwise 
direction for so long as the current is passing. 

The magnetic field pattern in the simple electric motor is shown in 
Fig. 476, The tendency of the lines to shorten and also to repel one 
another sideways gives rise to equal and opposite forces on the two 
sides of the coil. 


Practical d.c. electric motors 


The simple electric motor as described above is not very powerful 
or efficient, but it can be improved by increasing the number of 
turns in the rotating coil and also winding them on a soft-iron 
armature. If there are n turns of wire instead of one turn the force 
on the side of the coil will be 7 times as great. In addition, the iron 
armature becomes magnetized and greatly increases the power of the 
motor by adding its magnetic flux to that of the coil. This method of 
construction is often found in toy electric motors. 

In commercial practice, electric motors have cylindrical armatures 
built up from soft-iron discs. These are slotted and a number of coils 
are wound in the slots. Each coil has its own pair of segments on a 
multi-segment commutator (Fig. 477). This design gives increased 
power coupled with smooth running. Usually, the magnetic field in 
which the armature runs is produced by an electromagnet, and the 
coils wound round this are called the field coils. Sometimes the 
field coils are connected in series with the armature coil (series wound) 
and sometimes in parallel with it (shunt wound). 

The particular method of winding used depends on the use to 
which the motor is put. Series-wound motors have a high torque 
or turning force at low speeds, and are therefore used where heavy 
loads have to be moved from rest, as in the case of electric trains. 
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Fig. 478. Moving-coil loudspeaker 


On the other hand, shunt-wound motors have the advantage of 
running at constant speed under varying loads. This characteristic 
renders them very suitable for driving power tools, such as lathes 
and drills, where steady speeds are desirable. 


Back e.m.f. in an electric motor 


When an electric motor is running it also acts as a dynamo (page 
528) and so sets up a back e.m.f. Ep in opposition to the e.m.f. E 
applied to the motor to drive it. 

The resultant current /, in amperes, flowing through the motor 
windings of resistance R, in ohms, is therefore given by 


_(E-B - E' 
f= ( R ) (instead of ;) 


The work done by the current against the back e.m.f. becomes con- 
verted into useful work done by the motor. 

The work done by the resultant terminal p.d. in driving the current 
through the motor is simply wasted as internal energy in the windings. 


Fig. 477. A car starter-motor. This cut-away picture clearly shows the 
multi-segment commutator on the left. Notice also that the field coils 
are wound from copper strip. These motors necessarily take a very large 
current, as they work at low voltage and have to produce a big starting 
torque 


Hence, for maximum useful power output coupled with minimum 
ultimate wastage in the form of heat, E, should be as nearly equal to 
E as possible. 

If, for any reason, the motor armature is brought to rest while the 
current is still turned on, the back e.m.f. becomes zero and all the 
energy of the current is now converted into internal energy which 
raises the temperature of the windings. This is to be avoided as it 
might easily cause the motor to burn out. 


Moving-coil loudspeaker 


The moving-coil loudspeaker used in radio receivers and record 
players works by the force exerted on a current-carrying coil situated 
in a magnetic field (Fig. 478). 

Varying electric currents which correspond with the sound to be 
reproduced are passed through a short cylindrical voice coil which is 
free to move in the radial magnetic field set up by a pot magnet. 
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This magnet is constructed by fitting a soft-iron core and pole plates 
to a powerful tubular permanent magnet, as shown. Its radial 
magnetic field cuts the turns of the coil at right angles, and conse- 
quently, as the current through the coil varies, it will move to and fro 
in accordance with Fleming’s left-hand rule. 

The coil is attached to a cone made of specially treated paper or 
other material which moves with the coil and sets the surrounding 
air in vibration. 


QUESTIONS: 38 


1. State a rule which gives the direction of the force acting upon a current- 
carrying conductor placed in and at right angles to a magnetic field. 

(J.M.B.) 
2. Give a diagram showing the lines of magnetic force due to a current ina 
straight conductor, in a plane perpendicular to the conductor. 

Describe an experiment to show that a current-carrying conductor which 
is perpendicular to a magnetic field experiences a mechanical force. Show 
clearly the directions of the current, the magnetic field and the force. 

Describe a simple electric motor and explain why a commutator is 
necessary to obtain continuous rotation. (L.) 

3. Fig. 479 shows a coil of wire ABCD between the poles of a magnet. 
The dotted line represents an axle about which the coil can turn. A current 
is passed through the coil in the direction shown. 

Which side of the coil will start to move into the paper? In what position 
will the coil ultimately come to rest? (J.M.B.) 
4. Draw a diagram of a simple d.c. electric motor. Mark in clearly the 
direction of the supply current and the direction of rotation of the 
armature. Explain the action of the motor. 

Explain what is meant by back e.m.f. in a motor. 

Give Four reasons why the efficiency of an electric motor is always less 
than 100 per cent. (A.E.B.) 

5. Fig. 480 represents the section of a wire between the opposite poles of 
two bar magnets. Draw the lines of force between the poles when a 
current flows down the wire (into the paper). (J.M.B.) 

6. A 240V vacuum-cleaner motor takes a current of 0:6 A. What is its 
efficiency if the useful mechanical power output is 72 W? How is most of 
the energy being wasted? 

7. Describe the structure of a moving-coil loudspeaker and explain its 
action. (L., part qn.) 
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Fig. 480. 


The simple galvanometer or current-indicating instrument designed 
by Schweigger has already been described on page 440. Instruments 
of the moving-magnet type with various modifications to make them 
more sensitive were in general use during the nineteenth century. 
They did, however, have certain disadvantages. Not only were they 
affected by stray magnetic fields set up by near-by electric motors 
and power cables, but also they always had to be set up in one par- 
ticular direction owing to the fact that the earth’s field acted as the 
control field. For these reasons they became obsolete and have been 
replaced by moving-coil galvanometers. 

The idea of making a galvanometer in which the magnet was fixed 
and the coil moved was first put into practice by Sturgeon in 1836. 
Later the same principle was adopted by Lord Kelvin as a means of 
detecting small electric currents sent through the first submarine 
telegraph cables. The design of modern moving-coil galvanometers 
is based on improvements in construction introduced by Despretz 
and D’Arsonval. 


The suspended-coil galvanometer 


Fig. 481 illustrates the construction of a sensitive moving-coil 
reflecting galvanometer. It consists of a rectangular coil free to 
move in the annular (ring-like) space formed by fixing a soft-iron 
cylinder between the cylindrical pole faces of a circular magnet. 
The ends of the coil windings are soldered respectively to two short 
stiff wires, one above and one below the coil. The upper wire carries 
a small mirror which reflects light from a lamp on to a translucent 
scale of millimetres placed a metre away (Fig. 482). The reflected 
light beam acts as a long weightless pointer, and hence a large 
movement of the light spot is produced by a comparatively small 
deflection of the coil. Also, a further advantage is gained by the 
fact that the reflected beam turns through twice the angle through 
which the mirror turns (page 248). 

The coil is suspended by a thin strip of phosphor-bronze which 
serves the double purpose of providing the control couple (explained 
later) and of acting as a current lead. The other current lead is a 
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Fig. 481. Main features of a suspended-coil galvanometer 


loosely coiled phosphor-bronze or silver strip coming out from the 
lower stiff wire. 

The upper end of the suspension is attached to a torsion head. This 
is a knurled brass knob which may be rotated slightly in either 
direction for the purpose of setting the coil in the zero position. 

The resultant magnetic field in the neighbourhood of the sides of 
the coil is shown in Fig. 483. This sets up mechanical forces on the 
sides of the coil, as already explained in the case of the simple electric 
motor (page 466). Consequently, in accordance with Fleming’s 
left-hand rule, equal and opposite parallel forces act respectively 
on the two vertical sides of the coil. These two forces together form 


Galvanometer 
miter Sy) ©. ees eee = 


Translucent 
scale 


Lamp 


471 


472 


ELECTRICITY AND MAGNETISM 


a deflecting couple which causes the coil to rotate until the deflecting 
couple is just balanced by the opposing control couple set up by torsion 
or twist in the upper suspension. 

The function of the soft-iron cylinder is to concentrate the 
magnetic flux radially in the annular space. Thus, for all positions 
of the coil the magnetic flux density is uniform in the plane of the coil. 

Force 


Force 
Fig. 483. Deflecting couple on coil of moving-coil galvanometer 


This ensures that the deflection will be proportional to the current, 
and so gives the instrument a linear or evenly divided scale. 

Owing to the fragile nature of its suspension, a reflecting galvano- 
meter is usually fitted with a device for clamping the coil (not illus- 
trated). This prevents breakage of the suspension if the instrument 
is jolted while being moved from one place to another. 


Sensitivity of a reflecting galvanometer 


The sensitivity of a reflecting galvanometer is defined as the deflec- 
tion in millimetres obtained on a scale placed 1 m away, when the 
current is 1 microampere (uA). (1uA = 0-000 001 or 10-° A.) 

A high sensitivity is obtained by having: 


(1) a large number of turns in the coil; 

(2) a very thin suspension with a small torsional control; 

(3) a special alloy permanent magnet which gives a very high 
magnetic flux. 


In this way, moving-coil galvanometers may be made which are 
capable of measuring currents of the order of a few thousandths of a 
microampere. 


The pivoted moving-coil milliammeter 


A milliammeter is a galvanometer with a scale graduated to read 
current directly in milliamperes (mA). (1 mA = 0-001 or 10-3 A.) 

The pivoted moving-coil milliammeter works on the same principle 
as the suspended-coil galvanometer, but it is constructed in such a 
way as to make it robust and portable (Fig. 484). 

The coil, which is wound on a light aluminium former, is pivoted 
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on jewelled end bearings and carries a pointer. The function of the 
aluminium former is to damp the movement of the coil and so make 
it “dead beat’’. That is to say, the pointer swings out to a deflection 
and comes to rest immediately instead of oscillating to and fro. 
This is a case of “eddy current” damping, and will be more fully 
understood after reading chapter 43. Briefly, as soon as the coil 
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Fig. 484. Details of moving-coil milliammeter 


starts to move, the former cuts the magnetic flux. This sets up an 
induced current which opposes the motion of the former. 

The control couple is provided by two phosphor-bronze hairsprings 
which also serve as current leads to the coil. These springs are wound 
in opposite directions to compensate for thermal expansion. The 
passage of current causes the springs to become slightly warm and to 
expand. Since, however, they expand in opposite directions, the 
resultant turning effect on the coil is zero. 

When current is passed through the milliammeter the coil deflects 
and comes to rest in a position where the deflecting couple is just 
balanced by the control couple set up by the springs. 

Pivoted moving-coil instruments are made in various ranges 
from those with a full-scale deflection (f.s.d.) of a few microamperes 
up to 25 or more milliamperes. Some have a centre zero for use in 
null-deflection experiments with Wheatstone bridges and potentio- 
meters (chapter 40). 


Ammeters and voltmeters 


Ammeters and voltmeters are electric measuring instruments fitted 
with scales which have been graduated respectively to read current 
in amperes and potential difference in volts. The correct method of 
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Fig. 485. A shunt increases the range of 
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connecting an ammeter and a voltmeter in a circuit is shown on 
page 430. 

An ammeter is always placed in series with the resistance or other 
circuit components through which the current is to be measured. 
Ammeters should therefore have a /ow resistance compared with 
that of the rest of the circuit, so that they do not introduce unwanted 
resistance. 

A voltmeter is always placed in parallel with the resistance or 
apparatus across which the potential difference has to be measured. 
Voltmeters ought therefore to have a high resistance compared with 
the resistance across which the voltage is to be measured, so that they 
take a comparatively negligible current, and so disturb the circuit as 
little as possible. 


Construction of an ammeter. Use of shunts 


Moving-coil instruments are not made to take currents of more 
than a few milliamperes. If designed for larger currents the coil would 
have to be wound with much thicker wire, and the resultant instru- 
ment would be both clumsy and expensive. Fortunately there is an 
easy way out of the difficulty. When currents of several amperes 
have to be measured a low resistance which by-passes the greater 
part of the current is placed in parallel with a milliammeter, and then 
only a small known fraction of the total current passes through the 
meter itself. A resistance used in this way is called a shunt. 

Suppose, for example, a milliammeter of resistance 5 and full- 
scale deflection 15 mA is to be used for the purpose of measuring 
currents to 1:5 A. It would be necessary to use a shunt which passed 
(1-5 — 0-015) = 1-485 A while the meter carried only 0:015 A 
(Fig. 485). We shall now show how to calculate the value of the shunt 
required. 

Let the resistance of the shunt be R. Since the shunt and the 
meter are in parallel, there will be the same potential difference V 
across each. We can use this fact to obtain two equations from which 
R may be calculated. 


Remembering that p.d. = current x resistance 
we may write: 

for the milliammeter K=0015 x 5 

and for the shunt, V= 1-485 x R 


equating the right-hand side of these equations, 


1-485 x R=0-015 x 5 
0-015 x 5 
1-485 
= 0:0505 2 


A shunt of this value would take the form of a short piece of fairly 
thick manganin wire or strip carefully adjusted to have the exact re- 
sistance required. Manganin is chosen for shunts, since its resistance 
does not alter when it is warmed by the heating effect of the current. 

When the shunt is in use the scale readings of the instrument are 
divided by 10 and called amperes instead of milliamperes. 

An ordinary ammeter with a range of 1-5 A will, of course, have 
its shunt connected up inside the case of the instrument. 


whence R= 
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Milliammeter used as a millivoltmeter 


The milliammeter described on the preceding page has a full- 
scale deflection of 15 mA and a resistance of 5 Q. It follows that the 
potential difference across it when it is giving a full-scale reading is 
given by 

p.d. = current x resistance 
=0-015 x 5 
=0-075V or 75 millivolts (mV) 


This milliammeter can therefore be used as a millivoltmeter provided 
scale readings are multiplied by 5 and called millivolts. Sometimes two 
scales are engraved on the same instrument, one in milliamperes and 
the other in millivolts. 


Use of a multiplier to convert a milliammeter into a volt- 
meter 


We have just seen that, provided we know its resistance, a milli- 
ammeter may be used as a millivoltmeter. Larger potential differences 
may be measured by placing a high resistance or multiplier in series 
with the milliammeter (Fig. 486). 

Suppose we wish to measure potential differences up to 20 V 
using a milliammeter of resistance 6 Q and full-scale deflection of 
10 mA. 

At full-scale deflection the p.d. across the milliammeter is given by 


p.d. = current x resistance 
=0-010 x 6 
= 0-06 V 


Since the total p.d. across the instrument and multiplier together 
has to be 20 V, it follows that the p.d. across the multiplier alone is 
20 — 0-06 = 19-94 V. 

Let the resistance of the multiplier be R. The same current, 
0-01 A, passes through both instrument and multiplier. Hence 


_ _P.d. 
current 

_ 1994 
0-01 

= 19949 


When used with a multiplier of this value the readings of the 
milliammeter are multiplied by 2 and called volts. 

Unlike the shunt used in an ammeter, the multiplier used in a 
voltmeter has a high resistance, and is therefore made of a fairly long 
length of double silk-covered manganin wire wound on a bobbin. 

The commercial milliammeter shown in Fig. 487 may be obtained 
together with various shunts and multipliers for different current and 
voltage ranges. Note that the shunts are connected in parallel, and 
multipliers in series with the instrument. An obvious advantage is 
that it is cheaper to buy an extra shunt or multiplier instead of a 
complete meter of the required range. 
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Fig. 487. Universal current indicators. These moving-coil instruments 
are basically milliammeters with a range of 0-15 mA and 0-75 mV and 
may be fitted with multipliers (left) or shunts (right) which enable 
them to measure a greatly increased range of voltages and currents 


Moving-iron instruments 


Apart from the moving-coil instruments, there is another important 
class of meters known as moving-iron instruments. These are of two 
types, one based on repulsion and the other on attraction. 

The repulsion moving-iron instrument consists of a coil inside which 
are two soft-iron bars, one fixed and the other attached to a pivoted 
pointer. A hairspring is attached to the pointer spindle to provide the 
control couple (Fig. 488). 
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Fig. 488. Moving-iron (repulsion) instrument 


When current is passed through the coil both soft-iron bars become 
magnetized with like poles adjacent. Repulsion therefore takes place 
and the pointer deflects until the turning moment due to the repulsion 
is just balanced by the opposing torsional couple in the spring. 

With an instrument of this type the pointer oscillates for some time 
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before settling down to a steady deflection, unless steps are taken to 
prevent it. One method is to fix a light aluminium vane to the 
moving part. Air resistance to this slows down the oscillation 
(Fig. 488 (ii)). The damping effect is made more efficient if the vane 
is able to move inside a small box or air dash-pot (Fig. 489). 
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Fig, 489. Moving-iron ammeter (improved pattern) 


One disadvantage of the moving-iron instrument is that its scale 
is not linear or evenly divided. This arises from the fact that the 
force of repulsion between the irons is approximately proportional 
to the square of the current. The graduations tend to be crowded 
together at the beginning of the scale, and therefore low readings are 
apt to be unreliable. Nevertheless, by making the fixed iron curved 
and tapering as shown in Fig. 489 the scale is considerably improved. 

In the attraction moving iron instrument a specially shaped piece 
of soft iron with a pointer attached is pivoted near to the open end of a 
short solenoid (Fig. 490). 

When current is passed through the solenoid it becomes magne- 
tized and the soft iron is drawn into it with a force which depends 
approximately on the square of the current. The control couple is 
provided by a hairspring. The scale is unevenly divided like that of the 
repulsion instrument. 

Both types of moving-iron instrument can by the addition of 
suitable shunts or multipliers be used either as ammeters or voltmeters. 


Use of moving-iron instruments for measuring a.c. 


The main advantage of moving-iron instruments is that they can be 
used with alternating current (a.c.) as well as direct current (d.c.). 
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Pivot 
= 
Ne 
\ 
\\ <— Coil 
Air dash pot 
to damp 
oscillation of 
pointer 


Fig. 490. Moving-iron (attraction) 
instrument. (The control couple is 
obtained from a hairspring attached to 
the pointer—not shown in the diagram) 
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Direct current flows in one direction only, while alternating current 
flows backwards and forwards many times a second. For example, 
a.c. from the electric supply mains has a frequency of 50 Hz, ice., it 
oscillates at 50 cycles per second. 

When a.c. is passed through a moving-iron repulsion instrument 
both irons will have their polarity reversed when the current reverses. 
They therefore continue to repel one another, and so a deflection is, 
obtained whatever the direction of the current. On the other hand 
if a.c. were passed through a moving-coil instrument the direction 
of the couple on the coil would change 50 times a second. The average 
couple is therefore zero and no deflection occurs. 


QUESTIONS: 39 


1. A moving-coil galvanometer has a resistance of 40 Q and gives a full- 
scale deflection of 2 mA. 


(a) What is the potential difference across its terminals when this current 

is flowing? 

(6) How can the galvanometer be converted into a voltmeter? 

(J.M.B.) 
2. With the help of a diagram, describe a moving-coil ammeter and explain 
its action. State and explain how the deflection of such an ammeter for a 
given current would be altered if the strength of the magnet were increased, 

A moving-coil ammeter of resistance 5 2 measures a maximum current 
of 50 mA. How can it be adapted to measure a maximum current of 5 A? 

(L.) 
3. Draw a clearly labelled diagram of a moving-coil meter and explain 
how it works. 

Discuss: (a) the damping, and (6) the factors affecting the sensitivity 
of the instrument, 

A meter has a resistance of 20 2 and gives a full-scale deflection when 
a current of 50 mA passes through it. Calculate the value of the resistances 
which must be used so that the meter may measure: (a) currents up to 2 A, 
and (4) potential differences up to 100 V. (A.E.B.) 
4. Describe a moving-coil galvanometer and explain the principle on which 
it works. What features of the design will make such a galvanometer 
sensitive? 

A galvanometer of resistance 20 Q is to be provided with a shunt such 
that only one-tenth of the whole current in a circuit shall pass through the 
galvanometer. What is the resistance of the shunt ? (Ww) 

5. An ammeter gives its full-scale reading for a current of 0-1 A and its 
resistance is 0-5 ©. Explain how you would adapt it: (a) to give a full- 
scale of 2 A; (6) for use as a voltmeter to read up to 100 V. (0.C., partqn.) 

6. Describe the construction of a moving-coil galvanometer. Explain the 
principles of its action. 

Explain how a sensitive moving-coil galvanometer may be converted 
to serve: (a) as an ammeter, and (4) as a voltmeter. 

A moving-coil meter which gives full-scale deflection with 0-005 A is 
converted to a voltmeter reading up to 5 V, using an external 975 Q 
resistance. What is the resistance of the meter? (0.) 
7. A voltmeter gives a full-scale deflection when the potential difference 
between its terminals is 1 V. Its resistance is 4009. How would you 
convert it: (i) to give a full-scale deflection with a p.d. of 10 V; (ii) to work 
as an ammeter reading up to 250 mA? (C.) 

8. A steady current in a circuit is read by an ammeter. A piece of wire of 
resistance 1:2 2 connected across the terminals of the ammeter causes the 
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reading to change from 2-0 to 1:5A. Calculate the resistance of the 
ammeter pointing out any assumption you need to get an answer. 
(O.C., part qn.) 

9. Name Two types of instrument which are used to measure a current of 
electricity. Describe the structure and explain the action of onE of them. 

If such an instrument has a resistance of 2:5 Q and gives a full-scale 
deflection when a current of 10 mA passes through it how would you 
modify it: (a) to act as an ammeter reading to 2 A; (6) to act as a voltmeter 
reading to 5 V? (J.M.B.) 
10. Describe a moving-iron ammeter and explain its action, pointing out 
why iron is preferred to steel. Explain why this instrument can be used to 
measure both alternating and direct current. (L., part qn.) 
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For laboratory use, standard resistors are obtainable either singly 
or in boxes giving various ranges. A good standard resistor should 
not alter in value as it gets older, and should not be affected by 
changes in temperature. The wires used for standard resistors are 
therefore made from special alloys, the two generally used being 
manganin and constantan. Both of these increase in resistance only 
by about one-hundred-thousandth part per degree rise in temper- 
ature. In particular, the resistance of manganin is not affected by 
age. 


Tapered brass plug 


Brass blocks 
Insulating panel 
Insulating bobbin 


Non-inductively wound 
resistance coil 


Brass rod screwed 
into block 


Fig. 491. Construction of standard resistance box 


In order to avoid heating effects, only comparatively small currents 
should be passed through resistance boxes. In this respect they differ 
from rheostats (page 427), which are used for the purpose of control- 
ling fairly large currents in a circuit. Rheostats are designed to run 
fairly warm, and hence are wound on an open former so that air 
cooling can take place. 

Fig. 491 shows the details of construction of a plug resistance box. 
The ends of the resistance coils are connected respectively to adjacent 
pairs of brass blocks, which may be shorted by inserting a brass plug. 
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When the box is in use any particular resistance may be brought into 
the circuit by taking out the appropriate plug. Each resistance coil is 
wound in the form of a loop on an insulating bobbin. This makes it 
equivalent to two equal coils wound in opposite directions, and hence 
there will be no resultant magnetic field when current flows through 
it. Winding of this type is said to be non-inductive. Its importance will 
be explained in chapter 43. 


To measure resistance by the substitution method 


The unknown resistor R;, in ohms, to be measured, is connected in 
series with a cell and a galvanometer or milliammeter. A rheostat is 
connected across the latter to serve as a shunt (Fig. 492). The rheostat 
is then adjusted until the galvanometer gives a suitable deflection, 
which is noted. The unknown resistor is now taken out of the circuit 
and replaced by a resistance box. Without altering the rheostat, 
plugs are removed from the box until the galvanometer gives the 
same reading as before. The value of the box resistance R will now 
be equal to R;. 


Criticism of the substitution method 

The method of substitution is suitable only for measuring re- 
sistances of 100 Q or more. There are two reasons for this. First, it 
is not usual to employ resistance boxes containing fractions of an 
ohm, and therefore the resistance can be found only to the nearest 
ohm. Secondly, if the resistance of the rheostat and galvanometer is 
large compared with that of the unknown resistor the circuit is 
insensitive. This means that a change of several ohms or more in the 
box makes so little difference to the total circuit resistance that the 
change in the galvanometer deflection is too small to be detected. 

Satisfactory results can be obtained by this method only if the re- 
sistance of the rheostat and galvanometer are both small compared 
with the unknown resistance. 


To measure resistance by the ammeter-voltmeter 
method 


For this method we require a voltmeter of very high resistance and 
an ammeter of very low resistance. 

The unknown resistor, R, is connected in series with an ammeter, 
a rheostat, a plug key or other switch and one or more cells. The volt- 
meter is connected across the ends of R (Fig. 493 (a)). As a safety pre- 
caution to avoid damage to the ammeter through overload, the rheostat 
should be set to maximum resistance, before closing the circuit. The 
rheostat is then altered to give a series of suitable ammeter and volt- 
meter readings. 


p.d. 


Now, resistance = ~——— 
current 


Re Ries V _ voltmeter reading 
~ 7 ammeter reading 

The results may be entered in a table as below and a mean value 
for R calculated 


Rheostat used—__ 
as shunt 


Unknown 
4 4 


2 


Fig. 492. Measuring resistance by 
substitution method 


(a) For resistance lower than that 
of the voltmeter 


(b) For high resistances 


Fig. 493. Measuring resistance by 
ammeter—voltmeter method 
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Voltmeter Ammeter Sees 
V (volts) J (amperes) R= 7 (ohms) 
| | 
Mean val ohms 
Alternative treatment of results 
The equation = 4 may be written as 


V=RI 


Remembering that V and / are variables and R is a constant, we 
recognize this equation as being of the form, 


yz=mx 


In mathematics we learn that if a graph of y against x is plotted 
from values which satisfy this equation its gradient is equal to m. 
Hence if a graph is plotted of V against / its gradient will give the 
value of R. (The term “gradient” is explained on page 49.) 


Errors in the ammeter-voltmeter method 

In the circuit just described (Fig. 493 (a)) the voltmeter gives the 
true p.d. across R, but the ammeter reads the current through R plus 
the current going through the voltmeter. If, however, the voltmeter 
resistance is very high compared with R the current through the volt- 
meter will be comparatively small, and hence the error made in 
calculating R will be negligible. 

This circuit would, of course, give absurd results if the unknown 
resistance were of the same order of magnitude or greater than that of 
the voltmeter. Under these conditions the true current through R 
would only be approximately half that given by the ammeter. Con- 
sequently, the value calculated for R would be about half what it 
should be. 

Fortunately the difficulty may be easily overcome. When high re- 
sistances are being measured the voltmeter is connected across R and 
the ammeter together as in Fig. 493 (6). The ammeter now gives the 
true current through R, while the voltmeter gives the p.d. across R 
plus the p.d. across the ammeter. If, as is usually the case, the re- 
sistance of the ammeter is very small compared with R the p.d. 
across it will likewise be small, and hence the error made in calcu- 
lating R will be negligible. 


Resistance of an electric lamp 


The ammeter-voltmeter method is an excellent one for measuring 
the resistance of an electric lamp when run at different voltages. The 
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circuit shown in Fig. 493 (a) is used in which the single cell is replaced 
by any convenient 6V d.c. source and the resistor R changed for a 
6V electric lamp. The results show that the resistance of the lamp 
filament increases with temperature. A mean value should therefore 
not be worked out. Instead, a graph of resistance against voltage is 
more instructive. 


The Wheatstone bridge 


One of the most accurate methods of measuring resistance was 
devised in 1843 by Charles Wheatstone, the first Professor of Physics 
at King’s College, London. It is now known as the Wheatstone- 
bridge method. 

‘Suppose that four resistors, R, S, P and Q in ohms are connected 
so as to form the four arms ab, be, ad and dc of a bridge or network 
(Fig. 494 (a)). A Leclanché cell is connected across ac and a sensitive 
centre-zero galvanometer across bd. The battery and galvanometer 
arms are provided with tapping keys, to which we shall refer as the 
battery* and galvanometer keys respectively. For the time being we 


Unknown 
resistance Resistance 
R box 


(a) Theoretical circuit (b) Practical circuit 


Fig. 494. The metre bridge 


shall suppose that R is an unknown resistance and that S, P and Q 
are standard resistance boxes. 

S, P and @Q are given values roughly equal to that of R and the 
battery key is closed. If the galvanometer key is also closed the gal- 
vanometer will usually give a deflection in one direction or the other. 
It is now possible, by suitably altering the values of the resistances S, 
P and Q, to “balance” the bridge, i.e., to obtain no current through 
the galvanometer when first the battery key and then the galvano- 
meter key is closed. 

Suppose the current entering the network at a divides up into /, 
through R and /, through P. If no current flows through the galvano- 
meter the current through S and Q must also be equal to /, and /, 
respectively. Also, since no current flows through the galvanometer, 
the potentials of b and d must be equal. Hence, for a balance, or 
null deflection of the galvanometer, 


* Although only a single cell is generally used, it is usual to speak of the battery 
key and not the cell key in this circuit. 
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p.d. across R = p.d. across P 


and p.d. across S = p.d. across Q 
or, since p.d. = current x resistance 
L,R=1,P 
and LS = 1,0 
= LR _ LP 
Dividing, Ts 50 
whence Re te 
Ss @ 
ty 


i.e., the unknown resistance R = S x 7) 

Earlier on we described S, P and Q as being three standard re- 
sistance boxes. However, since only the ratio of P to Q is required for 
calculating R, Wheatstone found it more convenient to replace P and 
Q by a uniform resistance wire which could be divided into two parts 
by a movable contact. He used this principle in the metre bridge form 
of the Wheatstone bridge. 


The metre bridge 


The metre bridge consists of a straight uniform resistance wire AB, 
1 m long, stretched over a boxwood scale graduated in millimetres 
and mounted on a board (Fig. 494 (b)). The ends of the wire are 
soldered or clamped to two stout copper or brass strips a and c, and 
a third and longer strip b is screwed to the board parallel to the wire. 
Terminals are provided on the strips for making the necessary con- 
nections, and a movable contact or jockey enables contact to be made 
at any point along the wire. 

The theoretical circuit shown in the diagram should be compared 
with the practical circuit. The unknown resistance R is connected in 
the gap between strips a and b, and a standard resistance box S in the 
gap between b and c. A sensitive centre zero galvanometer is inserted 
between b and the contact on the wire at d. A cell and a tapping key 
are connected across ac. 

The resistance box S is first adjusted to a value equal to the rough 
estimated value of R. The battery key is then pressed, and afterwards 
contact with the jockey is made at various points along the bridge 
wire until a point is found for which the galvanometer gives null 
deflection. 

We have already seen that the two resistances P and Q in the theo- 
retical circuit are formed by the two lengths of bridge wire /, and /, 
in the practical circuit. Since the wire is of uniform area of cross- 
section, the resistance will be proportional to the length of wire and 
therefore 


seal 

Qh 
Hence instead of using R=Sx 5 
we write R=S*x h 
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Precautions when using a metre bridge 


(1) The value of the known resistance S should be chosen so that 
the balance point comes somewhere on the “middle third” of the 
wire, i.e. the balance point should come between about 30 and 70 cm. 
It is bad practice to have a balance point near one end of the wire. 
For example, suppose the length /, was 1 cm. Assuming that the 
balance point can be read to within half a millimetre on the scale, 
the percentage error on the length of 1 cm would be “ x 100=5 
per cent. On a length of 50 cm the percentage error would only be 
oe x 100 = 0:1 per cent. Secondly, most metre bridges require an 
end correction which may be expressed in centimetres of bridge 
wire. This arises from the solder or contact resistance where the wire 
joins the copper end strips. On short lengths of wire the end correction 
will be a very high percentage of the measured length, and hence the 
calculated value of R will be unreliable. On the other hand, if /, or /, 
are greater than about 30 cm, the percentage error will be very much 
smaller. 


(2) The battery key should always be pressed before the galvano- 
meter contact is made on the bridge wire. This is to ensure that a 
steady current is flowing in the circuit before attempting to find the 
balance point. Otherwise a counter e.m.f. due to self-induction may 
be set up somewhere in the circuit which would render it impossible 
to find the exact balance point. Self-induction is explained in 
chapter 43, 


(3) When the first balance has been obtained the resistors R and S 
should be interchanged and a second pair of values of /, and /, ob- 
tained. This compensates for errors due to the position of the milli- 
metre scale with respect to the wire and, to some extent, for errors 
due to slight lack of uniformity in the wire. 

It should be noted that interchanging the resistors does not 
eliminate the end errors mentioned earlier. A method of correcting 
for these will be found in more advanced textbooks. 


Factors affecting the resistance of a wire at constant 
temperature 


When resistors are being made, short lengths of thick wire are used 
for the low resistances and long lengths of thin wire for the high re- 
sistances. Besides length and thickness the material of which the wire 
is composed is another important factor to be considered when 
deciding the length and gauge of wire for a particular resistance. 

Suppose, for instance, that the length of a given wire is doubled. 
This doubles the resistance, since twice the length of wire is equivalent 
to two equal resistances in series. If the length of wire is increased five 
times the resistance likewise becomes five times its previous value, 
and so on. The resistance of a wire is therefore proportional to its 
length, /, or in symbols, 


Bitobo, mahanened 60 noret(l) 
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With regard to the thickness or area of cross-section of the wire, 
thick wires may be regarded as equivalent to a number of thinner 
wires of equal area joined in parallel. Doubling the area will therefore 
halve the resistance and so on. In other words, the resistance of a wire 
is inversely proportional to its area of cross-section, A, or 

1 


Rice F) Sins we eas tee Q) 


Resistivity 
By measuring the resistance of: 


(a) various lengths of wire of the same thickness and made of a 
given material; 

(6) several wires of equal length but different areas of cross-section 
also of the same material; 


we may verify the relations (1) and (2) above. 


Thus, by experiment Ral 
1 
and Rea 7 


combining these two results, we obtain 


Rerx4 


A 
This relation may be turned into an equation by putting in a constant. 
_ol 
Thus, R= 7 


where p is a constant called the resistivity of the material of the wire. 
If, in this equation, we write / = 1 m and 4 = | m? 
lm P 


R= 0X iat eee 


whence p = Rohm metre 


From this expression we see that the resistivity of a material is 
expressed in ohm metre units and is numerically equal to the resistance 
of a conductor made of the material of length 1 metre and area of 
cross-section 1 metre’. 

We talked in terms of ohms and metres in the foregoing discussion 
from which we see that the SI unit of resistivity is the ohm metre 
(Qm). 

The sub-unit, ohm centimetre (Q cm) is often used especially when 
dealing with wires of small diameter. 


To measure the resistivity of constantan 


A metre-bridge circuit, in which the unknown resistance consists of 
a length of constantan wire, is connected up as in Fig. 494 (6). It is 
convenient to use from 0-75 to 1 m of wire for this purpose, and the 
experimenter must use his own ingenuity to ensure that the length of 
wire between the terminals is measured as accurately as possible. One 
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way of doing this is to begin by clamping one end of the wire under 
the terminal on a. The zero end of a metre rule is then placed at the 
point where the wire leaves the terminal. The wire, which has pre- 
viously been freed from bends and kinks, is now laid along the rule 
and the required length, /, indicated by the thumb-nail when the 
wire is held between finger and thumb. Without allowing the finger 
and thumb to slip, the wire is placed in position under the terminal on 
6 and the screw securely tightened. 

The value of the resistance in the box, S, is adjusted so that a 
balance point is obtained somewhere near the middle of the bridge 
wire. The lengths /, and /, of the bridge wire segments are noted and 
a second pair of values obtained when the constantan wire and the 
resistance box S are interchanged. The mean value of /,/I; is used to 
find R from the expression 


The next part of the experiment is to find the mean diameter, d in 
metres, of the wire. With the aid of a micrometer screw gauge, the 
diameter of the wire is measured at ten or more different places along 
the wire. At each place chosen, the diameter is noted in two directions 
at right angles, in case the wire is not truly circular, The mean 
diameter of the wire is found from the readings and used to calculate 
the area of cross-section A of the wire in metres?. 


Thus, A=7 * (radius)? 
i 2 
Sa (yesy 
Pees _ ad? 
or, in m’, A= i 


Calculation of the resistivity 
R= (page 486) 


therefore,inQm, p= ak 

hence, substituting for 4 and R, the value of p in Qm 
2 

is given by p= af R 


Note that, since we are working in SI units, we expressed all our 
length measurements in metres before substitution in the equation. 


The potentiometer 


The potentiometer is a piece of apparatus for comparing potential 
differences. The simple potentiometer used in elementary work con- 
sists of a length of two or more metres of uniform resistance wire 
mounted on a board between thick brass or copper strips of negligible 
resistance. A millimetre scale is fixed to the board for measuring the 
distance from one end of the wire to the position of a sliding contact 
or jockey. 

When the potentiometer is in use a 2V lead accumulator or a 
battery of two alkaline cells in series is connected across the wire so 
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that a steady current flows in it. Since the wire is uniform, there will 
thus be a steady fall in potential along it. In circuit diagrams the 
symbol for a potentiometer is a straight line AB to represent the wire 
together with an accumulator E connected directly across it (Fig. 495) 


One lead cell or 
£,, two alkaline cells 


Potentiometer 


Safety high resistance 
and shorting key 


Leclanche H 
Ey 


& oY 
t 2 5 Two way key 


Daniell 
Fig. 495. Comparing e.m.f.s by potentiometer 


The method of using the potentiometer will be explained first and the 
theory, afterwards. 


To compare the e.m.f.s of two cells by using a potentio- 
meter 


The potentiometer can be used to compare the e.m.f. of any two 
cells, provided each has an e.m.f. less than that of the driver cell E. 
Suitable cells to use in this experiment are a Leclanché and a Daniell 
cell. 

Each cell is taken, in turn, and its positive terminal connected 
through a sensitive centre-zero galvanometer and safety resistor to 
the positive terminal of the potentiometer A (Fig. 495). For this pur- 
pose, a two-way key is convenient though not essential. For each cell 
the position of the contact C along the wire is adjusted until no 
current flows through the galvanometer. It is easy to damage the 
galvanometer by too large a current if contact is made on the wire 
far from the balance point. A safety resistor of 2000 or more is 
therefore placed in series with the galvanometer to protect it by 
limiting the current. Once the balance Roint has been located approxi- 
mately, the safety resistor is shorted ut by closing the key K, and 
the final adjustment made with the galvanometer at maximum 
sensitivity. 

If E, and E, are the e.m.f.s of the Leclanché and Daniell cells re- 
spectively and /, and /, the corresponding lengths of potentiometer 
wire for a balance, then 


Theory of the potentiometer 


In that portion of the circuit comprising the segment of poten- 
tiometer wire AC, the safety resistor and galvanometer, the cell £, 
tends to drive current in a clockwise direction. At the same time the 
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potential difference across the wire AC due to the current flowing in 
it from the driver cell E tends to drive current in an anticlockwise 
direction. Current will therefore flow through the galvanometer one 
way or the other, depending on whether the e.m.f. E, is greater or 
less than the p.d. across AC. 

When the position of C has been adjusted until no current flows 
through the galvanometer the e.m.f. E, is equal to the p.d. across the 
wire AC. 

Since the potentiometer wire is uniform and there is a steady 
current flowing through it, it follows that each unit length of wire will 
have the same p.d. across it. Therefore, the p.d. between any two 
points on the wire will be directly proportional to the length of wire 
between them. 

Hence, if /, and /, are the balance lengths for the cells of e.m.f. Ey 
and E, respectively, we have 


When the experiment is carried out as described above the result 
obtained is simply the ratio of the e.m.f. of the two cells concerned. 
The Daniell cell can, however, be used to standardize* a potentio- 
meter so that it can be used to measure e.m.f. The e.m.f. of a Daniell 
cell freshly made up with pure materials keeps remarkably constant, 
and is equal to 1-08 V. 

If the balance length for a Daniell cell is /, in cm it follows that 
the p.d. across a length /, in cm of wire is 1-08 V, and hence the p.d. 
1-08 V 

h 

If the balance length for any other cell of e.m.f. £, is /, in cm then, 
in volts, E= 18 xh 

2 

In this way, the actual value of the e.m.f. £, may be calculated in 

terms of that of the Daniell cell. 


per cm of wire is 


QUESTIONS: 40 


1. Draw a circuit to show the voltmeter-ammeter method of measuring 
resistance. What would be the effect on the reading of the ammeter if the 
voltmeter had a resistance comparable with that of the resistance? State 
briefly why. (S.) 
2. State Ohm’s law and show how it leads to a definition of electrical 
resistance. 

Describe in detail a method for determining the resistance of a length of 
wire, 

If the wire has a resistance of 1:32 Q, a length of 110 cm and an area 

of cross-section of 0:004 15 cm, find the resistivity of the material of which 
it is made. (L.) 
3. You are supplied with an accumulator, ammeter, voltmeter, rheostat, 
key, copper wire and an unknown resistance ¥. Describe with the aid of a 
circuit diagram, how you could use this apparatus to determine the 
resistance X. 


* In this very accurate work a Weston cadmium cell is used for standardizing 
purposes. It has an e.m,f. of 1-018 V. 
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Explain why the method does not lead to an accurate result. 

A cell having an e.m.f. of 1-5 V and an internal resistance of 2:0 Q is 
connected in series with an ammeter of resistance 0:5Q and a 5:02 
resistance. What will be: (i) the ammeter reading, and (ii) the potential 
difference across the terminals of the cell? (J.M.B.) 
4. State Ohm’s law and define resistance. 

Describe, with the aid of a circuit diagram, how you would determine 
the resistance of a conductor, using a Wheatstone bridge. 

In a metre-bridge circuit it is found that zero deflection is obtained in 
the galvanometer when the sliding contact is at the 50cm mark. When a 
6Q resistor is connected in series with the resistor in the left-hand gap, 
the balance point moves to the 75cm mark. Calculate the value of the 
resistors originally in the bridge circuit. (A.E.B.) 
5. Draw a circuit diagram to show how you would use the substitution 
method to measure the resistance of a coil of wire believed to be in the 
region of 150 9. Label each of the components, indicating appropriate 
values of e.m.f., resistance or range as applicable. 

Why is this method generally unsuitable for the measurement of 
comparatively low resistances? 

6. What length of resistance wire of diameter 0-6 mm and resistivity 
1-1 x 10-°Qm, would you cut from a reel in order to make a 442 
resistor? 

7. A wire 100 cm long and 1:0 mm diameter has a resistance of 0:6 Q. 
What is the resistance of a wire of the same material 150 cm long and 
0-5 mm diameter? (J.M.B.) 
8. Describe how to use a Wheatstone bridge to find the resistance of a piece 
of wire. Give the theory of the method and the practical details of the 
experiment. 

The resistance of 100 cm of a thin strip of metal is found to be 2:50 Q. 
The cross-section of the strip is a rectangle 2:00 mm x 0:50 mm, Caiculate 
the resistivity of the metal. (G) 


9. What is meant by the resistivity (specific resistance) of a material? How 
would you find its value experimentally for a manganin wire? 

Two wires A and B, of different materials, are to be made of exactly the 
same length and so that they share the current equally when joined in 
parallel to a cell of constant e.m.f. Compare the diameters of the wires 
used, (L.) 
10. Define electrical resistance and resistivity. 

How would you determine the resistance of an electric lamp while it is 
in use? 

Calculate the resistance of a 5:46m length of lead strip, 0-450 cm wide 
and 1:25 mm thick. What length of similar strip but made of copper 
would have to be put in parallel with the lead strip for the effective resistance 
of the combination to be 0-100 2? (Resistivity of lead = 20-6 x 10-° 
Q cm; resistivity of copper = 1°72 x 10-*Q cm.) (C.) 
11. State Ohm’s law and define resistance. Distinguish between resistance 
and resistivity. 

Compare the resistances per unit length of aluminium and copper wires 
of the same mass per unit length. (Resistivity of copper = 1:7 x 10-° 
Qcem; density of copper = 8-9 g/cm*; resistivity of aluminium = 
2:8 x 10-6 2 cm; density of aluminium = 2-7 g/cm*.) (0.C.) 
12. Explain the principle of the potentiometer, Describe how you would 
use this instrument to compare the electromotive forces of two cells. 

The metre wire of a potentiometer has a resistance of 5 2. A Leclanché 
cell having an e.m.f. of 1-53 V gives a balance point 90 cm down the wire. 
What is the current through the wire, and where would the balance point 
be for a Daniell cell having an e.m.f. of 1-08 V? (0.) 


Electricity plays so large a part in the modern world that it would be 
difficult to imagine life without it. Energy generated by hydro-electric 
and nuclear power stations is transmitted cheaply to big towns and 
industrial areas and its distribution in country districts eases the 
labours of farmers and dairymen. The advantage of electricity is the 
ease with which it may be converted into light, heat and other forms 
of energy. Electric light is taken for granted almost everywhere, and 
in a great number of homes radio and television are regarded as 
necessities. Housewives appreciate the cleanliness and convenience of 
electric heating and cooking, and their daily toil is lightened by 
electric washing machines, polishers and vacuum cleaners. The well- 
equipped house may have more than a dozen items of electrical 
equipment, ranging from the refrigerator to the electric razor. Under- 
ground electric railways have helped to solve the passenger transport 
problem in many of the big cities of the world, and the replace- 
ment of steam by electric power in factories makes for a cleaner 
atmosphere. 


The electric arc 


Early in the nineteenth century Sir Humphry Davy showed that a 
brilliant source of light could be obtained by connecting a pair of 
carbon rods to a battery of e.m.f. greater than 40 V. This source 
consisted of an arc or incandescent flame which was struck by 
bringing the ends of the rods together and drawing them slightly 
apart. 

During the second half of the century considerable use was made 
of this form of illumination, and inventors showed much ingenuity 
in designing mechanism to strike the arc and advance the tips of the 
rods as they slowly burnt away. The cumbersome arc lamps of those 
days were expensive to run and maintain, but they were a great 
advance over gas lamps. Although after 1880 they were gradually 
replaced by filament lamps, yet they lingered well into the twentieth 
century for lighting streets, factories and theatres. 

Nowadays, arc lamps are restricted to such purposes as search- 
lights and projection lamps, where an intensely concentrated source 
is required. Fig. 496 shows a high power arc lamp designed for 
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lighthouse lanterns. It has metal electrodes surrounded by xenon 
gas. 

The temperature reached in the electric arc is in the region of 
3700°C. This is well above the melting points of metals, and therefore 
the main applications of the arc are in electric furnaces (Fig. 496), and 
welding equipment (Fig. 497). Two types of arc furnaces are used. The 
larger ones employ carbon arcs and are used for melting special steels. 
The smaller furnaces are used in research work. These have a tungsten 


(a) (b) 

Developed for use in lighthouses, this high-pressure xenon arc Steel melting furnace of 80 tonnes capacity. The electrodes have 
lamp provides a luminous intensity of 1 million candelas, yet it is just been withdrawn and the roof swung aside prior to top 
only about 30 cm long. (The candela is a unit of luminous charging 


intensity approximately equal to that of a candle) 


Fig. 496. Applications of the electric arc 


rod which acts as one electrode, while the metal to be melted forms 
the other electrode. 

In welding, a metal rod is connected to one terminal of the supply 
and the two pieces of metal to be joined are connected to the other. 
The arc is struck by touching the joint with the end of the welding 
rod. The heat generated melts the rod and the two components are 
fused together. 


Filament lamps 


The electric filament lamps with which we are familiar today had 
their origin in the late 1850s. During those years experiments were 
made with lamps consisting of short carbon rods contained in an 
evacuated glass globe. When current was passed the rods became 
white hot and gave out light, but at the same time the absence of air 
prevented the rods from burning away. The trouble with these early 
glow lamps, as they were called, was that the rods were very liable to 
break without warning. This prompted one inventor to take out a 
patent for a lamp with five rods. Each time a rod broke another one 
automatically came into operation until all were used up. 
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Eventually, Swan in England and Edison in America made greatly 
improved filaments using carbonized bamboo and cotton respectively. 
These had a useful life of at least 800 hours, and after 1880 filament 
lamps became a practical commercial proposition. 

At the beginning of the twentieth century it was found that a much 
brighter light could be obtained from the same consumption of elec- 
tric energy if tungsten filaments were used. Tungsten is a metal with 
the very high melting point of 3400°C, and therefore can be run at a 
temperature of 2000°C or more, compared with 1300°C for carbon. 


Fig. 497. A twin automatic flash butt arc welder in operation 


The early filament lamps were vacuum filled, but most lamps used 
today are gas filled. A little nitrogen or argon is introduced into the 
bulb at low pressure. This helps to prevent evaporation of metal from 
the filament and enables the lamps to be run at a much higher 
temperature. The higher the temperature, the greater is the proportion 
of electric energy converted into light. 

The old carbon lamps converted very little of the energy into 
visible radiation and most of it into internal energy which was lost 
as heat. Tungsten filament vacuum-filled lamps are twice as efficient 
from this point of view while the coiled-coil lamps first introduced in 
1934 give up to three times as much light as carbon lamps for the 
same consumption of electricity. 

A disadvantage of gas filling is that convection currents are set up 
which cool the filament, but by constructing the filament in the form of 
a coiled coil it occupies a much smaller space, and therefore the rate 
of loss of heat by convection is greatly reduced. 

Improvements go on all the time. For example, tungsten tends to 
evaporate and condense on the inside of the bulb thereby darkening 
it. In projector lamps this is eliminated by introducing a little iodine 
which forms tungsten iodide from the tungsten vapour and this re- 
mains as vapour when the lamp is burning. 
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Discharge lamps 


If some gas at low pressure is contained in a tube fitted with metal 
electrodes at each end the gas glows with a characteristic colour when 
a high voltage is applied to the electrodes. The electric field set up 
inside the tube causes ions present in the gas to move with high 
speeds. As a result of collisions which occur between ions and gas 
molecules, light is emitted of a colour which depends on the nature 
of the gas. Neon, for example, gives the familiar bright orange-red 
seen in advertising signs. 

Following the successful commercial introduction of these coloured 
gas tubes in the 1920s, manufacturers turned their attention to the 
development of discharge tubes for general illumination. One of the 
results of their research is to be seen in the orange sodium vapour 
lamps and the blue-green mercury vapour lamps used for street 
lighting. Although these emit coloured light, they give five times more 
luminous energy per watt than the best filament lamps, and so are 
cheaper to run. 


Fluorescent lighting 


Besides giving out coloured light, a mercury vapour discharge tube 
also emits ultraviolet light. When ultraviolet light, which is itself 
invisible, falls on certain minerals they glow brilliantly with various 
colours. This phenomenon is called fluorescence. Accordingly, the 
inside of a mercury discharge tube may be coated with a mixture of 
various powders which give out either a white or tinted light. Some 
of these powders contain beryllium compounds which are highly 
poisonous if they enter a cut in the skin. The greatest care should 
therefore be taken when handling a broken tube. Owing to the fact 
that they require special starting equipment, fluorescent lamps are 
initially more expensive than filament lamps. On the other hand, they 
are roughly three times as efficient. 


Heating by electricity 


The heating element in an ordinary radiant electric fire is a length 
of resistance wire which becomes raised to a temperature of about 
900°C when current is passed through it. The wire is supported on a 
fireclay rod or bar or coiled inside a fused silica tube. The alloy from 
which the wire is made is a mixture of nickel and chromium which 
resists oxidation in air when red hot. 

In the convector type of heater the element is raised to a tempera- 
ture of only about 450 °C. This is popularly known as black heat, 
and the elements in this case are not designed to radiate but only to 
warm the air, which circulates through the heater by either free or 
forced convection. 

In another method of space heating current is passed through iron 
wires embedded in the concrete of floors and the plaster of walls and 
ceiling. Storage heaters use cheap electricity during the night and 
store up internal energy in fireclay blocks which subsequently is 
given out as heat. 

Many domestic electric appliances contain heating elements. The 
kettle, laundry iron, toaster and electric blanket are examples which 
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readily come to mind, and the reader will be able to think of at least 
a half a dozen others. Whenever electricity is used for heating water 
or other liquids the element is well insulated and enclosed in a metal 
tube or sheath. Jt is important not to let the element come into direct 
contact with water, otherwise the latter will become live and therefore 
dangerous. 

The elements of laundry irons are made of strip instead of wire, so 
that they are as flat as possible and also present a large surface for 
conducting away heat into the sole of the iron. Elements of this 
type are wound on mica and sandwiched between two thin sheets of 
the same material. Mica is a mineral which can be readily cleaved into 
thin sheets or laminae. It is not only highly insulating but can also 
withstand high temperatures. 


Energy in an electric circuit 


Before studying the rest of this chapter the reader should revise 
definitions, given earlier in the book, of the following quantities: 
joule, watt, ampere, coulomb, volt and ohm. 

When a potential difference is applied to the ends of a conductor 
some of the electrons inside it are set in motion by the electric forces. 
Work is therefore done and the electrons acquire energy. The moving 
electrons form an electric current, and the energy of this current 
appears in various forms according to the type of circuit of which the 
conductor forms a part. Thus, radio transmitters convert the energy 
of rapidly oscillating electric currents into energy in the form of 
electromagnetic waves. The function of a radio or television receiver 
is to convert wave energy back into electric current energy, and thence 
into energy of sound and light. An electric motor is designed to con- 
vert as much of the electric energy as possible into mechanical energy 
of rotation. In the element of an electric fire the energy of the current 
is converted into internal energy which is then given out in the form 
of heat. 

In the present chapter we shall be concerned mainly with cases such 
as the last mentioned, where the current flows through a simple 
resistor and all the electric energy is eventually converted into heat. 


Calculation of the work done by an electric current 


From the definition of the volt (page 426), it follows that if a p.d. of 
1 volt is applied to the ends of a conductor and 1 coulomb of elec- 
tricity passes through it the work done is 1 joule. 

Hence if the p.d. applied is V in volts and the quantity of electricity 
which passes is Q in coulombs the work done is VQ in joules. 


But Q =ccurrent in amperes x time in seconds 
or Q = It coulombs 
therefore work done in joules= VQ =VvVit . (i) 


Two other expressions for the work done may be obtained by using 
the equation based on Ohm’s law and substituting 


either V=IR 


or i= 4 in the expression (1) above 
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Thus, work done in joules = Vit= JR Xx It=FPRt . (2) 
2, 
and also work done in joules = V/t = V x a = nm yl 


The work done becomes transformed into internal molecular energy 
in the conductor, accompanied by a rise in temperature. Subsequently 
this energy may be given out in the form of heat. We thus have three 
alternative expressions for the heat produced in terms of V, Jand R. 


Joule’s laws of electric heating 


About the middle of the nineteenth century James Joule of Man- 
chester carried out a number of experiments to investigate the heating 
effect of an electric current. His results are now known as Joule’s 
heating laws and may be stated as follows. 

The heat produced when a current passes through a wire is propor- 
tional to: 


(1) the square of the current (J*), 
(2) the resistance of the wire (R); 
(3) the time (r). 
Mathematically, Joule’s laws may be expressed as 
Heat oc I’Rt 
Joule’s experimental result thus agrees with the expression, 
work done (or heat produced) in joules = /?Rr 


which we have previously obtained from first principles, using our 
present definitions of the volt, ampere and ohm. 


Electric power 


If a piece of electrical equipment is examined it will usually be 
found to have a label or engraved plate giving the working voltage 
and the power consumption in watts. For example, an electric lamp 
may be marked 240 V 60 W, or a fire 240 V 3 kW. The abbreviation 
kW stands for kilowatt (1 kW = 1 000 W). 

By definition (page 90) a power of | watt is a rate of working of 
1 joule per second, and therefore 


power in watts = rate of working in J/s 
2 
The three expressions, Vit, ?Rt and sas (as above) represent the 


work in joules done by the current in time ¢ in seconds. Hence the 

wattage or power in J/s is found by dividing each expression by 1. 

___work in joules 

~~ time in seconds 

= et = VI (= volts x amperes) 

_ PRt 

it 

a Wt Se yolts* 
~~ ohms 


Thus, power in watts 


=[R (= amperes’ x ohms) 


RE R 
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Electricians use these expressions frequently. It is advisable to 
memorize the first one in words. 
iLe., watts = volts amperes 


The other two expressions may then be derived from this by sub- 
stituting for either volts or amperes, using the formula 


volts = amperes x ohms 


Example. Find (a) the current taken, (b) the resistance of the fila- 
ment of a lamp rated at 240 V 60 W. 


watts = volts x amperes 


watts 
therefore amperes = 7S 
60 
hence current taken = 240 = 0-25 A 
also ohms = pols 
amperes 
Fi 240 
hence resistance of filament = i= 960 ©. 


Board of Trade unit of electric energy. The kilowatt hour 


If an electricity meter is inspected it will be found to have the 
abbreviation kWh inscribed on it. This stands for kilowatt hour, 
which is the commercial unit of electric energy. 

As its name implies, the kilowatt hour is the energy supplied by a 
rate of working of 1000 watts for 1 hour 


or 1 kilowatt hour = 1000 watt hours 
= 1000 joules per second for 1 hour 
= 1000 x 60 x 60 joules 
= 3600000 joules 
= 3-6 megajoules (MJ) 


When working out problems on the consumption of electric energy 
it is unnecessary to convert to joules. It will be found more con- 
venient to work in watt hours, as the following example illustrates. 


Example. Find the cost of running five 60 W lamps and four 100 W 
lamps for 8 h if electric energy costs \-Sp per unit. 


Total power consumption=(5 x 60)+(4 x 100) = 700 watts 
Time = 8 hours 
Therefore energy consumed = 700 x 8 = 5600 watt hours 
5600 kilowatt 
~T000 hours 
= 5:6 kWh 
Cost = 56 x 1-5 = 8-4p. 


The hot-wire ammeter 


The heating effect of a current can be used for the purpose of 
current measurement. 
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Fig. 498 illustrates the construction of a hot-wire ammeter. The 
main feature is a fine platinum-silver wire AB, to the centre of which 
is attached a second wire MC. To the centre of MC is attached a 
phosphor-bronze strip which, after passing round the spindle of a 
pointer, is held taut by a spring P. 

When current passes through the platinum-silver wire its tempera- 
ture rises and it expands, The resulting slackness is taken up by the 
spring, which keeps the wires taut by pulling the phosphor-bronze 

AMPERES 
5:28. ? 


Phosphor bronze strip wound 
round pointer spindle 


Wire to magnify 
movement 


—___ Zero adjusting 
screw 


Spring 


Shunt 
Fig, 498, Hot-wire ammeter 


strip towards the right. At the same time the movement of the 
strip rotates the spindle and causes the pointer to move over a 
scale, 

Zero adjustment of the pointer is made by means of a screw which 
bears against the U-shaped spring S. 

Since the heating effect is independent of the direction of the 
current, the instrument has the advantage that it may be used to 
measure alternating as well as direct current. Owing to the fact that 
the heating effect is proportional to the square of the current, the 
graduations on the scale are not equally spaced and have the dis- 
advantage of being crowded together at the beginning. 

The diagram shows a shunt resistance placed in parallel with the 
hot wire. Hot-wire instruments may also be used as voltmeters 
provided a multiplier or series resistance is placed in series with the 
platinum-silver wire (page 475). 


Domestic electric installation 


The cable bringing the mains electricity supply into a house con- 
tains two wires, one of which is “live” and the other “neutral”. The 
neutral wire is earthed at the local transformer substation, so it is at 
earth potential. At some convenient place inside the house the service 
cable enters a sealed box, where the live wire is joined to the Elec- 
tricity Board’s fuse. A fuse is a device containing a short length of 
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thin wire which melts and breaks the circuit if the current exceeds a 
safe value. 

In older installations wires are taken from the Board’s fuse box to 
individual main lighting and power switchfuses. A switchfuse is a 
suitable box containing the main fuses and a double-pole switch. If a 
cooker is installed it will have a fuse of its own. From a main 
switchfuse the supply is taken to a distribution box. Inside this there 
are two stout copper bars (the busbars), to which the entering supply 
wires are connected and also the sub-fuses serving the various house 
circuits. 

Tt is now more usual for the supply to be controlled at the intake by 
a Consumer's Service Unit. This consists of one large main double- 
pole switch combined with a single-pole fuse for each of the lighting 
circuits, ring circuit, cooker circuit and water heater circuit (Fig. 499). 


2-way switching 


AB, 5A 
Fuses C'p! 30a 


Consumer's service Live 
aa unit Cables - Eorth 
~-—~- Neutral 


Fig. 499. Domestic electric installation 


In modern domestic installations the power sockets are tapped off 
a ring circuit. This is a cable which is taken through the various rooms 
in the house and has both pairs of conductors connected to the one 
fuse. There is, therefore, a double path for the current to any 
particular circuit, which effectively doubles the capacity of the cable. 
A system such as this is used in conjunction with a special type of 
fused plug, rated to carry 13 A (Fig. 501). 

It will be seen from the circuit diagram that all light and power 
switches and fuses are placed in the live side of the supply. If they 
were in the neutral side the ceiling roses and power sockets would 
still remain live when the switches were in the off-position. It would, 
therefore, be possible to get a shock by touching the element of an 
electric fire even when it was cold and the current had beenswitched off. 


499 


500 


ELECTRICITY AND MAGNETISM 


With regard to the wiring, most authorities favour the use of 
BSRI (butyl and silicone rubber insulated) or PVC (polyvinyl 
chloride) sheathed cable enclosed in metal or PVC high-impact 
conduit. However, it is sometimes more convenient to use rubber or 
PVC sheathed cable for surface wiring in older houses. Cable may 
be buried under the plaster but it is advisable to provide mechanical 
protection if there is likelihood of accidental damage. 


Fuses 


The Electricity Board’s fuse is usually of the cartridge type, in 
which the fuse element is enclosed in a tubular container filled with 
quartz sand. The ordinary house fuses generally consist of short 
lengths of tinned copper wire or cartridge fuses fitted into carriers 
made of porcelain or other insulating material. The special fused plug 
used in ring circuits contains a small cartridge fuse with a capacity 
of 2, 5, 10 or 13 A to protect the flexible cable connected to the plug. 


Replacing a fuse 


When a fuse has blown the first step is to turn off the main switch 
before looking for the cause of the trouble, Sometimes a fuse melts 
simply because the wire is very old and has become weakened by 
oxidation, or it can melt by overloading the circuit. Frequently, 
fusing is caused by a short-circuit in flex where the insulation has 
become worn and frayed or by insulation failure of a component 
part of an appliance. If the cause cannot be traced or if a defect 
has occurred in the house wiring it is best to seek the advice of an 
electrician. Obviously the fault must be rectified before fitting a 
new fuse. 

The method of replacing a small cartridge fuse needs no special 
description: the old fuse cartridge is removed and a new one slipped 
into the clips provided. Certain precautions must be observed when 
replacing fuse wire in the ordinary type of carrier. First, all traces of 
the old wire must be removed. Secondly, new fuse wire must be 
chosen of the correct current capacity, and finally, the fuse wire must 
not be over-tightened so as to stretch and weaken it. Those who use 
odd pieces of any kind of wire, paper clips, etc., instead of proper 
fuse wire, are asking for trouble. 

Very rarely the Board’s sealed fuse may melt. Should this occur, it 
is necessary to inform the Board. Their sealed fuse must not be 
touched or interfered with in any way. 


Power circuits 


Besides the live and neutral wires, all correctly installed power 
circuits are provided with a third continuous and covered wire which 
has been earthed by a good electrical joint to either an earthing 
terminal provided by the Electricity Board, or by the use of an earth 
leakage circuit breaker. This wire is used for earthing the metal 
casing of any apparatus, e.g., an electric fire, and is a safeguard 
to prevent anyone from receiving a shock should the casing become 
live. Such a danger would occur if the insulation on the live flex 
lead became worn and allowed the live wire to come into contact 
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with the framework of the fire. If this happens in the case of a 
properly earthed fire a fuse would immediately blow and the current 
be cut off. 

In England it is conventional to wire three-pin sockets so that when 
the earthing socket is at the top the live socket is on the right and the 
neutral on the left. However, it cannot be taken for granted that this 
convention has been observed in each case. It is best to make sure by 
using the indicating device illustrated in Fig. 500. This can take the 
form of a small probe with a hollow insulating handle containing a 
tiny neon discharge tube. One electrode of the neon tube is in contact 
with the probe and the other is connected through a high carbon 
resistance to a metal cap on the handle. When the probe is inserted 
into the live socket leakage of current to earth takes place through the 
user’s body and the neon tube glows. Owing to the very high resist- 
ance, the current is negligible, and hence there is no danger of shock. 
These indicators are often made in the form of a small screwdriver. 
It is exceedingly dangerous to insert an ordinary screwdriver into the 
live socket. 


Wiring a three-pin plug 


When electric apparatus is fitted with a three-core flexible lead the 
insulation on the three wires is distinctively coloured so that the 
correct connections can easily be made to the plug. The old British 
Standard convention is red for live, black for neutral and green 
for earth. 

The new International convention is BROWN for live, LIGHT 
BLUE for neutral and GREEN or GREEN/YELLOW for earth. 

Other colours have been used in the past, e.g., red, black and white. 
Continental flex is sometimes found coloured grey for live, black for 
neutral and red for earth. In view of the danger of using continental 
flex, the maker’s instructions must be carefully observed. Otherwise 
the wiring must be checked to make sure that the earth lead goes to 
the metal framework and the live lead to the switch if one is provided. 


Green/yellow € Fuse clips 


Right Wrong 


eT 


Brown 


[ 


~y 


Cord grip 


Fig, 501. Wiring a universal 3-pin 13 A mains plug 


A three-pin plug of reliable make will have its pins marked L, N and 
E, standing for live, neutral and earth respectively (Fig. 501). The 
requisite amount of insulation is removed from each of the wires either 
by the aid of a penknife or a pair of wire strippers. When this is being 
done care must be taken not to cut or nick any of the wire strands, or 
else they will break off when the wire is bent. The wire strands are 


| 501 


Metal cap 


Carbon resistor 


Transparent 
plastic handle 


‘Neon tube 


Metal contact 


Fig. 500. Live mains lead indicator 
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twisted gently together with a pair of pliers and the wire is then bent in 
a clockwise direction round the terminal stud or screw. There should 
be a brass washer between the wire and the terminal screw head or 
nut to prevent drag on the wire when tightening up. When the job 
is finished the insulation on the wires should extend right up to the 
terminals. If the plug is provided with a cord grip this should be 
tightened just sufficiently to grip the cord gently. Overtightening 
serves no useful purpose, and may result in the insulation giving way 
under the pressure. 


QUESTIONS: 41 


1. What do the following units measure: (a) the volt, (6) the coulomb, 
(c) the watt, (d) the kilowatt hour? (J.M.B.) 
2. An electric lamp uses energy at the rate of 48 W on a 12-V supply. 
Calculate: (a) the current in the lamp; (4) the resistance of the lamp while 
in use. (C.) 
3. (a) An electric lamp is marked 250 W, 230 V. What does this mean? 
(6) In what time would this lamp use one Board of Trade unit when 


connected to 230V mains? (J.M.B.) 
4. A lamp is marked 12 V, 24 W. How many joules does it consume in 
an hour and what is the current it passes? (S.) 


5. Anelectric kettle is rated ‘2 kW, 240 V" and when filled with cold water 
takes 5 min to boil. Calculate: (a) the resistance of the element when the 
kettle is in use; (6) the average weekly cost of using the kettle, assuming 
that it is filled six times each day with cold water which is then boiled, 
and 1 kWh costs 2p. (Neglect all heat losses.) (A.E.B., part qn.) 

6. Define the volt. From your definition derive an expression for the rate 
of production of heat in a wire of resistance R ohms carrying a current of 
1 ampere. 

A 250 V, 2 kW electric fire has two elements in parallel rated at 750 W 
and 1 250 W respectively. Calculate for each element: (a) the current taken, 
and (4) the resistance. Assuming that the resistances remain constant, find 
the power dissipated by the whole fire if the voltage of the mains supply 
drops to 200. (0.) 

7. State and explain a formula for the rate of production of heat in an 
electric circuit. 

Given two equal resistance coils and an accumulator of negligible 
internal resistance, compare the rate of production of heat of the whole 
system when the coils are connected first in series and then in parallel 
with the accumulator. (J.M.B., part qn.) 
8. How long will it take a 240 V, 3 000 W electric immersion heater to 
raise the temperature of 150 litres of water in a copper tank of mass 20 kg 
from 15°C to 70°C? Find the cost at 14p per kWh. (Specific heat 
capacities: water, 4 200 J/kg °C; copper, 390 J/kg °C.) 

9. Describe with the aid of a circuit diagram how you would measure the 
power and resistance of a 12 V electric filament lamp using a voltmeter 
and ammeter as well as other basic apparatus. 

Explain why the current when the lamp is first switched on is different 
from when the lamp is operating. 

Draw a further circuit diagram to show how a lamp may be switched on 
and off at two independent switch positions. (S.) 
10. A 3-pin electric plug has its internal connections marked L, N and E. 
What do these letters mean? 

What is: (a) the former English colour code; (4) the international 
colour code for mains supply wiring to electrical apparatus? State an 
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essential precaution when connecting any metal-framed equipment to the 
mains supply. 

11, Water in an electric kettle connected to a 240 V supply took 6 min to 
reach its boiling point. How long would it have taken if the supply had 


been one of 210 V? (L., part qn.) 
12. Make a diagram of a hot-wire ammeter. Why is this ammeter suitable 
for measuring a.c. and d.c.? (S.) 


13. A 240 V washing-machine has a motor rated at 250 W and a heating 
element at 3 kW. Find the annual cost for electricity of running it for 1-5h 
per week assuming that, during this time the motor is on all the time and 
the heater element only two-thirds of the time. (Electricity costs 14p per 
kWh.) 

14. A coil of resistance wire is immersed in liquid in a calorimeter of a total 
heat capacity 950 J/°C. If the temperature rises from 9 °C to 29°C in 
5 min when a steady current of 4 A is passed, find: (a) the resistance of the 
coil; (6) the p.d. across it. 

15, 84 tonnes (t) of coal per hour are used in steam boilers which supply a 
turbo-alternator having a power output of 200 000 kilowatts (kW). If the 
heat value of the coal is 22000 kilojoules per kilogramme (kJ/kg), calculate 
the efficiency of the installation. 


503 


a 
|-Thermometer 


Low 
voltage 
supply 


Fig. 502. Simple solid block calorimeter 


The term calorimetry means the science of heat measurement and is 
a word which first came into use in the eighteenth century at a time 
when heat was still being thought of as a fluid called caloric. Simi- 
larly, any piece of apparatus with which heat measurements may be 
made is called a calorimeter. 

In the previous chapter we explained how the work done by an 
electric current when it passes through a simple resistor may be 
measured in joules, and transformed, first into internal energy and 
thence into heat. So we are now in a position to deal with some 
elementary methods, based on electric heating, for the measurement 
of specific heat capacities and specific latent heats. But before pro- 
ceeding further with this chapter the reader will find it useful to 
revise the heat definitions and calculations given in chapters 18 
and 19. 


To measure the specific heat capacity of a metal (solid 
block method) 


This method is suitable for a metal which is a good thermal con- 
ductor, e.g., copper or aluminium. 

A cylindrical block of the metal is drilled with two holes, one to 
receive an electric immersion heater and the other a thermometer. A 
little oil may be used in the holes to ensure good thermal contact. 
Heat losses may be reduced by standing the block on a slab of ex- 
panded polystyrene and covering its top with the same material. The 
lagging is completed by wrapping its sides with several thicknesses of 
2 mm thick expanded polystyrene. The material sold in rolls for 
house wall insulation is suitable for this purpose and, when cut to 
size, may be fastened with adhesive tape (Fig. 502). 

The heater circuit is connected as shown but before inserting the 
heater into the block the rheostat should be adjusted for a suitable 
current (2 to 4 A may be suitable with a 12 V supply). The current 
is switched off and the heater allowed to cool before insertion in the 
block. 

The temperature of the block is noted. The current is switched on 
and simultaneously the time is read from a seconds clock (alterna- 
tively a stopclock may be used). Readings of the voltmeter and 
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ammeter are taken and the current kept constant by adjustment to 
the rheostat as necessary. 

After the temperature has risen by about 10 degrees, the time is 
noted and simultaneously the current is switched off. The final steady 
reading of the thermometer is taken, remembering that a slight delay 
may be necessary to ensure thermal equilibrium between heater and 
block. The block alone is weighed when cool, either before or after 
the experiment, and the readings recorded as shown. 


Readings (Units) 
Mass of metal block =m (g) 
Initial temperature = 4 CC) 
Final temperature = 6; CC) 
Current =] (A) 
P.d. across heater coil =V (V) 
Starting time =t (s) 
Finishing time =4 (s) 

Calculations 
Time current is passed =(_h—4)=1t (s) 
Energy supplied by heater =Vit (J) 
Rise in temperature of metal =(@,—9)=8@ (°C) 
Let specific heat capacity of metal = c¢ (/g°C) 

If we assume that, 
energy received by block = energy supplied by heater 

then, mcd = Vit 

or, specific heat capacity of metal = ¢ = “e (J/g °C) 

vit Py 
= 1000 —F (J/kg °C) 

Note. 


(1) The small heat capacities of the heater and thermometer have 
been neglected. 

(2) The SI unit of specific heat capacity is the J/kg °C, although 
some scientific workers find the sub-unit, J/g °C, more convenient. 


To measure the specific heat capacity of a liquid 


A copper calorimeter together with a copper stirrer is weighed, 
first empty, and then when about three-quarters full of liquid. 
A heating coil is placed in the water and is supported by a cover 
which has holes to take the stirrer and a thermometer. The calori- 
meter is highly polished and is supported on a poor heat conductor 
inside a polished outer jacket to reduce heat losses. The coil is con- 
nected in series with a d.c. supply, an ammeter, a rheostat and a plug 
key or switch. A voltmeter is connected directly across the coil 
terminals (Fig. 503). 

The voltage of the d.c. supply used will depend on the resistance 
of the heating coil, but the current should be adjusted to give a tem- 
perature rise of about 10°C in not more than 5 minutes. It is first 
necessary to carry out a preliminary test for the purpose of adjusting 
the current to the chosen value. The current is then switched off 
and the liquid well stirred. 
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Having taken the initial temperature of the liquid, the current is 
now switched on again, and simultaneously a stopclock is started. 
The voltmeter reading is also noted and a steady current maintained 
for 5 minutes. Meanwhile, the liquid is stirred continuously. At the 
end of the 5 minutes the current is switched off and the final steady 
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Calorimeter 
with outer 
jacket 


Heating coil 
in liquid 


temperature of the liquid is noted. The results may be recorded. as 
shown, symbols being replaced by actual readings. 


Readings (Units) 
Mass of calorimeter and stirrer =m (g) 
Mass of calorimeter, stirrer and liquid = m, (g) 
Mass of liquid =(m,—m) =m (g) 
Initial temperature of liquid =4 (CC) 
Final temperature of liquid se (°C) 
Rise in temperature =(6,-—6) =6 CC) 
Current =J (A) 
P.d. across heater coil = (V) 
Time —< (s) 


Assume, specific heat capacity of copper = 0:40 J/g °C 


Calculation 
Energy supplied by heater = Vit (J) 
Let specific heat capacity of liquid —=c G/g °C) 
Heat received by liquid =mcé (J) 


Heat received by calorimeter and 
Stirrer = m, x 0-40 x 6 (J) 


Hence, mcé + 0:40m,6 = Vit 
or, 
specific heat capacity of liquid = c = eS aAL (J/g °C) 


mé 
Note. Owing to the fairly long time of heating suggested for 
the above experiment, heat losses are inevitable. If, however, the 
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liquid is first cooled to about 5°C below room temperature and the 
heating continued until it is about 5°C above, we may assume that 
the heat gain from the atmosphere during the first half of the time will 
be compensated by that lost to the atmosphere during the second half. 

It is of interest to note that this simple cooling correction was 
first suggested by Count Rumford back in the eighteenth century. 

The last two experiments are based on a steady rate of supply of 
heat to the substances concerned, We shall now describe a different 
procedure known as the method of mixtures. 


To measure the specific heat capacity by the method of 
mixtures 


This method is suitable for substances not readily available 
in block form or which are not such good heat conductors as copper 
or aluminium. A copper calorimeter similar to that used in the 
previous experiment, and containing a fixed mass of water, is cali- 
brated electrically so that we can subsequently use it as a heat energy 
measuring device of known total heat capacity (Fig. 504). 
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(1) Calibrate calorimeter by Heating sample 
method shown in Fig 503 to bp. of water 
(2) Add same mass of cold 
water as before and keep 
away from bunsen until ready 
to transfer hot sample 
Fig. 504. Specific heat capacity by method of mixtures 


Calibration of calorimeter 


The calorimeter is about two-thirds filled with cold water. For 
our present purpose we shall not need to know either the mass of 
the calorimeter or the water so long as we always use the same 
mass of water. This is therefore best done by adding water with 
a pipette so that we can easily and quickly get the same mass of 
water in later experiments. 

The experiment is carried out exactly as described in the last sec- 
tion except that the results are treated differently. 
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Readings (Units) 
Mass of calorimeter + = m/(for reference only in 
water in grammes subsequent experiments) 
Initial temperature = 6, (CC) 
Final temperature =), (CC) 
Rise in temperature = (0, —6,)=0 (°C) 
Current =f (A) 
P.d. across heater coil = % (V) 
Time =t (s) 
Calculation 
Energy supplied by heater = Vit (J) 
Let total heat capacity of calorimeter + water = C Gc) 
Heat energy received by calorimeter + water = C0 (J) 
Hence, Ccé= Vit 
or, total heat capacity of calorimeter + water=C = uo 
= Je 


Use of a calibrated calorimeter to measure the specific 
heat capacity of a substance 


A sample of the material whose specific heat capacity is required, 
e.g., a piece of zinc, is suspended by a thread and placed in a beaker 
or mug of water kept boiling gently by a bunsen burner. While the 
temperature of the sample is being raised to 100°C, the previously 
calibrated calorimeter is prepared by adding exactly the same mass 
of cold water as before. 

When the sample has been in the boiling water long enough to 
reach 100°C, the temperature of the cold water is noted, and the 
hot sample is lifted by the thread and transferred to the calorimeter. 

To enable this to be done with as little loss of heat as possible, the 
calorimeter in its jacket is held fairly close to the hot bath and the 
zinc transferred quickly, but without splashing. Just before transfer, 
the zine is given a slight shake to remove adhering hot water. 

The calorimeter cover is put on, the mixture is well stirred and 
the final steady temperature read from the thermometer. 

The zinc sample may be weighed either before or after the experi- 
ment. The results of an experiment are given below to show how the 
specific heat capacity is calculated. 


From previous calibration experiment using 100 g of water in the 


calorimeter 
Heat capacity of calorimeter + water = 440 J/°C 
Mass of zinc = 150g 
Temperatures 
Hot zine = 100°C 
Cold water = 14:2°C 
Mixture = 24:2°C 
Change in temp. of zinc = (100 — 24-2) = 75:8°C 


Change in temp. of cal. + water = (24-2 — 14-2) = 100°C 
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Calculations 
Heat given out by zinc = mass X sp. ht. cap. x temp. change 
= 150 x ¢ x 75:8 
Heat received by cal. + 
water = heat capacity x temp. change 


= 440 x 10-0 

Hence, 150 x ¢ x 75:8 = 440 x 10-0 
ri 440 x 10-0 

~ 150 X 758 

= 0:39 J/g °C 


Note. 

(1) The result is affected, of course, by errors inherent in the 
experiment, such as the inevitable small loss of heat in transferring 
the hot zinc to the calorimeter together with losses from the calori- 
meter itself. 

(2) The method is of interest in that, broadly speaking, it illustrates 
the principle of calibration of the fuel calorimeter. In order to find 
the heat of combustion of various fuels, a small weighed sample is 
placed in a platinum crucible contained in a stainless steel “bomb” 
containing oxygen under high pressure. The bomb is immersed in 
water in a calorimeter and the fuel ignited by an electrically heated 
platinum wire. 

The calorimeter, water and bomb without fuel are calibrated 
electrically by a separate experiment to find their total heat capacity, 
C in J/°C. Having thus measured C, the heat of combustion of the 
fuel sample is calculated from Cé@ where @ is the measured rise in 
temperature in °C. 


To measure the specific latent heat of steam (approximate 
method) 


A large calorimeter provided with a lid is weighed, first empty, 
and then when three-parts full of water. An electric immersion 
heater is placed in the water and connected in circuit as shown in 
Fig. 505. 


Lagging 


Calorimeter 


Heater 


Water (for sp. lat. ht. of steam) 
or 
Dry crushed ice (for sp lat. ht. of ice) 


Fig. 505. Specific latent heat (approximate method) 
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Fig. 506. Specific latent heat of steam 
(more accurate method) 


Loss of heat may be reduced by lagging the calorimeter with 
expanded polystyrene in the manner as described for the solid block 
experiment on p. 504. 

The lid is removed, and the current switched on and adjusted to a 
suitable value. As soon as the water starts to boil, a stopclock is 
started. The current is kept constant by the rheostat, and switched 
off 15 minutes later. The immersion heater is then removed and the 
calorimeter immediately covered with its lid to prevent further loss 
of vapour. 

Having removed the polystyrene jacket the calorimeter is cooled 
by immersion in cold water and then dried with a cloth and reweighed. 
The various readings to be taken are detailed below. 


Readings (Units) 
Mass of calorimeter, lid and water == m, (g) 
Current =I (A) 
P.d. across heater coil =V (V) 
Time of boiling = (s) 
Mass of calorimeter, lid and water 

after boiling = m, (g) 
therefore, mass of water boiled away = m, — m, =m 

Calculation 
Energy supplied by heater in 

vaporizing water = Vit (J) 
Let specific latent heat of steam = / (J/g) 
Energy absorbed by steam at constant 
temperature = ml (J) 
Hence, ml = Vit 
ice specific latent heat of steam = | = 14 (J/g) 
or, converting to SI units i=4 00 (J/kg) 


Comment 

In the above experiment, although we took precautions to reduce 
heat loss and prevent loss of vapour, we could not avoid error owing 
to loss of vapour during the period when the water was coming to 
the boil. 

We shall now describe a more accurate experiment in which these 
particular errors are largely eliminated. 


To measure the specific latent heat of steam (more 
accurate method) 


The apparatus for this experiment consists of an inverted vacuum 
flask containing distilled water, the level of which can be observed 
and maintained as required by means of a funnel and side tube 
(Fig. 506). 

The water inside is boiled by a heater coil supplied with a current 
of Jin amperes at a p.d. of V in volts. After the water has been boiling 
for some time, a steady temperature state is reached and, under these 
conditions the rate of supply of heat energy, V/ in watts (i.e., joules 
per second) is equal to the rate of absorption of latent heat into the 
vapour. 
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The vapour passes down the central glass tube projecting up into 
the boiler and is condensed back to water as it passes through a 
straight tube surrounded by a cold water jacket. 

When steady temperature conditions have been reached, a dry 
weighed beaker is placed under the outlet tube and the time for about 
20 g of water to collect is measured. The beaker and water are then 
weighed to find the mass of water condensed. 


Readings (Units) 
Current =i (A) 
P.d. across heater =V (V) 
Time =t (s) 
Mass of empty beaker =m (g) 
Mass of empty beaker + water =m, (g) 


Mass of water evaporated 


Calculations 


Energy supplied by heater = Vit (J) 

Latent heat absorbed by vapour =ml (J) 
(where / = specific latent heat of steam in J/g) 
Hence, ml = Vit 

vit 

or, fe (J/g) 
or, in SI units t= 10004 (akg) 
Comment 


This is an example of a steady temperature state, continuous flow 
experiment, in which errors due to heat and vapour loss during the 
warming up period and heat loss during the boiling period have been 
almost entirely eliminated. 

The heat capacity of the apparatus itself does not enter into the 
calculation, and the use of a vacuum vessel reduces heat losses durin g 
the steady temperature state to a minimum. 


To measure the specific latent heat of ice by direct heating 


A calorimeter lagged with sheet expanded polystyrene, as described 
for the approximate determination of the specific latent heat of 
steam, is used in this experiment also. This is preferable to the use of a 
polished calorimeter in an outer jacket owing to the fact that water 
vapour from the air is liable to condense on the surface and give up 
unwanted latent heat. 

The circuit shown in Fig. 505 is connected up, and the calorimeter 
is then weighed empty. After being lagged in the manner described 
it is filled with small pieces of melting ice which have been previously 
dried on a cloth. 

The immersion heater is then inserted into the ice. Some forms of 
heater may be themselves used as stirrers; otherwise a separate 
stirrer is essential. A stopclock is started and simultaneously the 
current is switched on. Stirring is kept up continuously, and more 
dried ice added as the water level sinks. As soon as all the ice has just 
melted the current is switched off and the time noted. Finally, the 
jacket is removed and the calorimeter is weighed. 
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Readings (Units) 
Mass of empty calorimeter =m (g) 
Current =I (A) 
P.d. across heater =V (Vv) 
Time i: (s) 
Mass of calorimeter + melted ice =m, (g) 
Mass of ice used = (m, — m) =m (g) 

Calculation 
Energy supplied by heater = Vit (J) 
Let specific latent heat of fusion of ice = / (J/g) 
Heat absorbed by ice at 0 °C in 

melting to form water at 0 °C =ml (J) 

Then, ml = VIt 

therefore l= a (J/g) 

7 j Vit 
or, in SI units 7= 1000 7 (J/kg) 


To measure the specific latent heat of ice by the method of 
mixtures 


The first step is to measure the specific heat capacities of copper 
and water by the methods described earlier in this chapter. For our 
present purpose we may assume the following values, using the SI 
sub-unit J/g °C. 


Specific heat capacity of water = 4-2 J/g°C 
Specific heat capacity of copper = 0-40 J/g°C 


In this experiment we shall use a polished copper calorimeter in a 
polished copper jacket similar to that shown in Fig. 504, The 
copper calorimeter and stirrer are first weighed empty, and then 
with the calorimeter about two-thirds full of water warmed to a 
temperature about 6°C above room temperature. 

A thermometer is placed in the water, and some small pieces of ice 
are carefully dried on a cloth or filter paper. The water is stirred, the 
temperature noted, and immediately the dry ice is added. Stirring 
continuously, sufficient ice is added to bring the final steady tem- 
perature down to about 6°C below room temperature. This final 
steady temperature is noted and the calorimeter and its contents 
weighed. 

The following is a typical set of results obtained for this experiment. 


Weighings 
Calorimeter and stirrer = 550¢ 
Calorimeter, stirrer and water = 148-0g 
Calorimeter, stirrer, water and ice = 1614g 
Yemperatures 
Warm water = 222°C 
Final steady temperature of mixture = 100°C 


Fall in temperature = (22-2 — 10) = 122°C 
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Calculations 
Mass of warm water 93-0 g 
Mass of ice = 13-4g 
Let specific latent*heat of ice 7 (in J/g) 
The specific heat capacity of water = 42 J/g°C 
The specific heat capacity of copper = 0-40 J/g °C 


In this experiment the heat given out by the calorimeter, stirrer 
and water in cooling from the initial to the final temperature is 
equal to the heat received by the ice. Now the ice may be regarded 
as receiving two lots of heat. First, the latent heat necessary to melt it 
to form water at 0°C; and secondly, the heat to raise the now melted 
ice from 0°C to the final temperature 10-0°C. Thus: 


Heat given out by calorimeter and stirrer = 55 x 0-40 x 12:2J 
Heat given out by warm water =93 x 42 x 12:2J 
Heat received by ice to melt it to water 
atO°C = 134 x] 
Heat received by melted ice to raise it 
from 0°C to 100°C = 13-4 x 42 x 100J 


Equating the heat received to the heat given out, 
(13-4 x J) + (13-4 x 4:2 x 10-0) = (55 x 0-40 x 12-2) 
+ (93 x 4:2 x 12:2) 
whence ! 
1 


330 J/g 
or, in SI units 3 


30 x 1000 J/kg 
33 x 108 J/kg 


It will be noted that Rumford’s cooling correction, mentioned 
earlier, had been applied in this experiment. It is important not to 
allow the temperature to go more than 5 or 6 degrees below room 
temperature otherwise water vapour in the atmosphere may con- 
dense to form dew on the outside of the calorimeter and give up 
latent heat to it. 


QUESTIONS: 42 


(Note. Additional numerical examples will be found at the ends of chapters 
18 and 19) 
1. Define heat capacity and specific heat capacity. 

Describe an experiment to measure the specific heat capacity for a metal 
of good thermal conductivity. Give a labelled sketch of the apparatus, 
mention any precautions taken to reduce error and show how the result 
is calculated. 

2. With the aid of a labelled diagram describe an experiment, based on a 
steady rate of supply of heat, for measuring the specific heat capacity of 
paraffin oil. Show how the result is calculated and explain the procedure 
you would adopt to effect a simple cooling correction. 

3. If provided with a copper calorimeter and jacket, a suitable heater 
coil, ammeter, voltmeter, low voltage d.c. supply and any other common 
laboratory apparatus you may reasonably require, describe how you would 
use them to measure the specific heat capacity of water. (Assume specific 
heat capacity of copper = 0-4 J/g°C.) 

4. Given that the specific heat capacity of water is 4-2 J/g°C, describe a 
non-electrical method for finding the specific heat capacity of an unknown 
substance in the form of an irregular lump which is insoluble in water and 
has a melting-point higher than 100°C. 
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5. Define specific latent heat of vaporization and describe a good method 
of measuring it for water boiling under atmospheric pressure. Give a 
labelled diagram of your apparatus, list all the measurements which have 
to be made and show how the result is calculated. 

6. What do you understand by specific latent heat of fusion of ice? Describe 
an experiment to measure it, pointing out the most likely sources of error 
and explain the steps you would take to minimize them. 

7. Some water initially at 15°C, contained in an aluminium can, is heated 
at a steady rate and comes to the boil in 8 min; 13 min later, one-quarter 
of the water has boiled away. Calculate the specific latent heat of steam. 
‘Compare the value obtained with that given on page 221 and explain any 
discrepancy. (Sp. ht. cap. of water = 4-2 J/g °C) 

8. A well-lagged electric steam boiler has a heat capacity of 1 800 J/°C and 
is fitted with a safety valve which allows steam to escape when the tempera- 
ture rises to 106°C. 

A litre of water at 26 °C is placed in the boiler and steam begins to blow 
from the valve 6 min after switching on the heater. After a further 14 min, 
half of water has boiled away. Assuming that heat losses are negligible, 
find the specific latent heat of steam at 106°C. (Mean specific heat capacity 
of water between 26°C and 106°C = 4:2 J/g °C.) 

9. 600 g of lead is melted in a crucible and it is found that a 42 W electric 
immersion heater will keep it in the liquid state at its melting-point. If 
the heater is switched off, the temperature of the lead begins to fall 5 min 
later. Calculate the specific latent heat of lead. 

10. 1 t of iron is heated from 40°C in an electric furnace until it is all 
melted at 1540°C, and it is found that 1664 MJ of electric energy are 
required. If the mean specific heat capacity of iron over the temperature 
range involved is 590 J/kg°C, and assuming that 30 per cent of the energy 
is wasted, calculate the specific latent heat of iron. 


In 1791, the year in which Galvani performed his famous experiment 
with frog’s legs, a son was born to a blacksmith in Newington, 
London. This was Michael Faraday, destined to become one of the 
greatest scientists of the nineteenth century. When he reached the 
age of fourteen his father apprenticed him to a bookbinder, and in 
this occupation he found plenty of opportunity for reading. It was 
not long before young Faraday developed a liking for physics and 
chemistry and became ambitious to take up a career in science. 
One day a customer who was aware of Faraday’s interest in science 
presented him with tickets for a course of lectures to be given by 
Sir Humphry Davy at the Royal Institution in Albemarle Street. 
The Royal Institution had been founded by Count Rumford in 1800 
for the advancement of applied science, and in the early years of the 
century Sir Humphry Davy had become famous there, both for his 
brilliant scientific researches and his skill as a lecturer. 

Faraday attended the lectures with much enthusiasm, and after- 
wards wrote out his notes and bound them in leather. He then sent 
the notes to Sir Humphry Davy, together with a letter earnestly 
expressing his desire to become a scientist and asking if he could be 
employed at the Royal Institution. At first Davy was inclined to 
advise Faraday to stay as a bookbinder. However, he was so 
impressed with Faraday’s sincerity that when a vacancy for a 
laboratory assistant occurred some months later he offered it to him. 

Faraday immediately accepted the offer, and so started on a career 
which ultimately led to his appointment as director of the Institution. 
We cannot here go into details of all Faraday’s scientific researches 
during the lifetime he spent at the Institution, but there are several 
biographies available which tell the fascinating story of this great 
scientist’s life and achievements. 


Electricity from magnetism 


Ever since Oersted’s discovery, in 1819, that magnetism could be 
produced by an electric current scientists had been concerned with 
the problem of how to bring about the reverse effect and to produce 
electricity from magnetism. Faraday, in particular, had always been 
interested in this subject, but it was not until 1831 that he found time 
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to tackle it seriously. His notebooks, which are preserved at the 
Royal Institution, show that in August of that year he began a series 
of experiments in which he demonstrated the principle of the 
dynamo or electric generator. It is the purpose of this chapter to 
discuss one or two of the more important of these experiments. 


Faraday’s experiments on electromagnetic induction 


In an entry in his notebook dated 17 October 1831, Faraday 
described how he made a cylindrical coil of copper wire wound round 
a paper tube. In those days one could not purchase insulated wire, 
and so the coil turns had to be separated from one another by means 
of string wound on the tube at the same time as the wire. Successive 
layers of turns were separated by strips of calico. When the coil was 
finished its ends were connected to a sensitive galvyanometer. 
Faraday then plunged a magnet into the coil and noticed that the 
galvanometer needle gave a momentary deflection, showing that a 
current had been induced in the coil. On removal of the magnet from 
the coil the galvanometer gave another deflection, this time in the 
opposite direction (Fig. 507). This effect is called electromagnetic 


Magnet pulled 


into coil out of coil 


(Induced current 
makes near end 
a N pole) 
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Fig. 507. Electromagnetic induction 


induction. No current was induced simply by allowing the magnet to 
remain at rest inside or outside the coil. 

After much thought Faraday came to the conclusion that current 
was induced in the circuit as a result of the wire being cut by magnetic 
flux when the magnet moved. Another way of describing this pheno- 
menon is to say that an electromotive force is induced whenever there 
is a change in the magnetic flux linked with the coil. 

Continuing his investigations with other coils and magnets, 
Faraday found that the strength of the induced current depends on: 


(1) the number of turns in the coil; 
(2) the strength of the magnet; 
(3) the speed with which the magnet is plunged into the coil. 


In another experiment Faraday wound a coil on a bar of soft iron 
and connected the ends of the coil to a galvanometer (Fig. 508). The 
opposite poles of a pair of bar magnets were then brought into con- 
tact with the ends of the iron bar. This produced a large concentra- 
tion of magnetic flux through the coil, and the galvanometer gave a 
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kick, showing that a momentary current had been induced. On 
removing the magnets a current was induced in the coil in the oppo- 
site direction. 

The above experiment will also work without iron inside the coil, 
but in this case the induced current is much weaker. The effect of 
the iron is to increase the magnetic flux through the coil, and conse- 
quently the induced electromotive force is greater. 


Using the earth's magnetic flux to induce a current 


During the course of his investigations it occurred to Faraday 
that it ought to be possible to use the earth’s magnetic flux to induce 
a current in a coil. He accordingly placed an unmagnetized bar of 
soft iron inside a coil which was pointing in the direction of a dipping 
needle (Fig. 509). On reversing the coil end for end, a momentary 


\_/ Angle of dip 


Coil wound on soft iron rod 


Current is induced when coil 
is turned end for end 


Earth's field 
Fig. 509. Electromagnetic induction by the earth’s magnetic field 


deflection was obtained in a galvanometer connected to the ends of 
the coil, 

In this experiment magnetic flux was set up through the iron and 
coil. When the coil was reversed the direction of the flux through it 
was reversed, and hence an e.m.f. was induced. 

The results of the experiments which have been described are 
summed up in the following law. 


Faraday’s law of electromagnetic induction 


Whenever there is a change in the magnetic flux linked with a 
circuit an electromotive force is induced, the strength of which is 
proportional to the rate of change of the flux linked with the circuit. 


After publication of the details of Faraday’s work on the pro- 
duction of electricity from magnetism, scientists in other countries 
repeated the experiments for themselves and continued the investiga- 
tions. 

In Russia, Henry Lenz made observations of the direction of the 
induced current in a number of experiments, and in 1834 he was able 
to state another law relating to electromagnetic induction. 


Lenz’s law of electromagnetic induction 


The direction of the induced current is always such as to oppose the 
change producing it. 
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Fig. 507 illustrates the application of this law in the case of a 
magnet plunged into a coil. When the S pole of the magnet is plunged 
into the coil the induced current must flow in such a direction as to 
give S polarity to the end of the coil facing the magnet. Thus, since 
like poles repel, the motion of the magnet is opposed by the induced 
current. On the other hand, when the S pole of the magnet is pulled 
away from the coil the direction of the induced current is reversed. 
The near end of the coil becomes a N pole and, since unlike poles 
attract, the motion of the magnet is again opposed. 

Looked at from another point of view, Lenz’s law is simply an 
application of the law of conservation of energy. Energy is expended 
when the induced current flows, and the source of this energy is the 
work done when the magnet is moved. Hence, if work is to be done 
when the magnet moves with respect to the coil, it must experience an 
opposing force. 


Direction of the induced current in a straight wire 


In one of his numerous experiments Faraday showed that a current 
was induced in a straight wire when it was moved at right angles to 
the magnetic flux near a bar magnet. Many years later Fleming chose 
this experiment to illustrate a simple rule relating the direction of 
motion of a wire, the direction of the magnetic flux and the direction 
of the induced current. 

First of all, a centre-zero galvanometer is connected in series with 
a cell and a suitable high resistance and the direction of movement 


Fig. 510. Current induced in a wire moving at right angles to a magnetic field 


of the pointer noted when a small current is passed in a known direc- 
tion. This knowledge will afterwards enable the instrument to be 
used for testing current direction. 

The galvanometer is now connected to the ends of a straight wire 
placed at right angles to the magnetic flux between two opposite 
magnetic poles (Fig. 510). If the wire is moved downwards the gal- 
vanometer indicates that an induced current flows in the direction 
shown in the diagram. When the wire is moved upwards the induced 
current is reversed. 
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It occurred to Fleming that the thumb and first two fingers of the 
right hand could be used to predict the direction of the induced 
current, so he accordingly stated the following rule (Fig. 511): 


Fleming’s right-hand rule (dynamo rule) 


Extend the thumb, forefinger and second finger of the right hand 
mutually at right angles. If the forefinger points in the direction of 
the field and the thumb in the direction of the motion, then the second 
finger will point in the direction of the induced current. 

Aid to memory: thuMb - Motion, foreFinger — Field, seCond 
finger — Current. 


Mutual induction. Faraday’s iron ring experiment 


As well as using a magnet to induce a current in a coil, Faraday 
also employed a second coil carrying a current. The manner in which 
he did this is shown in Fig. 512. A primary coil P and a secondary 
coil S are wound on opposite sides of an iron ring about 15 cm in 


Current on closing 
primary circuit 


Soft iron ring 


Current on 
opening primary 


Fig. 512. Faraday’s iron ring experiment 


diameter and 2 cm thick. Coil P is connected to a battery and tapping 
key, and coil S to a galvanometer. On pressing the key an electric 
current flows through the primary coil. This builds up a magnetic 
flux through the iron ring and the secondary coil, and the galvano- 
meter gives a momentary deflection. When the circuit through P is 
broken the magnetic flux disappears and a current is induced in the 
secondary coil in the opposite direction. 

As a variation of this experiment, Faraday wound two coils side 
by side on a piece of wood and obtained a similar effect, except that 
the induced current was weaker. When iron is present it increases the 
magnetic flux, and hence the induced e.m.f. is also increased. 

Any arrangement of two coils such that a current is induced in 
one when the current is changed in the other is said to possess 
mutual inductance. 


Application of Lenz's law to the iron ring experiment 


Lenz’s law may be applied to the iron ring experiment in order to 
predict the direction of flow of the induced current in the secondary 
coil on either the make or the break of the primary current. Thus, 
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Fig. 511. Fleming's right-hand rule 
(dynamo rule) 
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in Fig. 512 when the primary circuit is closed a magnetic flux will 
be set up in the iron ring in a clockwise direction. Consequently, the 
induced current in the secondary will flow in such a direction as to 
set up a flux in an anticlockwise direction. Likewise, when the pri- 
mary circuit is broken the flux in the ring will die away. The induced 
current in the secondary tries to prevent this by setting up a flux in 
the same, i.e., clockwise, direction. 

By applying one of the rules given on pages 441-2, the reader 
should check that the induced current directions in Fig. 512 have been 
correctly indicated. 


Self-induction 


When the coil of a large electromagnet is connected in series with 
a 6V battery and a tapping key a small are occurs at the switch 
contacts when the circuit is broken. This is caused by the large 
self-induced e.m.f. in the coil as a result of the disappearance of its 
own magnetic flux. The effect is called se/f-induction, In the case of a 
coil with a very large number of turns the self-induced e.m.f. will be 
much greater than that of the battery. 

The high e.m.f. of self-induction may be demonstrated by con- 
necting a neon discharge lamp across the terminals of an electro- 
magnet which has already been wired up to a battery and key 


{1 
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Key 


When the circuit is broken the high 
Neon lamp self-induced e.m.f. causes the 
neon to flash 


Electromagnet 
Fig. 513. Demonstrating self-induction 


(Fig. 513). A neon lamp requires at least 180 V to cause it to glow, 
yet it flashes every time the current in the coil is switched off. 

What has happened here is that some of the electric energy from 
the battery became changed to magnetic energy in the field of the 
electromagnet. When the circuit was broken the magnetic field 
disappeared, feeding its energy back into the circuit in the form of 
electric energy. 


Non-inductive resistance coils 


In certain experiments self-induction in resistance coils is a dis- 
advantage, and therefore the coils are wound as shown in Fig. 491. 
By this method of winding the coils have zero resultant magnetic 
field, and consequently no self-induced counter e.m.f. is set up when 
the current through them changes. 
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Applications of electromagnetic induction 


Faraday’s work on electromagnetic induction in 1831 aroused 
great interest all over the world, and men quickly saw the possibility 
of putting the new discoveries to practical use. Within a dozen years 
dynamos had been designed and built and were being used for 
industrial purposes. These machines were used at first mainly to 
provide the current required in electroplating works. Later, during 
Faraday’s lifetime, dynamos were installed for running the arc lamps 
in lighthouses. The first electric power station for public supply was 
built at Deptford in 1882, but unfortunately Faraday did not live to 
see it. In the remainder of this chapter we shall deal with some of the 
applications of electromagnetic induction, including the construction 
and action of simple dynamos. 

Before proceeding to the next section, take a look at Fig. 514. 


Fig. 514. Electromagnetic induction enables many people to lead active and 
useful lives through the medium of this heart pacemaker. The white primary 
coilis attached, by adhesive tape, on the outside of the chest immediately above 
a plastic covered secondary coil which has been surgically implanted inside the 
chest wall. When the primary is supplied with current impulses from the small 
electronic generator it induces corresponding pulses in the secondary which 
are conveyed to the heart muscles by the electrodes seen at the top. In this way 
a tired heart may be made to beat regularly at a controlled rate to suit the user's 
requirements. A “tick-or-silent” switch gives assurance of correct functioning, 
and if the supply plug becomes accidentally disconnected, the generator 
automatically gives a warning buzz 


Eddy currents. Waltenhofen’s pendulums 


If something is done to cause a change in the magnetic flux through 
a piece of metal induced currents, called eddy currents, will circulate 
inside it. The flux change may be brought about either by moving 
the metal in a constant magnetic field or else by subjecting the metal 
to a varying magnetic field. 

Waltenhofen showed how to demonstrate the effect of eddy currents 
induced in a piece of copper moving in a magnetic field. His apparatus 
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consists of a pendulum having a curved strip of copper at its lower 
end and arranged so that it hangs between the poles of an electro- 
magnet (Fig. 515 (a)). So long as no magnetic flux passes through the 
copper, the pendulum swings freely, but as soon as the electromagnet 
is switched on the oscillations of the pendulum are heavily damped 


on Sheet copper 
Sheet copper 
pendulum pendulum 
| | 
(a) Eddy currents cause damping (b) Slots reduce eddy currents 
of pendulum swing and prevent damping 


Fig. 515. Eddy current damping (Waltenhofen’s pendulums) 


and die away rapidly. This may be explained as follows. As the 
pendulum swings to and fro it cuts magnetic flux, and consequently 
an e.m.f. is induced in it. This induced e.m.f. sets up eddy currents 
inside the copper, which, in accordance with Lenz's law, oppose the 
motion of the pendulum. 

When this pendulum is replaced by a similar one having slots cut 
in the copper strip the oscillations are much less damped whether the 
magnetic field is present or not (Fig. 515 (6)). In this case, although 
an e.m/f. is still induced in the metal, eddy currents cannot flow 
across the gaps. 


The induction furnace 


Eddy currents are put to good use in the induction furnace 
(Fig. 516). Basically, this is a crucible containing metal to be melted, 
which is surrounded by a coil made of copper tubing. When a 
very high frequency alternating electric current is passed through 
the coil the rapidly changing magnetic flux through the metal induces 
eddy currents in it. The internal energy produced causes the metal to 
melt. 

Cold water is passed through the tubular coil to keep it cool. 


The speedometer 


If a copper disc is rotated so that it cuts the magnetic flux of a 
magnet pivoted above it eddy currents are set up in the disc, which, 
in accordance with Lenz’s law, oppose the relative motion of magnet 
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and disc (Fig. 517). Consequently, the magnet tends to rotate and 
follow the motion of the disc. This experiment was first carried out 
by the French physicist, Arago, and the effect is called Arago’s 
rotations. 

This principle is applied in one type of motor car speedometer, in 
which a rotating magnet, driven by a flexible cable, sets up eddy 


Crucible 
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Shield 


Fig. 516. Induction furnace 


currents in a pivoted aluminium disc (Fig. 518). The magnetic 
reaction of the eddy currents sets up a couple on the disc which varies 
with the speed of the car. The disc therefore rotates until the electro- 
magnetic couple is just balanced by an opposing couple set up by a 
hairspring. A pointer attached to the disc spindle indicates the speed 
on a suitable calibrated scale. 

A further application of eddy currents is illustrated in Fig. 529 at 
the end of this chapter. 

Pivoted magnet 


Rotating copper disc 


Glass plate 


Fig. 517. Arago’s rotations (magnet follows rotation of metal disc) 


Electromagnetic damping in galvanometers 


After deflection the coil of a galvanometer of the type illustrated 
on page 471 will oscillate to and fro for some time before settling 
down to rest. This may be prevented by shorting the coil temporarily 
by means of a tapping key connected across the instrument terminals. 
As the coil swings it cuts the magnetic flux of the permanent magnet, 
and therefore an e.m.f. is induced. If the coil is shorted the induced 
e.m.f. causes a current to flow which opposes the motion and brings 
the coil to rest. : 

This difficulty does not arise in the case of a pivoted instrument 
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such as a moving-coil ammeter, since this has its coil wound on a 
light aluminium former. If the coil tries to oscillate, eddy currents 
are induced in the former, which, in accordance with Lenz’s law, 
oppose the motion. Damping of the movement is therefore auto- 
matic, and the instrument is said to be dead beat. 
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Fig. 518. Speedometer movement based on Arago’s rotation effect 


Aluminium disc 


The induction coil 

In the year 1851, a German instrument maker named Heinrich 
Ruhmkorff showed how an electric spark 5 cm long could be pro- 
duced by using a battery of only a few volts e.m.f. The apparatus he 
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Fig. 519. Induction (spark) coil 


used is called an induction coil or Ruhmkorff spark coil (Fig. 519). 
It has a primary coil of comparatively few turns of thick wire wound 
on a core consisting of a bundle of soft-iron wires. On top of this is 
wound a secondary coil having many thousands of turns of thin 
wire. The ends of the secondary are connected to an adjustable 


spark gap. 
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The primary circuit, which may be designed for use with either 
a 6 ora 12V battery, is provided with a make-and-break device 
similar to that used on an electric bell, but of heavier construction. 
When the switch K is closed current flows through the primary coil 
and magnetises the iron core. Attraction of the soft-iron armature 
then occurs and causes the platinum contacts to separate and break 
the circuit. When this happens the core becomes demagnetized and 
the armature is pulled back again by the spring on which it is 
mounted. 

After this the whole process is repeated. As a result, the armature 
vibrates to and fro, causing a rapid make and break of the primary 
current. Each time the primary current is broken the magnetic flux 
through the core collapses suddenly and an e.m.f. is induced in the 
secondary. Because the secondary has such a large number of turns, 
the induced e.m.f. is very high indeed, and is sufficient to cause a 
spark to jump across the gap. 


Action of the capacitor in an induction coil 


Owing to the self-induction of the primary, a small arc tends to 
form between the make-and-break contacts every time they open, 
and this makes them wear away. A large tinfoil-paper capacitor is 
therefore connected across the contacts. The energy of self-induction 
now surges into the capacitor instead of causing an arc. This capacitor 
also has a further advantage. It promotes a more rapid decay of the 
magnetic flux when the primary break occurs, and hence helps to 
produce a bigger secondary e.m.f. 


Advantage of a soft-iron wire core 


The rapidly changing magnetic flux through the core of an induc- 
tion coil sets up an induced e.m.f. in the core itself. If the core were 
solid this induced e.m.f. would produce large eddy currents, causing 
the core to become hot and wasting energy. The core is therefore 
composed of a bundle of soft-iron wires insulated from one another 
by a thin coating of varnish. This method of construction gives the 
core a high internal resistance, and consequently the eddy currents 
are negligible. 


Uses of the induction coil 


Ruhmkorff’s coil of 1851 gave a 5 cm spark. At the Paris Exhibition 
of 1881 a coil was shown producing a spark 60 cm long. During the 
nineteenth century these coils played a part in the investigation of 
high voltages and the study of electric discharge through gases. In 
the early years of the present century they were used in morse radio 
transmitters and also for operating X-ray tubes. Nowadays, the main 
importance of the induction-coil principle lies in its application to 
the coil-ignition system of motor-cars. 


Coil ignition 
When a motor car engine is running a mixture of petrol vapour and 
air is drawn into each cylinder in turn, compressed, and then 
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ignited by an electric spark. This spark is produced by an induction 
coil and is timed to occur at the right moment by means of a contact- 
breaker operated by a rotating cam (Fig. 520). In a four-cylinder 
engine the cam has four projections. As the cam rotates these pro- 
jections press against a pivoted rocking arm, causing contacts to 
open and break the primary circuit. Each time this happens a current 
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Fig. 520. Coil ignition system for petrol engine 


pulse at high voltage is generated in the secondary coil. This pulse is 
conveyed through a well insulated cable to a rotating distributor arm 
and thence connected to the correct sparking plug at the right 
moment. A sparking plug has a central insulated electrode, and 
the spark takes place between this and another electrode fixed to the 
metal body of the plug. The current finds a return path to the 
secondary coil through the engine and the framework of the vehicle. 


The simple alternating current generator 


Fig. 521 illustrates the construction of a simple form of a.c. 
dynamo for the continuous production of electric current by electro- 
magnetic induction. The machine has a rectangular coil of wire 
which is rotated in the magnetic field between the poles of a U- 
shaped permanent magnet. This magnet is called the field magnet. 
The ends of the coil are connected to two slip rings mounted on the 
coil spindle. Current may be obtained from the coil through two 
carbon brushes, which are made to press lightly against the slip rings. 

As the coil rotates its sides cut the magnetic flux, and therefore a 
current is induced in it. Application of Fleming’s right-hand rule 
indicates that the current flows from back to front along side A 
and from front to back along side B. When viewed from above the 
current therefore flows in a clockwise direction round the coil. 

Fig. 522 shows graphically how the electromotive force generated 
in the coil varies over one complete rotation. As a starting-point, 
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Rotation 


Fig. 521. Simple alternating current generator (a.c. dynamo) 
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Fig. 522. E.M.F. from a simple alternator (a.c. dynamo) 
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consider the instant that the coil is in the vertical position with its 
side A uppermost (Fig. 522 (a)). In this position the sides of the coil 
are moving along the magnetic flux. No cutting of flux is taking place, 
and therefore the e.m.f. generated at this instant is zero. During the 
first quarter of a rotation the e.m.f. increases from zero to a maximum 
or peak value when the coil is in the horizontal position (Fig. 522 (6)). 
After this the e.m.f. decreases again during the second quarter of 
the rotation, and once more becomes zero when the coil is in the 
vertical position with side B uppermost (Fig. 522 (c)). During the 
second half of the rotation the e.m.f. generated follows the same 
pattern as that in the first half, except that the direction of the e.m.f. 
is reversed. This reversal occurs, since the direction of motion of the 
sides A and B across the magnetic flux is now reversed (Fig. 522 (d)). 

If this alternating e.m.f. is applied to an external resistance R 
an alternating current (a.c.) will flow through it. 


The simple direct current generator 


If the slip rings and brushes of the simple a.c. dynamo are replaced 
by a single split ring with two diametrically opposed brushes the 
machine becomes converted into a simple d.c. dynamo. 


Rotation 


Commutator 


Fig, 523. Simple direct current generator (d.c. dynamo) 


Fig. 523 shows how this is done. The brushes are arranged so that 
when a coil is passing through the vertical position the two halves of 
the split ring are just on the point of changing contact from one brush 
to another. When used in this way the split ring is called a commu- 
tator or current reverser. 
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Fig. 524 shows how the e.m.f. obtained from a machine of this 
type varies during one complete cycle. Starting with the coil in the 
vertical position, the e.m.f. generated during the first half rotation 
rises from zero to a maximum and then falls to zero again (Fig. 524 
(a), (6), (c)). As far as the external resistance R is concerned, the 
right-hand brush is positive and the left-hand brush negative. Now 
as the coil passes through the vertical position the two halves of the 
commutator change contact from one brush to the other (Fig. 524 (c)). 


Bi 

2 

r=) 

i! 

os 

e 

a 

& 

€ No. of 
o revolutions 

a Sts 

is) Yq V2 EZ 1 1% 

— re Ch 

on ce “iO 


<> [02 Cee] Oe feo] a0» Sa 


— a ith respect 


wok oA, OB, to direction 
ee ey Oy ef magnetic 
Zero Maximum Zero Maximum Zero _ flux 
emf emf. em.f e.m.f emf. 
(a) (b) (c) (d) (e) 


Fig. 524. E.M.F. from a simple d.c. dynamo 


Hence, although during the second half rotation the current is 
reversed in the coil itself, the changeover between brushes and 
commutator halves ensures that the right-hand brush remains posi- 
tive and the left-hand brush negative. The e.m.f. of the brushes 
during the second half rotation of the coil is thus identical with that 
during the first half. 


D.c, dynamo compared with an electric motor 


Comparison of the d.c. dynamo described above with the electric 
motor on page 466 will show that the two machines are identical in 
construction. If a simple d.c. dynamo is connected to a battery it will 
Tun as a motor. Conversely, if a simple electric motor is made to 
rotate it will behave as a dynamo and deliver current at the brushes. 

When, therefore, an electric motor is running it acts as a dynamo 
and so produces an e.m.f. in opposition to that applied to it. This, 
is called a back e.m.f. (See also page 468.) 


How to increase the e.m.f. obtained from a simple dynamo 


Anything which increases the rate of cutting of magnetic flux in 
a dynamo will increase the electromotive force obtained from it. 
There are several ways in which this may be done: 


(1) by increasing the number of turns in the coil; 
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(2) by winding the coil on a soft-iron armature so as to increase 
the magnetic flux through the coil; 

(3) by increasing the speed of rotation; and 

(4) by making the field magnet as strong as possible. 


Practical dynamos 


One of the disadvantages of the simple dynamo as described above 
is that its e.m.f. is reduced to zero every half rotation. In practice, 
this difficulty is overcome by having a number of coils wound in 
slots cut in an iron cylinder called the armature. Each coil has its 
own pair of segments in a multi-segment commutator similar to the 
commutator of the electric motor in Fig. 477. The e.m.f. obtained 
from a dynamo of this sort is fairly steady and merely has a slight 
ripple. The iron armature of a dynamo is built up of discs insulated 
from one another either by varnish or oxide coatings. This form of 
construction prevents large eddy currents from being set up as the 
armature rotates in the magnetic field. 

Quite often an electromagnet, rather than a permanent magnet, 
provides the magnetic flux. The coils of this electromagnet are called 
the field coils, and the dynamo itself supplies the necessary current to 
them. These field coils may be either in series or in parallel with the 
armature coils. Dynamos are thus described as being series wound 
or shunt wound. Occasionally there are two field coils, one in series 
and the other in parallel with the armature coils. This is called 
compound winding. 


The transformer 


If an alternating current is passed through the primary coil of 
Faraday’s iron ring (page 519) an alternating magnetic flux will be 
set up through the iron and will induce an alternating e.m.f. in the 
secondary coil. The magnitude of this induced e.m.f. will depend on 
the e.m.f. applied to the primary and on the relative numbers of 
turns in the two coils. It may be shown that 


secondary e.m.f. _ number of turns in secondary 
primary e.m.f. number of turns in primary 


When a mutual inductance is used in this way it is called a trans- 
former. The output e.m.f. will be larger or smaller than the input e.m.f. 
according as the number of turns in the secondary is larger or smaller 
than the number of turns in the primary. We therefore speak of 
either step-up or step-down transformers. 

Fig. 525 shows the construction of one type of transformer. The 
primary and secondary coils are wound on a laminated core of 
magnetically soft material (silicon iron or stalloy). See also Fig. 526. 


Energy losses in a transformer 


A transformer is designed so that as little energy as possible is 
wasted inside it. Important features are: 


(1) low-resistance. copper coils so that heating (/?R) losses are 
small; 
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Fig. 526. Interior construction of a 
small power transformer 


(2) laminated core to reduce eddy current losses; 

(3) core made of soft magnetic material to reduce the energy 
required to bring about magnetic reversals; 

(4) efficient core design to ensure that all the primary flux is linked 
with the secondary. 


In a well-designed transformer the above losses will be very small, 
and therefore we may assume 


secondary power output = primary power input 


Advantage of a.c. over d.c. power transmission 


One of the main advantages of a.c. is that it can be easily and 
cheaply changed from one voltage to another by a transformer with 
very little loss of energy. 

For this reason, electric power generally is conveyed by a.c., as it 
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can be transformed to very high voltage and transmitted over long 
distances with minimum power loss. This makes it possible to produce 
electricity where water power or coal are easily obtainable or from 
conveniently sited nuclear generating stations and to convey it all 
over the country by high-voltage overhead power lines (the Grid). 

Electricity is generated in the power stations at 11 000 to 33 000 V 
and then stepped up to 400 000 V (400 kV) by transformers. It is fed 
into the grid at this voltage and subsequently stepped down in 
successive stages at substations in the neighbourhood of towns and 
other areas where the energy is to be consumed. 

The following calculations show that a much smaller power loss 
occurs in the cables when energy is transmitted at high voltage. 


Example. Find the power wasted as internal energy in the cable when 
10 kW is transmitted through a cable of resistance 0-5 Q (a) at 200 V; 
(b) at 200 000 V. 


(a) The current in this case is given by amperes = as 
_ 10000 
~ 200 
=S50A 
Therefore power loss in cable in watts = /7R 
= 5? x 0-5 W 
= 1250 W = 1:25kW 
(6) The current which passes at the higher voltage = ee 
_ 10000 
~~ 200000 
=005A 
Therefore power loss in cable in watts = /?R 
= 0-05? x 0-5 W 
= 0-001 25 W 


At 200 V therefore, over 10 per cent of the energy is wasted merely in 
warming the cable, whereas at 200000 V the energy losses are 
negligible. 


Two ways of running a low-voltage lamp from the mains 


The following example illustrates the advantage of a.c. over d.c. 
when it is necessary to reduce the available voltage to a lower value. 

Suppose we wish to run a 24V 12W lamp from 240V a.c. mains. 
The required voltage may be obtained by using a 10: 1 step-down 
transformer. 

The current taken by the lamp may be calculated from the formula, 


watts = volts x amperes 


watts 12 
Therefore, current = wale = Ae O5A 
Assuming no energy loss in the transformer, 
power input = power output 
or, 240 x primary current = 12 W 
i.e., transformer primary current = a =005A 


= current taken from mains 
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Let us now consider how this lamp could be run from 240V d.c. 
mains. In this case it would be necessary to connect a limiting resistor 
in series with the lamp, the value of which is calculated as follows: 

The p.d. across the lamp must be 24 V. Hence the p.d. across the 
limiting resistor must be (240 — 24) = 216 V. 

Since lamp and resistor are in series, the same current, 0-5 A, 
passes through both. 

The value of the resistor required is (‘rom R= ) equal to ae 
or 432 Q. 

The mains current is the same as that through the lamp, namely, 
0-5 A, and so the total power output from the mains is given by 


watts = volts x amperes = 240 x 0-5 = 120 W 


Of this, the lamp uses only 12 W. The remaining 108 W is wasted 
raising the temperature of the limiting resistor. 


The choke 


The current in a d.c. circuit is controlled by means of a rheostat, 
but as the above example shows, this method is very wasteful of 
energy. 

The current in an a.c. circuit can also be controlled by a rheostat, 
but for some purposes it is better to use a choke. This consists of a 
low resistance copper coil wound on a laminated iron core. When 
a.c. passes through the choke it sets up a counter e.m.f. owing to self- 
induction. This counter e.m.f. impedes the current without leading to 
waste of energy as occurs in the case of a resistance. The property of 
a choke to impede current in this way is called inductive reactance in 
order to distinguish it from ordinary electric resistance. 


Telephone communication 


The action of a telephone receiver or ear-piece has already been 
described on page 447. 

The transmitter or microphone of a telephone instrument consists 
essentially of two polished carbon discs, placed a short distance 
apart, the space between being filled with small carbon granules 
(Fig. 527). One of the discs is fixed and the other connected to a metal 
diaphragm. When a person speaks into the microphone the dia- 
phragm is set in motion by the sound waves, and so the carbon 
granules are subjected to variable compression. Consequently the 
electric resistance between the carbon blocks varies in a corresponding 
manner. 

Receiver 


fees tne 
Microphone 


Fig. 528. Simple two-way telephone circuit 
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A steady current is passed through the microphone by connecting 
it in series with a battery and the primary of a step-up transformer. 
Thus, when sound waves enter the microphone the changes in re- 
sistance will cause the current in the primary circuit to vary. A high- 
voltage a.c. will therefore be set up in the secondary of the trans- 
former with the same frequency as that of the original sound waves 
entering the microphone. This a.c. is transmitted along lines to the 
receiver at the other end, where the electric energy is converted back 
into sound energy. 

Fig. 528 illustrates a simplified circuit to show how messages can 
be sent and received in both ways. It would, of course, be possible to 


Fig. 529. Invisible cracks may become fractures and endanger life. This crack 
detector probe has a coil carrying an alternating current which sets up eddy 
currents in the rail over which it is passed. A crack will reduce eddy currents and 
consequently less energy will be transferred from the probe coil by e.m. 
induction. This leads to a rise in the voltage across the coil which is indicated on 
@ meter, thereby giving warning of the presence of a crack. (Compare the 
corresponding case in direct current where the terminal voltage across a cell 
varies according to the current taken from it) 
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transmit messages without using a transformer, but only over short 
distances. For long distances the line resistance would be so great 
that the small changes of resistance in the microphone would have a 
negligible effect on current changes and the signals would be too 
weak to be heard. 

The transformer thus serves a double purpose. It not only enables 
the microphone circuit resistance to be kept low so that the sound 
waves produce large current changes, but also it steps up the trans- 
mission voltage so that the energy loss in the connecting lines is 
reduced to a minimum. 


QUESTIONS: 43 


1. Explain the terms electromagnetic induction and induced electromotive 
force. Describe THREE experiments to show how an induced e.m.f. can be 
produced and the factors on which its direction and magnitude depend. 

Briefly describe and explain one practical application of electromagnetic 
induction, illustrating your answer by a drawing. (0.C.) 

2. State Faraday’s and Lenz’s laws of electromagnetic induction. 

Describe an experiment to show that an electric current is induced in a 
straight wire when it moves at right angles to the direction of a magnetic 
flux. 

State Fleming’s right-hand rule which relates the direction of the 
induced current to the direction of the magnetic field and the direction of 
motion of the wire. 

3. State the laws which determine the magnitude and direction of a 
current produced by electromagnetic induction. Describe a simple experi- 
ment to verify ONE of the laws. 

A plane coil of wire is rotated about a diameter, which is perpendicular 
to a uniform magnetic field. Sketch a graph of the induced e.m.f. against 
the angle between the coil and the field. Indicate clearly the values of the 
angle on the x-axis. What is the effect on the e.m.f. of using a coil of: 
(a) greater number of turns; (4) greater area? (0.C.) 

4, With the aid of labelled diagrams explain the action of any two of the 
following: (a) an ignition coil; (6) a primary cell; (c) a simple a.c. generator. 

(.M.B.) 
5. Explain why a small potential difference may be measured between two 
railway lines along which a train (non-electric) is passing. 

Discuss how the magnitude and sign of this p.d. depends on: (a) the 
speed of the train; (6) the direction relative to the Magnetic North; 
(c) whether the train is travelling towards or away from the observer; 
(d) the latitude? (0.C.) 

6. Describe a simple a.c. generator and how it is modified by a commutator 
to provide d.c. 

What are the advantages to be gained by using a.c. at high voltage when 
electrical power is to be transmitted over a long distance? (C.) 

7. What features in the design of a practical form of dynamo determine the 
magnitude of the e.m.f. which it generates? 

Describe, with diagrams, two methods, one involving a large loss of 
energy and the other a much smaller loss, by which a 240V a.c. dynamo 
could be used to light a 12V lamp. Explain for each method how the 
energy is lost. (J.M.B.) 
8. Draw a section through a simple a.c. transformer and explain how the 
laws of electromagnetic induction are applied in its construction and 
operation. 

100 kW of power are being supplied to a factory through wires of 


535 


536 


ELECTRICITY AND MAGNETISM 


resistance of 0-1 Q. What power is lost in the leads if the voltage at the 
factory end of the wires is: (a) 230, (6) 10 000? (0.C.) 
9. What are eddy currents? Describe one application of their use. 

Give an account, with a diagram, of the structure and mode of action 
of a transformer which supplies 12 V when connected to 240V mains. 
If this transformer takes 1-1 A from the mains when used to light ten 
12V 24W lamps in parallel, find: (a) its efficiency; (6) the cost of using 
it for ten hours at 3p per kWh. 

10. Draw a diagram to show the variation of the p.d. with time across the 
terminals of the a.c. mains. 

What is meant by the peak value of the p.d. 

What are the differences and similarities in the results of passing d.c. 
and a.c., in turn, through each of the following: 


(i) a straight wire lying north-south over a compass needle; 
(ii) a water voltmeter (i.e., two platinum electrodes in dilute sulphuric 
acid); 
(iii) a length of high-resistance wire; 
(iv) the primary of a transformer? (C.) 


11. A step-up transformer is designed to operate from a 20V supply and 
deliver energy at 250 V. If the transformer is 90 per cent efficient, determine 
the current in its primary winding when the output terminals are connected 
to a 250V 100W lamp. (L., part qn.) 
12. Describe the structure of a transformer and explain its action. Illustrate 
your answer with a clearly drawn, labelled diagram. 

The primary and secondary coils of a transformer have 400 and 2 000 
turns respectively. If the primary is connected to a 220V a.c. supply what 
will be the voltage across the secondary? If the secondary had been con- 
nected to the 220V supply what voltage would be developed in the primary 
coil? 

How are the effects of eddy currents minimized in; (a) transformers, and 
(6) induction coils? In what type of instrument is use made of eddy currents? 

(A.E.B.) 


Proton synchrotron at CERN, Geneva. 
A view of some of the one hundred units 
of the 3,400 ton ring magnet 


Tt was known to the scientists of the eighteenth century that the 
succession of sparks from an electric machine changed to a quiet 
luminous discharge when the pressure of the surrounding air was 
reduced. One of the investigators of this phenomenon was a Fellow 
of the Royal Society named William Watson, who, in 1750, produced 
a luminous electric discharge between two brass rods at the opposite 
ends of an evacuated glass tube, about a metre long. Also Lord 
Charles Cavendish, father of the eccentric Henry Cavendish, showed 
that a similar discharge could be sent through the Torricellian 
vacuum at the top of a barometer tube. 

About the middle of the nineteenth century an expert glass-blower 
named Geissler obtained some remarkably beautiful coloured dis- 
charges by using other gases besides air, contained in skilfully shaped 
tubes in a variety of patterns. Sometimes these tubes were rotated 
like Catherine-wheels and their colours were further enhanced by the 
use of glass containing various minerals which fluoresced brilliantly 
while the discharge was passing. 


Discharge tube phenomena 


In order to study the electric discharge in air at low pressure an 
extra high tension (e.h.t.) unit is required. This is used to apply a 
potential difference of 1000 V or more between two electrodes at 
opposite ends of a glass tube 15 or more cm long. The tube is con- 
nected to a vacuum pump through a side tube (Fig. 530). The 
appearance of the discharge at various stages while the air is being 
pumped out of the tube is shown in Fig. 531. 

Shortly after starting the pump a brush discharge appears at the 
electrodes, but by the time the pressure is down to about 20 mmHg 
the electrodes are joined by one or more wavy violet streamers. On 
further reduction of pressure the streamers broaden out into a deep 
salmon-pink discharge which practically fills the space between the 
electrodes. At 5 mmHg pressure a dark region, called the Faraday 
dark space, appears near the cathode and divides the column into two 
parts, the pink positive column ending in the anode glow and a blue 
negative glow in the neighbourhood of the cathode. As the tube is 
evacuated still further the positive column shrinks towards the anode 
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Air at low pressure 


fro vacuum 
pump 
Fig. 530, Electric discharge tube 
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and begins to break up into striations. The Faraday dark space 
(F.D.S.) and the negative glow increase in length, and a second dark 
region, the Crookes dark space (C.D.S.), appears near the cathode. 
It is important to note that the length of the dark spaces depends 
only on the pressure and not on the length of the tube. The remainder 
of the tube, whatever its length, is filled with pink positive column. 


Cathode Anode 


Violet streamers 


Negative Pink positive column 


hb dhed 


Striations Anode glow 


‘araday 
dark 
space 
Cathode COS NG 
glow 


Cathode 
—_7 


p=0-01mmHg =F 


(or less) 


Crookes dark space 


Glass shows green fluorescence 
Fig. 531. Electric discharge through air at low pressures 

By the time the pressure has reached 0-01 mmHg the pink positive 
column and the negative glow have disappeared and the Crookes 
dark space extends to fill the whole of the tube. At this stage also the 
walls of the tube show a green fluorescence. 

It may be noted in passing that the type of discharge shown in 
Fig. 531 (6) is used in the familiar advertising sign tubes. In these the 
colour obtained depends on the nature of the gas and the material of 
the glass. The orange-red tubes contain neon, while a green colour is 
obtained by the use of mercury vapour in uranium glass. 


Crookes dark space 


During the last decade of the nineteenth century a number of in- 
vestigators began to seek an explanation of the discharge phenomena. 
Interest became centred on what happened inside the Crookes dark 
space, and various tubes were made which were evacuated to such a 
pressure that the whole of the space between the electrodes was 
occupied by this space, Small pieces of certain minerals placed in 
these tubes were seen to fluoresce brilliantly with characteristic 
colours. We have already mentioned the green fluorescence of the 
glass tube itself. 


The Maltese cross tube. Cathode rays 


In 1859, Julius Pliicker of Bonn University made a special tube, 
the anode of which was a Maltese cross made of aluminium (Fig. 
532). This cast a sharp shadow on the end of the tube, suggesting that 
some kind of radiation was proceeding in straight lines from the 
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cathode towards the anode. At the time the nature of this radiation 
was open to question, but general opinion held that it consisted of 
streams of particles shot out from the cathode with high velocity. Sir 
William Crookes described these particles as “radiant matter”. Sir 
J, J. Thomson referred to them as “negative corpuscles”. Nowadays 
we use the term cathode rays, an expression which was originally 
suggested by the German physicist Eugen Goldstein. 
Shadow on 


fluorescent 
screen 


Anode Gas at very low 
pressure 


supply 
Fig. 532. Cathode rays travel in straight lines (Maltese cross tube) 


Nature of cathode rays 


During the last years of the nineteenth century experimental 
evidence gradually accumulated which demonstrated beyond doubt 
that cathode rays consist of streams of particles of negative electricity 
now known as electrons. 


Cathode rays deflected by a magnetic field 


The path of cathode rays can be rendered visible by allowing them 
to impinge upon a screen coated with zinc sulphide and placed at a 
small angle to the line joining the electrodes of the discharge tube 
(Fig. 533). If a bar magnet is placed at right angles to the tube with 
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Fig. 533, Cathode rays are deflected by a magnetic field 
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its N pole against the glass as shown in the diagram the rays are seen 
to bend downwards. If the rays are a stream of negative electrons 
moving from left to right they are equivalent to a positive or con- 
ventional electric current in the reverse direction. It is clear, therefore, 
that if this assumption is true the rays behave like an ordinary electric 
current and obey Fleming's left-hand rule (page 464). 

Incidentally, this experiment was a strong argument against the 
notion that cathode rays were of the same nature as light waves, 
since no one had ever been able to show that light could be deflected 
by a magnetic field. 


Cathode rays convey negative charge 


Professor Jean Perrin of the University of Paris designed a tube to 
demonstrate that cathode rays convey negative charge (Fig. 534). The 
anode of this tube is an aluminium tube open at both ends, inside 
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Fig. 534. Perrin’s experiment shows that cathode rays convey negative charge 


which is an insulated metal cylinder, called a Faraday cylinder, having 
a small opening at one end. Cathode rays shot out from the cathode 
enter the Faraday cylinder and build up a charge on it as indicated 
by the divergence of a gold-leaf electroscope connected to the 
cylinder. On testing the electroscope in the usual way, with a charged 
ebonite rod, it is found to be negatively charged. 


Energy conveyed by cathode rays 


One of Sir William Crookes’s tubes contained a small paddle wheel 
running on rails inside it and having mica vanes (Fig. 535). The two 
electrodes are arranged in such a way that cathode rays impinge only 
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Fig. 535. Paddle-wheel discharge tube 
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on vanes above the axis. On passing the discharge the paddle wheel 
rotates towards the anode. It appears to be pushed along by the 
cathode rays. Actually, this force is not directly due to the momentum 
of the electrons but is really a secondary effect. When the electrons 
strike the vanes their energy becomes converted into internal energy, 
thereby raising the temperature of the vanes’ surface. Gas molecules 
in the tube become heated when they come into contact with the 
warm surface and rebound with high velocity, thus imparting an 
equal and opposite momentum to the vanes. The force of reaction 
thus set up causes the paddle wheel to rotate. 

More is said about what goes on inside an electric discharge tube 
on page 549, followed by a description of the more recent hot-cathode 
types of discharge tube. 


Work of Sir J. J. Thomson 


Between 1894 and 1900 a series of experiments were carried out by 
Sir J. J. Thomson in the Cavendish Laboratory at Cambridge to 
determine the mass and charge of the electrons as well as the speed 
with which they travelled between the electrodes. He found that the 
electrons were all alike and always possessed the same properties 
whatever the nature of the gas in the tube or the material of the 
electrodes. 

He first of all designed a special tube in which cathode rays were 
deflected by both a magnetic and an electric field. From this he was 
able to calculate their velocity (about 29 000 km/s) and also the ratio 
of the charge to the mass (e/me) for an electron. In a later experiment 
he obtained a rough value for the electronic charge (e). From the 
results of these two experiments he was able to calculate the mass (me) 
of an electron and found it to be approximately x95 of the mass of a 
hydrogen atom. Subsequently a more accurate determination of the 
electronic charge (e) was made by the American physicist Robert 
Millikan. 


The discovery of X-rays 


In December 1895 the German physicist Wilhelm Réntgen noticed 
that some barium platinocyanide crystals glowed brightly in the 
neighbourhood of a working cathode ray tube even when the tube 
was covered up. He also noticed that some wrapped photographic 
plates left near the tube had become fogged. It appeared that some 
kind of invisible radiation proceeded in straight lines from the tube 
and was able to penetrate substances opaque to ordinary light. He 
subsequently found that this radiation, which he called X-rays, was 
coming from the fluorescent glass wall of the tube at the place where 
it was struck by the cathode rays. The rays were otherwise known as 
Ré6ntgen rays, in honour of their discoverer. 

R6ntgen found that if a sheet of cardboard covered with barium 
platinocyanide was placed in the path of the X-rays it became lumi- 
nous. On placing his hand between tube and screen a faint shadow of 
the hand was formed in which the bones were clearly visible, since 
they were more opaque to the X-rays than flesh. 

It was found that the newly discovered X-rays were not deflected by 
magnetic or electric fields, from which it was concluded that they 
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could not consist of electrically charged particles, R6ntgen assumed 
that the X-rays were some kind of longitudinal wave motion, but we 
now know them to be of the same nature as light waves but with a 
very much shorter wavelength. 


The gas-filled X-ray tube 


Later investigation showed that X-rays were produced whenever 
fast moving electrons were stopped on impact with a target. This led 
to the development of tubes containing air at very low pressure in 
which a beam of cathode rays was focused from a concave cathode on 
to a tungsten disc called the anticathode (Fig. 536). The anticathode is 
set into a block at the end of a copper tube which serves the purpose 
of conducting away the heat produced by the impact of the electrons. 
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Fig 536. Gas-filled X-ray tube 


The Coolidge hot-cathode tube 


For reasons which cannot be discussed here the wavelength of the 
X-rays produced by the early gas tubes was difficult to control. 
Modern tubes are based on a method devised by W. D, Coolidge in 
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Fig. 537, Coolidge X-ray tube 


1916 (Fig. 537). In this tube the cathode takes the form of a spiral of 
tungsten wire which, when heated by an electric current, gives out a 
stream of electrons by a process called thermionic emission (page 545). 
The spiral is surrounded by a short metal cylinder which serves to 
focus the cathode rays on to the anticathode. 
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The electrons are speeded up in the usual way, by applying a high 
p.d. between the cathode and anticathode. The higher the voltage 
used, the shorter is the wavelength of the X-rays and the greater is 
their penetrating power. Very short wavelength X-rays are described 
as hard, as distinct from the less penetrating soft rays of longer wave- 
length which are produced at lower voltages. The intensity of the rays 
is governed by the filament current, which controls the temperature 
of the tungsten filament, and hence the rate of emission of electrons. 


Applications of X-rays 


The X-ray photographs or radiographs used in medical practice are 
made by allowing X-rays to pass through parts of the body and on to 
a photographic film. 

X-rays are used in hospitals in the treatment of malignant growths, 
as it is found that cancer cells can be destroyed by this means. Never- 
theless, great care is always taken to avoid unwanted doses of this 
radiation, as these have a harmful effect on normal cells also which 
often does not become apparent until some years afterwards. Before 
this danger was realized many of the early experimenters became very 
ill after working with X-rays, and a number lost their lives. Now- 
adays X-ray tubes are always surrounded by lead shields to absorb 
stray radiation. 

In industry X-ray photographs are used to reveal hidden flaws in 
metal castings and welded joints (Fig. 538). 

Fig. 539 shows how X-radiography is used to detect alterations 
which have been made to works of art. The technique owes its 
success to the fact that pigments containing lead compounds absorb 
X-rays more strongly than those which contain lighter elements. 


The Edison effect. Thermionic emission 


In 1883, the American scientist and inventor, Thomas Edison, was 
experimenting with an incandescent electric filament lamp which also 
contained a small metal plate supported by a wire sealed through the 
glass. When a battery and galvanometer were connected between 
the plate and filament he found that a small current flowed through the 
galvanometer if the plate was positive with respect to the filament, 
but not if it was negative. This was called the Edison effect, and re- 
mained nothing more than a scientific curiosity for many years until 
an explanation was forthcoming from O. W. Richardson. 

Early in the twentieth century Richardson, who was for a time 
Professor of Physics at Princeton University, carried out investiga- 
tions of the emission of electrons from hot bodies. He explained 
the Edison effect by assuming that electrons evaporate from the 
hot filament in much the same way as vapour molecules leave a hot 
liquid. Thus, in a very short time the region surrounding the hot 
filament becomes occupied by a space charge of electrons. Eventually, 
a state of equilibrium is reached in which the rate at which the elec- 
trons leave the filament is balanced by the rate at which they return 
to it. This was happening inside the bulb of Edison’s lamp. When the 
plate was positive it attracted electrons and a current flowed in the 
plate circuit, but if the battery was reversed so as to make the plate 
negative the electrons were repelled and current ceased to flow. The 
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(0) X-ray photograph of a boiling plate taken at the Elec- 
tricity Council’s Appliance Testing Laboratories at 
Leatherhead, Surrey. The picture reveals that the ele- 
ment spiral is wound uniformly, thus avoiding the 
development of dangerous “hot-spots” which would 
lead to local high temperature rise and early break- 
down. All kinds of electrical equipment is tested at the 
laboratories, to the advantage of manufacturer and 
consumer alike 


(a) 2 million volt X-ray equipment being used to examine 
the seam weld of a fusion-welded pressure vessel, The 
small picture is a reproduction of the radiograph show- 
ing a defective joint 


Fig, 538. X-radiography 
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process by which electrons leave the hot filament is called thermionic 
emission. 


The thermionic diode 


In 1904, J. A. Fleming used the principle of thermionic emission 
in a radio detector valve called a diode. This consisted of a hot fila- 
ment or cathode surrounded by a cylindrical anode or plate and 
enclosed in an evacuated glass envelope. Later it was found that the 
rate of emission of electrons could be increased by impregnating the 
filament with thorium oxide. Most modern diodes have a cathode in 
the form of a nickel tube coated with a mixture of barium and 
strontium oxides. This is heated indirectly by an insulated hot fila- 
ment inside it. The cathode is surrounded by a nickel anode and 
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Fig. 540. Thermionic diode 


contained in an evacuated glass envelope provided with four pins at 
the base for making the necessary connections to an external circuit 
(Fig. 540). 


To plot the characteristic curve for a thermionic diode 


The characteristic of a diode is a graph showing the relation be- 
tween the anode current, /a, and the p.d., Va, between cathode and 
anode. Fig. 541 (a) gives the circuit. For reasons to be explained later 
it is best to choose a diode with an uncoated tungsten filament and to 
use supply voltages in accordance with the maker's specification. 

It is most important to check the connections to the pins at the 
valve base. Wrong battery connections will result in a burnt-out 
filament. Hence the filament circuit should be connected up first and 
switched on for test before connecting the high-voltage supply. 

Having completed the circuit the filament current is adjusted by 
means of the rheostat, R, to the recommended value and kept 
constant. Readings of the anode current are taken from the milli- 
ammeter as the anode voltage is raised in 10V steps. From the table 
of results a graph of Jq against Va is plotted (Fig. 541 (6). 

Under the action of the electric field between the cathode (filament) 
and anode, electrons from the space charge drift towards the anode 
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Fig. 542. Using a diode as a half- 
wave rectifier 
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and the current increases with the voltage. When, however, a certain 
critical voltage is reached the field becomes sufficiently strong to 
sweep the electrons to the anode as fast as they are emitted from the 
cathode. With further increase in Va, the current remains constant 
and is said to have reached its saturation value. 

The graph shows that the diode does not obey Ohm’s law, other- 
wise it would have been a straight line through the origin. 
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Fig. 541. Plotting thermionic diode characteristic 


If the experiment is repeated using a smaller filament current, i.e., 
lower cathode temperature, the rate of thermionic emission will be 
reduced and a curve with a lower saturation value obtained. 

Diodes with oxide coated cathodes have rather different charac- 
teristics since their more copious thermionic emission renders it 
difficult, under normal working voltages, to obtain saturation 
current. Any attempt to do so by increasing the anode voltage may 
result in damage to the valve. See the appropriate curve in Fig. 541(b). 


Use of the diode as a rectifier 


One of the principal uses of the diode is for rectifying an alternating 
current, i.e., to obtain from it current which flows in one direction 
only. This is done by the circuit shown in Fig. 542. 

An alternating voltage is applied to the anode by connecting it to 
one end of the secondary of a mains transformer, which may be 
either step-up or step-down according to the voltage required. The 
cathode heater coil is supplied with current from a separate low- 
voltage secondary winding on the same transformer. The unidirec- 
tional current output is obtained from connections made to the other 
end of the secondary and the cathode respectively. 

The action is as follows: during that half of the cycle when the 
anode is positive it attracts electrons from the space charge, and 
hence a current flows in the anode circuit. During the other half of 
the cycle, when the anode becomes negative, it repels electrons, and 
consequently no current flows. The output therefore consists of a 
series of impulses or half waves in the same direction. This is known 
as half-wave rectification. 

By using two diodes or a double diode, i.e., one having two 
anodes, and employing a centre-tapped transformer, full-wave 
rectification may be obtained. 


ELECTRONS 


What happens inside an electric discharge tube? 


We shall now return for a few moments to the electric discharge 
tubes described earlier in this chapter. The processes which go on 
inside these tubes are complex and difficult to investigate, so that 
physicists hold different views regarding explanations of the various 
dark spaces, striations and so on. 

However, all agree that ions play the most important part in the 
conduction of electricity through gases. The meaning of the term 
gaseous ion was explained on page 394. In a discharge tube at low 
pressure the ions which are always present are accelerated by the 
electric field between the electrodes; positive ions towards the cathode 
and free electrons and negative ions towards the anode. Collisions 
between electrons and atoms occur resulting in the production of 
further ions. 

It is believed that the impact of positive ions on the cathode causes 
electrons to be knocked out of the metal of the cathode itself, and 
these constitute the cathode rays which stream towards the anode at 
high velocity. 

The various discharge tubes discussed earlier in this chapter played 
a very important part in our knowledge and understanding of the 
nature and properties of electrons. But, in order to obtain a copious 
stream of electrons in tubes such as the low gas pressure Maltese 
cross tube of Fig. 532, very high voltages are required and this can 
cause undesirable X-radiation when the electrons strike the walls of 
the tube. 

The danger can be avoided by the use of evacuated tubes which 
have a thermionic electron gun. It is therefore preferable to use this 
type of tube for investigating the properties of electrons since they 
produce a good beam of cathode rays at lower accelerating voltages, 
with the added advantage of reduced danger from X-radiation. 


Experimental thermionic electron tubes 


Fig. 543 shows a thermionic tube designed to show the deflection of 
moving electrons in an electric field. 
Its electron gun consists of a cylindrical cathode with a hot metal 
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filament inside to provide a supply of electrons by thermionic 
emission. The electrons are accelerated towards a cylindrical anode 
and emerge as a thin flat beam from a horizontal slit at the end. Their 
path is rendered visible when they cross a vertical fluorescent screen. 

At the top and bottom of the screen are two horizontal metal 
plates with connections to the outside of the tube. If a potential 
difference is applied to these plates, the electric field set up between 
them deflects the electron beam towards the positive plate. This 
Suggests that the electrons carry a negative charge. 

Fig. 544 shows the thermionic equivalent of the Perrin tube (page 
542). Its electron gun is similar to that in the tube just described except 
that its anode has a small hole instead of a slit. This provides a thin 
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Fig. 544. Thermionic electron tube to show that electrons carry a negative 
charge 


beam of electrons which can be deflected by a magnetic field at right 
angles to their path so that they bend round and enter a collecting 
cylinder connected to a gold-leaf electroscope. The charge collected 
on the electroscope can be shown to be negative in the way described 
for the original Perrin tube (page 542). 

Maltese cross tubes with an electron gun similar to that of the 
Perrin tube are also available. 


The cathode ray oscillograph 


The cathode ray oscillograph is an instrument used for studying 
the current and voltage waveforms in various electric circuits. In this 
connection it is very useful for checking laboratory electric equipment 
and television and radio receivers. 

The chief feature of an oscilloscope is the cathode ray tube, which 
is a vacuum tube containing three main components (Fig. 545), These 
are: 


(1) The electron gun which consists of an electron-emitting hot 
cathode, followed by a series of cylindrical and annular (ring-like) 
anodes at high positive potentials with respect to the cathode. These 
not only accelerate the electrons but also focus them into a fine beam. 


(2) The deflection system which can deflect the electron beam either 
vertically or horizontally. This comprises two pairs of plates; a hori- 
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zontal pair called the Y-plates and a vertical pair called the X-plates. 
These plates are parallel in their transverse directions but open out at 
an angle lengthwise in order to allow a bigger angular deflection of 
the beam. 

When a potential difference is applied across either pair of plates, 
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Fig. 545, Main features of the cathode ray tube 


the electric field set up between them will deflect the beam in the 
appropriate direction. 


(3) A fluorescent screen at the end of the tube on to which the 
electron beam is focused to form a bright spot which will trace out 
a pattern on the screen according to the voltage variations (signals) 
applied to the X- and Y-plates. 

To illustrate the action of the oscilloscope we shall now describe 
some of its more simple applications. 


To study a.c. waveforms, using a cathode ray oscilloscope 


In addition to the tube, a cathode ray oscilloscope contains a 
sweep generator or time-base circuit. When this is switched on it 
applies a potential difference to the X-plates which builds up uni- 
formly with time to a maximum and then repeats the process at 
regular intervals. The result is that the spot moves horizontally across 
the screen with steady velocity, returns to zero instantaneously (fly- 
back) and repeats the cycle continuously. Thus at low sweep fre- 
quencies the trace appears as a moving spot but, owing to persistence 
of vision it becomes a continuous line at higher frequencies. 

If a signal in the form of a simple a.c. voltage is applied across the 
Y-plates, the spot will oscillate up and down in time with the voltage. 
The resultant trace on the screen will be a combination of the Y-plate 
a.c. signal and the X-plate sweep. In effect, the moving spot plots on 
the screen a luminous graph of a.c. voltage variation with time (see 
Fig. 546). 

Obviously, a single complete oscillation or wave will be observed 
when the sweep frequency is equal to the a.c. signal frequency. Other- 
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wise two or more complete waves will be seen when the signal fre- 
quency is twice or some integral (whole-number) multiple of the 
sweep frequency. 

By connecting the output from the half-wave rectifier of Fig. 542 (a) 
to the Y-plates, and adjusting the sweep frequency by the control 
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Fig. 546. How a simple waveform is produced on an oscilloscope screen 


knob provided on the oscilloscope, a trace similar to that of the 
lower graph in Fig. 542 (6) will be obtained. 

Similarly the complex waveforms from an amplifier fed by a 
microphone or record player may be examined. 


QUESTIONS: 44 


1. What is an electron and how does its mass compare with that of a 
hydrogen atom? 

2. The arrow represents a stream of electrons moving in the plane of the 
paper from left to right. How would the stream be deflected, relative to 
the paper, if: (a) A is a N pole and Bisa S pole; (6) A is positively charged, 


a ____» B is negatively charged? (J.M.B.) 


3. What do you understand by thermionic emission of electrons. Give a 
labelled diagram of a thermionic diode and explain why it is sometimes 
called a valve. 
4. With the aid of a large clear diagram describe the essential features of a 
simple form of cathode ray tube. 

State FouR properties of cathode rays. Describe how two of these pro- 
perties may be demonstrated, using modified tubes if necessary.  (S.) 
5. Draw a clearly labelled diagram of a cathode ray tube to show its struc- 
ture. 

Describe the action of the deflection systems of a cathode ray oscillograph 
which is being used to display waveforms of a low frequency alternating 


e.m.f. (A.E.B.) 
6. Make clear the terms frequency and wavelength with reference to a sound 
wave. 


A tuning fork is vibrated near an instrument, e.g., a microphone 
connected to an oscilloscope, which depicts the wave-form of the sound. 
Show clearly by means of labelled diagrams, the changes observed in the 
waveform when: (a) the fork is replaced by one of twice the frequency; 
(6) the fork emits a louder note; indicate clearly the important features 
of these changes. (C., part qn.) 
7. Describe the essential features of a cathode ray tube using thermionic 
emission. What is the effect on the beam of particles: (a) of having a 
hotter filament; (6) of increasing the anode voltage? 

A stream of electrons proceeds horizontally from left to right in the 


ELECTRONS 


plane of the paper. A magnetic field is then applied perpendicularly into 
the paper by placing a N pole in front of and a S pole behind the paper. 
Show, on a diagram, the path of the rays and explain how you arrive at the 
result. What would an electric field in the same direction as the magnetic 
field do to the rays? (0.C.) 
8. Describe how you would investigate how the current through a ther- 
mionic diode varies with the p.d. applied across it. Draw a clearly labelled 
circuit diagram and sketch a graph indicating the results you would expect. 
Show also the effect of increasing the temperature of the cathode (filament) 
in a repeat experiment. 

Draw a further diagram to show how such a valve may be used as a 
simple rectifier, and explain its action briefly. (S.) 
9. Draw a labelled diagram of a hot-cathode X-ray tube together with a 
simplified circuit diagram to indicate the kind of electric power supplies 
required to work it. Mention two practical uses of X-rays. 

State the factors which govern: (a) the wavelength of the X-rays obtained; 

(6) the intensity of the radiation. 
10. Electrons are accelerated from rest on to a target in a hot-cathode 
vacuum tube by a p.d. of 25 V. Find: (a) the velocity of the electrons on 
reaching the target; (6) the energy conveyed to the target per second if the 
electron beam current is 1-5 mA. (Mass of an electron = 9-0 x 10-*! kg; 
charge of an electron = 1-6 x 10-C.) 
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The discovery of the electron towards the end of the nineteenth 
century was the starting-point of new avenues of research in science 
which were to give physicists an insight into the structure and nature 
of the atoms of matter. Historical analysis of the various ideas which 
gradually evolved to explain the atom and the experiments carried 
out to test them presents a very complex picture, and any attempt to 
deal with all of them would only lead to confusion. So in this chapter 
we shall deal with the development of ideas on atomic structure and 
describe some of the more important experiments which have 
suggested or confirmed them. 


The Rutherford—Bohr atom 


On page 386 we mentioned the present-day notion of an atom as 
consisting of a central nucleus surrounded by electrons at various 
energy levels. Basically, this is a mathematical theory and, with our 
present knowledge, we cannot draw a simple picture or make a 
satisfactory model of it. 

It will, however, be helpful to consider an early model of atomic 
structure first suggested by Ernest Rutherford and Niels Bohr. They 
visualized an atom as being constructed like a miniature solar system 
in which the planets are electrons and the sun is a small heavy 
nucleus. There are more than a hundred elements, some of which 
have been made artificially. The lightest, hydrogen, has a single 
orbital (planetary) electron and the heaviest natural element is 
uranium which has 92 electrons. They are all listed in a table at the 
end of chapter 46. 

Rutherford—Bohr models of the four lightest atoms are shown in 
Fig. 547. The hydrogen atom is the simplest of all; its nucleus consists 
of a proton which is a particle charged with the smallest unit ofsposi- 
tive electricity which has yet been isolated. This is equal in amount to 
the negative charge of the orbital electron, so that the two together 
form an electrically neutral combination. Bohr supposed that the 
electric force of attraction between the electron and the nucleus kept 
the electron in its orbit in the same way that gravitational attraction 
holds the planets in their orbits round the sun. 

The next heaviest atom is that of the inert gas helium, which has a 
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nucleus containing two protons together with two electrically neutral 
particles called neutrons; and there are two orbital electrons. Next 
comes a soft white metal, lithium, in which three electrons are re- 
yolving round a nucleus containing three protons and four neutrons. 
Following lithium is another metal, beryllium, with four orbital 
electrons, and so on until we come to the short lived kurchatovium, 
with a hundred and four. 


Electron shells 


The orbital electrons revolve continuously round the nucleus at 
very high speeds in orbits which alter their direction in space so that 
groups of electrons trace out shells rather than paths confined to one 
plane only. According to the size of the atom, it can have up to seven 
distinct shells of different radii which are designated by the letters 
K, L, M,N, O, P and Q. There is a limit to the number of electrons 
which can occupy any given shell. For example, the innermost shell 
(K shell) cannot hold more than two; the second is complete when it 
has eight; the third can hold up to eighteen electrons, and so on. 

The size of an atom taken as a whole is the volume enclosed by its 
outermost electron shell. The nucleus, in which the greater part of the 
mass is concentrated, is a mere speck whose diameter is only about 
Tousen tO z54s5 Of that of the whole atom. The electrons are of 
almost neglible mass, since each one has a mass only y¢4¢ of that of 
a proton (hydrogen nucleus). It is obvious, therefore, that an atom 
contains far more empty space than solid matter. 


How an atom gives out light 


At ordinary temperatures the radii of the various electron shells are 
fixed and the electrons in them possess a fixed amount of energy. 
Under these conditions the atom is said to be in its lowest energy 
state or ground state. If an atom is given some extra energy, for 
example, when a substance is heated or if the atom is struck by a fast- 
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Fig. 548. Mechanism of radiation from an atom 


moving ion in an electric discharge tube, then one or more of the 
electrons may jump from one energy level into a higher one. In this 
state the atom is said to be excited, but it does not stay for long in 
this condition. The disturbed electrons soon jump back into lower 
energy levels and, in so doing, they emit energy in the form of 
electromagnetic wave pulses called photons (Fig. 548). Thus, the light 
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given out by any kind of lamp consists of billions of tiny photons 
pouring out from the excited atoms as they return to their lower 
energy states. 

Such is the mechanism by which atoms give out not only visible 
light but also ultraviolet radiation, X-rays and infrared radiation. 
The wavelength of the radiation emitted depends simply on the two 
particular energy levels between which an electron jump occurs. 


Radiation and the quantum theory 


Evidence for the existence of atomic nuclei came from Ernest 
Rutherford, and the explanation of the process of radiation from 
Niels Bohr; hence the term “Rutherford—Bohr atom”’. 

Bohr’s theory, as outlined above, is an application of the quantum 
theory of energy devised by the German physicist, Max Planck, who 
developed it for the purpose of explaining certain experimental ob- 
servations in connection with the radiation of energy from “black 
bodies”. Planck came to the conclusion that energy does not flow 
continuously from hot bodies but comes off in small packets called 
quanta or photons: 

Planck’s quantum theory has had far-reaching success in the realm 
of physics; it has established the principle that energy in all forms is 
discrete, i.e., it occurs only in individual units. In other words, energy, 
like matter, is atomic in nature. The reader may remember that 
another application of the quantum theory was mentioned on 
page 198, where it was explained that heat is conducted through 
certain substances by means of mechanical vibratory packets called 
phonons (not to be confused with photons, which are electromagnetic 
vibrations). 


The photoelectric effect 


In the year 1888, Wilhelm Hallwachs at Dresden discovered that if 
ultraviolet light is shone on to a clean zine plate connected to a 
negatively charged gold-leaf electroscope, the electroscope slowly 
loses its charge. The reason for this was not understood at the time 
but we now realize that electrons were emitted from the zinc plate. 
These are called photoelectrons and the phenomenon is referred to as 
the photoelectric effect. 

Hallwachs’s experiment may be carried out as shown in Fig. 549. 
It is essential to clean the surface of the zinc thoroughly by means of 
emery paper. Having done this the plate is fixed to the cap of a gold- 
leaf electroscope and then given a negative charge by the usual 
method (page 388). When the ultraviolet lamp is switched on, the leaf 
divergence slowly decreases. 

If the experiment is repeated with a positive charge on the electro- 
scope, no loss of charge is observed. Any photoelectrons which may 
be emitted are immediately attracted back to the zinc. 


Explanation of the photoelectric effect by the quantum 
theory 


Following Hallwachs’s experiment it was found that other metals 
behaved in the same way with ultraviolet light, and in addition, some 
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showed the effect with visible light. The metal rubidium, for example, 
responds to red light. 

Various wavelengths were used on each metal tested and it was 
shown that photoelectrons were emitted only if the wavelength of the 
light used was below a certain critical value. Speaking in terms of 
frequency, it meant that the frequency of the light had to be above 
a certain critical value called the threshold value for the particular 
metal concerned. 

Moreover, even the weakest illumination worked, provided its 
frequency was equal to or above the threshold value, but below this 
even the most intense illumination failed to have any effect. 
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Fig. 549. Demonstrating the photoelectric effect 


This was puzzling until finally, in 1905, an explanation was offered 
by Albert Einstein on the basis of Planck’s quantum theory. 

Planck had shown that the quantity of energy conveyed by a photon 
of radiation was directly proportional to its frequency. Thus, ultra- 
violet photons with their higher frequency have more energy than the 
photons of visible light. 

Einstein suggested that, depending on the metal concerned, an 
electron requires a certain minimum quantity of energy to release it 
from the metal and it must receive this energy ina single quantum, or 
lump so to speak. It will not accept several smaller quanta instead. It 
will, of course, accept quanta larger than the critical value, in which 
case the balance of energy left over simply serves to give the photo- 
electron kinetic energy when it is ejected. 

Einstein put this idea into the form of an equation: 


Energy of incident photon = energy required to extract electron from 
metal + maximum kinetic energy of 
ejected electron. 


Subsequently, Einstein’s equation was verified experimentally for 
several different metals by Robert Millikan in America. It is one of 
many important applications of the quantum theory of radiation. 


Applications of photoelectricity 


The effect just described is put to practical use in devices known as 
Photocells. These are of many different types and have numerous 
applications in science and industry, for example, in burglar alarms, 
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automatic devices for switching on lights at dusk, television cameras, 
sound reproduction from film tracks, and so on. 


Positive rays 


While experimenting with electric discharge tubes in 1886, Eugen 
Goldstein found that if holes were made in a centrally placed cathode 
luminous rays, which he called canal rays, were seen to pass through 
them. Obviously something was proceeding down the tube in a 
direction opposite to that of the cathode rays (Fig. 550). 

Some years later, Wilhelm Wien showed that the rays could be 
deflected by electric and magnetic fields in the same manner as 
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Fig. 550. Goldstein's positive ray tube 


cathode rays but in the opposite direction. This and other tests 
indicated that they might consist of positively charged particles. 


Wein also measured the ratio of charge to mass s for these canal 

rays (now called positive rays) by a method similar to that used by 

Sir J. J. Thomson to find < for the electron (page 543). He found 
fe 


that the mass of the positive particles varied according to the kind 
of gas inside the tube. Even more important, the masses of the 
particles proved to be very nearly equal to those of the gas atoms in 
the tube. It therefore seemed highly probable that positive rays 
consisted of gas atoms from which electrons had been torn away. 

About the same time that the properties of cathode rays and posi- 
tive rays were being investigated, a new phenomenon, radioactivity, 
was discovered which was destined to provide still more information 
about the nature of matter. 


Radioactivity 


In the previous chapter we mentioned the fluorescence or emission 
of light which occurs when cathode rays fall on certain minerals or 
strike the walls of a discharge tube. Fluorescence is always associated 
with X-ray tubes, and this prompted Henri Becquerel, Professor of 
Physics at Paris, to investigate the possibility that X-rays might be 
associated with other forms of fluorescence. 

Fluorescence can be produced in a number of different chemicals 
simply be exposing them to sunlight. Becquerel’s method was to place 
some crystals on top of a photographic plate which had been well 
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wrapped in black paper and then to place the whole lot in sunlight so 
that the crystals fluoresced. Afterwards he developed the plate to see 
if penetrating radiation had been given out. 

Becquerel tested a number of fluorescent materials in this way with 
negative results, but eventually he did get a darkening of the plate 
when using a uranium salt. More important still, the experiment 
worked even when the uranium had not been rendered fluorescent by 
exposure to sunlight. Clearly, fluorescence was not a necessary 
condition for the emission of penetrating rays by this substance. 


The Curies discover new radioactive substances 


Two scientists in Paris became very interested in Becquerel’s dis- 
covery. They were Marie Curie and her husband Pierre, who later 
became Professor of Physics at the Sorbonne. 

They found that the rays from uranium caused ionization of air 
molecules and saw in this a means of measuring the intensity of the 
radiation. A simplified version of their apparatus is shown in Fig. 
551. It consisted of two insulated metal plates inside an earthed metal 
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Fig. 551. How the Curies measured radioactivity by an ionization chamber 


box or ionization chamber. The lower plate was raised to a high 
potential by an electric battery. 

If some radioactive substance was spread on the lower plate the 
rays it gave off caused ionization of the air inside the chamber. The 
positive and negative ions so formed were then driven in opposite 
directions by the electric field between the two plates. Thus, a tiny 
ionization current flowed, and this was measured by an instrument 
called an electrometer connected to the upper plate. The magnitude 
of the ionization current was used as a measure of the radioactivity 
of the sample spread on the plate. 

Using a radiation detector of this kind, the Curies tried various 
other chemicals and found that substances containing thorium also 
gave out ionizing radiation. But their most important discovery was 
the extreme activity of the ore of uranium, pitchblende. 

On learning of this, the Austrian Government made them a gift of 
a ton of pitchblende residues from the uranium refineries in Bohemia, 
and after many weeks of arduous toil the Curies managed to extract 
from it a small quantity of a hitherto unknown radioactive element. 
This they called polonium in honour of Marie Curie’s native country, 
Poland. Continuing their investigations, they subsequently isolated 
another new element which was more active still, and to this they 
gave the name radium. 
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The next step was to experiment with these new substances to find 
out more about the nature of the ionizing radiations which were given 
off. 


Nature of the rays from radioactive substances 


Both Becquerel and the Curies noticed that part of the radiation 
could be deviated by a magnetic field in exactly the same way as 
cathode rays, while the remainder carried a positive charge. Before 
long, P. Villard had found a third component which bore every 
resemblance to X-rays. In their experiments all these workers used 
both photographic and ionization methods to detect and measure the 
intensity of the different kinds of radiation. 

In 1899 the study of radioactivity was taken up by Ernest 
Rutherford, who was at that time Professor of Physics at McGill 
University in Canada. Earlier, Rutherford had studied as a research 
student at Cambridge under Sir J. J. Thomson. 

For convenience, Rutherford called the three types of radiation 
alpha (x), beta (8) and gamma (y) rays respectively and set to work to 
investigate the properties of a-rays in particular. He placed a little 
radium at the bottom of a small lead box and subjected the rays that 
emerged from it to the action of a very strong magnetic field at right 
angles to their direction. For this purpose he used a far stronger 
electromagnet than had hitherto been available and was able to show 
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Fig. 552. An adaption of Marie Curie’s diagram 


that the a-rays were deflected in a direction opposite to that of f-rays. 
This showed that the x-rays carried a positive charge. y-rays are not 
affected by a magnetic field. 

We cannot discuss all the experiments from which we have gained 
our present knowledge of the radiation, but it will be useful at this 
stage to summarize its chief properties. Marie Curie summed up the 
results of several experiments by a diagram similar to that shown in 
Fig. 552. However, it must be emphasized that this is a composite 
diagram; it is not possible to study all three types of rays in a single 
experiment. 
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Alpha rays are helium nuclei, i.c., helium atoms which have lost 
their two orbital electrons, and hence they have a net positive charge. 
From any particular radioactive substance, they are all ejected with 
approximately the same velocity. They have a range of several centi- 
metres in air, but most are stopped by a very thin sheet of aluminium 
foil or by ordinary thicknesses of paper. 


Beta rays are streams of high-energy electrons similar to cathode 
rays. They are emitted with variable velocities, approaching that of 
the velocity of light (3 x 10* m/s), and the more energetic ones are 
able to penetrate several millimetres thickness of aluminium. 


Gamma rays consist of electromagnetic radiation and occupy a band 
among X-rays which are the shortest known wavelengths (see Fig. 
326). The highest energy y-rays are very penetrating and approach 
complete absorption (or attenuation) only after traversing a good 
many centimetres of lead. 

The essential difference between y-rays and X-rays is that y-Tays 
originate from energy changes in the nuclei of atoms while X-rays 
come from energy changes associated with the electron structure of 
atoms. 


Crookes’s spinthariscope, scintillations 


Sir William Crookes found that when «-particles struck a screen 
coated with zinc sulphide a spark or scintillation was created at the 
point of impact. To demonstrate this effect he designed a simple 
instrument called a spinthariscope (Fig. 553). It consists of a short 
brass tube having a zinc sulphide screen at one end a magnifying 
glass at the other, Just above the surface of the screen is placed a 
watch-hand with a quantity of radioactive salt on its tip, and the 
scintillations can be viewed through the eye lens. Subsequently this 
method proved very useful for the purpose of counting «-particles, 


The cloud chamber 


If air is cooled sufficiently for the vapour present to reach satura- 
tion, it is possible to cool it still further without getting condensation. 
Under these conditions the vapour is said to be supersaturated. This, 
however, will occur only if the air is entirely free from dust or salt 
particles which act as nuclei on which the vapour can condense to 
form cloud droplets. 

C. T. R. Wilson discovered that gaseous ions can also act as 
condensation nuclei and realized that this effect could be used to 
show the paths of ionizing radiations through air. Fig. 554 shows the 
principle of the cloud chamber designed by Wilson for this purpose. 

A radioactive source emits particles into an air space saturated 
with water or alcohol vapour inside a vessel with a glass window. As 
the particles speed through the air they collide with the air molecules 
with such force that electrons are knocked off, leaving a trail of 
positive and negative ions. If the air space is now suddenly expanded 
by moving the piston, cooling occurs and vapour condenses out on 
ions, thus revealing the paths of the particles. 
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Cloud chamber tracks 

The appearance of the cloud tracks depends on the particles con- 
cerned and can be used as a means of identification (Fig. 555). 

The comparatively massive a-particles pursue straight paths, pull- 
ing electrons off atoms as they go and creating up to 10 000 ion-pairs 
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Fig. 555. Appearance of cloud chamber tracks 
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per centimetre of their path. The resultant cloud tracks are straight 
and thick (Fig. 556). 

By contrast, the very light 8-particles suffer frequent repulsions 
from the electrons of atoms near which they pass and make ionizing 
collisions far less frequently. They make only a few hundreds of ion- 
pairs per centimetre of their path and consequently they display thin 
irregular cloud tracks. 


Fig. 556. « and f tracks showing the difference in ionizing power of the 
particles 


y-tays do not produce cloud tracks along their own paths. A 
gamma photon may, however, interact with an atom in its path and 
give up either a part or the whole of its energy in ejecting an electron 
from it. The electrons then behave like f-particles and produce 
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irregular cloud tracks of their own which branch out from the 
direction of the gamma beam. 

Nowadays, high-energy particles are mostly studied with the aid 
of bubble chambers which reveal the passage of particles by a trail of 
bubbles in liquid hydrogen (Fig. 574 (a) ). But, as we shall see in the 
next chapter, the cloud chamber proved of great value in early research 
on particles and their interactions with matter. It not only revealed 
the tracks of otherwise invisible particles but also enabled an estimate 
of their energies to be made from the lengths of the tracks. In the 
case of electrically charged particles, the application of a magnetic 
field caused the tracks to curve and the direction of curvature was an 
indication of the sign of the charge carried. (See also Fig. 574 (b)). 


Methods of measuring the activity of radioactive sub- 
stances 


Since the time of the Curies many new and improved methods for 
measuring activity have been devised. A number of them involve 
some form of ionization chamber. In the following pages we shall 
describe two methods commonly used in elementary work. 


The pulse (Wulf) electroscope 


Fig. 557 shows the construction of a pulse electroscope and its use 
to detect the ionization of air by the radiation from an active source. 
In some respects the pulse electroscope resembles a gold-leaf 
electroscope. The construction of the leaf system varies with different 
makes but the principle is the same for all. The leaf is charged by 
+ve and -ve ions 
move as shown 
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Fig. 557. Detecting ionization of air by a radioactive source 


being attracted and making contact with a side electrode kept at a 
high potential. The leaf is then repelled, and its return to zero is 
assisted by some light spring device. Some have a fine quartz loop 
for this purpose: in others the leaf takes the form of an aluminium 
flag on a taut phosphor-bronze suspension. 
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To demonstrate ionization of air by a radioactive source 


A suitable source, e.g., radium-226, is picked up with forceps 
(never with fingers) and inserted into the top electrode of a Wulf 
electroscope. An ionization chamber is placed in position and con- 
nections made through a high value safety resistor to a 2-5 kV power 
pack as shown in Fig. 577. 

Radiation from the source ionizes the air, and under the action 
of the electric field between the central electrode and the walls of 
the chamber, positive ions move towards the chamber walls and 
negative ions to the central electrode. 

As the central electrode collects ions of opposite sign it eventually 
becomes discharged and is once more attracted to the side electrode. 
It then returns to zero and the discharging action continues as before. 
The leaf, therefore, pulses or beats at a rate which depends on the 
value of the ionization current. The ionization current, in turn, is 
governed by the activity of the source and the p.d. between the central 
electrode and the walls of the ionization chamber. 


Function of the 10 MQ limiting resistor 


It is important to note that a high resistor of 10 M® or more is 
always placed between the high-voltage supply and the electroscope. 
This serves the double purpose of protecting the user from shocks 
and the leaf from damage. 10 MQ may sound rather high, but it 
must be remembered that this is small compared with the resistance 
of the ionized air in the chamber and consequently it has little 
effect on the value of the ionization current. 


To investigate the range of alpha-particles in air 


Fig. 558 illustrates two different ways of using a pulse electroscope 
to measure the limited range of «-particles in air according to the 
type of apparatus available. 

Suitable alpha sources are radium-226 or plutonium-239. The sig- 
nificance of the numbers attached to these names will be explained in 
the next chapter. Actually a sealed source of radium-226 emits both 
B and y as well as a-radiation, but only the «-particles produce a 
measurable effect in the ionization chambers we shall use.-All active 
sources must always be handled with forceps and never pointed 
towards oneself or anyone else, and when out of use, returned to the 
lead container provided. 


Method (1) 


The source is fixed to the central electrode, and an ionization 
chamber with a telescopic lid is placed in position over it. An e.h.t. 
unit is connected as shown, adjusted to 2:5 kV, and switched on. 
The air becomes ionized by the «-particles and the leaf begins to 
pulse for reasons already explained in the previous experiment. 

Now, if we start with the sliding lid very close to the source, the 
a-particles can travel only a very short distance before losing their 
ionizing power. The total number of ions produced will therefore be 
small and the pulse rate slow. 

The lid is raised in 5mm steps and each time the pulse rate is 
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Fig. 558. Investigating the range of «-particles in air 


(Method 2) 


measured by counting and timing with the aid of a stop-clock. 
The shortest distance for which the pulse rate reaches its maximum 
value will be approximately equal to the range of the «-particles in 
air. The best way of obtaining the range is to plot a graph of pulse 
rate against distance between source and lid. 


Method (2) 


In this method, an ionization chamber with a wire gauze top is 
used and the source is positioned above it. The chamber is connected 
through its support to the negative terminal of the e.h.t. unit and 
earthed, while the side electrode is raised to 2-5 kV through the 
limiting resistor. Starting with the source close to the gauze, the pulse 
rate will be high since the path of the «-particles extends well into 
the chamber. As the source is raised by successive small distances the 
pulse rate decreases, and effectively drops to zero when the distance 
from source to gauze is approximately equal to the range of the 
a-particles. 

This experiment can also be used to show that «-particles are 
completely absorbed by a piece of paper or very thin aluminium 
foil. The source is positioned just above the gauze and it is noticed 
that the pulses cease when the paper or foil is inserted between source 
and gauze. 


The Geiger-Miiller tube 


This is a special form of ionization chamber which is operated at 
400 V or more according to make (Fig. 559). 

The type commonly used in elementary work consists of an 
aluminium tube which acts as the negative electrode while a wire 
down the centre forms the positive electrode. The gas inside the tube 
consists of argon at low pressure with an added trace of bromine. 
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A thin mica window at the end permits the entry of active par- 
ticles or gamma photons. If one of these enters the tube it causes 
ionization of the gas inside. 

The main advantage of a Geiger-Miiller tube over the ordinary air 
chamber is that, by the time the electrons from the ionization process 
reach the central electrode, they are moving so fast under the high 
potential gradient that they create an avalanche of extra ions by 
collision. This process of gas amplification as it is called increases the 


Aluminium Central 
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To scaler, ratemeter 
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Fig. 559. The Geiger-Muller counter 


Tube contains argon 
with a trace of bromine 


sensitivity of the tube, enabling it to record the entry of B-particles 
and y-photons which, on their own, produce far fewer ion-pairs per 
centimetre of their path than do «-particles. 

The current pulses from the tube are amplified and used to operate 
either a dekatron counter or scaler or else a ratemeter. The former 
counts and records the pulses on special neon tubes while the latter 
measures the rate of arrival of pulses on a microammeter calibrated 
in counts per second (or per minute). Sometimes a small loudspeaker is 
incorporated which audibly indicates the pulses by a series of clicks. 

Both the wavering of the ratemeter needle and the irregularity of the 
clicks from the loudspeaker are a clear demonstration of the random 
nature of the disintegration of radioactive substances. 


To study the absorption of beta-particles by aluminium 


Beta-particles vary considerably in energy, so that while most of 
them are easily absorbed, the most energetic ones have a very long 
range in air. We, therefore, find it more convenient to investigate 
their absorption in some denser medium such as aluminium, rather 
than in air (Fig. 560). 

For reasons explained in the previous sections, a Geiger-Miiller 
counter is the best detector to use and we shall employ a strontium-90 
source which gives very penetrating f-particles. 

Absorber 
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Fig. 560. Investigating the absorption of either B-particles or y-rays in alu- 
minium or lead 
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The Geiger-Miiller tube is connected to a combined power unit 
and scaler and the voltage adjusted to the recommended value for the 
particular tube used. After the scaler has been switched on and 
allowed to warm up it is noticed that a random count is recorded 
even when no obvious source is present. This is called the background 
count and comes from active material in the earth and nearby sur- 
roundings together with the so-called cosmic radiation which pene- 
trates the earth’s atmosphere from outer space. 

The background count is timed over a period of at least 2 minutes 
and after this the source is placed a short distance from the end 
window of the counter. The high count rate now obtained is measured 
as before, and at this stage it is worth noting that the count rate is 
scarcely affected if a piece of paper is inserted between tube and 
source. 

Aluminium absorbers of increasing thickness are now inserted 
successively between tube and source and each time the count rate 
is recorded. It is found that several millimetres thickness of aluminium 
is required before the count rate approaches its original background 
value. 


To show that beta-particles are deflected by a magnetic 
field 


A beta source similar to that used in the previous experiment is 
set up with a brass tube in front of it to confine the f-particles to a 
fairly narrow beam. The beam enters a Geiger-Miiller counter and the 
count rate is recorded (Fig. 561). 

A strong magnet is now held vertically near the end of the brass 
tube so that a magnetic field is directed upwards and perpendicular 
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Fig. 561. B-particles may be deflected by a magnetic field 


to the path of the 8-particles. Owing to deflection of the particles, the 
count rate drops. The deflected path of the particles can be deter- 
mined by moving the tube to one side until the count rate increases 
to a maximum. 

By applying Fleming’s left-hand rule it can be shown that the 
B-particles are behaving in the same way as the cathode rays described 
on page 542, from which we may infer that they carry a negative 
charge. 
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To study the properties of gamma radiation 
(1) Absorption 

Using the apparatus shown in Fig. 560, together with a cobalt-60 
source which provides high-energy y-rays, it is found the thickness of 
aluminium which stopped £-particles has a negligible effect on y- 
radiation, and that 2 or 3 cm thickness of lead is required before the 
count rate from high-energy y-rays is reduced to a very low value. 


(2) Inverse square law for y-rays in air 


The absorber is removed and count rates are measured when the 
source is respectively 20, 40 and 60 cm from the counter window. 

Now, if y-rays are a form of electromagnetic wave energy, and 
undergo very little absorption or attenuation in air we should 
expect them to obey an inverse square law as explained on page 324. 
This means that, after subtracting the background count rate from 
each of our readings, we should expect them to be in the ratio of 
Us z “i ¥ To a rough approximation this is found to be the case, but 
it must be borne in mind that: (a) our source is not a true point 
source, and () the distances measured ignore the distance of penetra- 
tion of the rays into the counter, so that the percentage error will be 
large for small distances from the window. 


(3) Effect of magnetic field 

Even by applying the strongest magnetic field available it is found 
that no deviation of the y-rays can be obtained. This indicates that 
y-rays do not carry an electric charge as do «- and f-particles. 


Emergence of ideas on atomic structure 


By the end of the nineteenth century the notion that atoms were 
indivisible particles of matter was beginning to crumble. The study of 
cathode rays, positive rays and radioactivity had made it obvious 
that atoms contained particles of positive and negative electricity. 
The main problem now was to try to find out how these particles 
were arranged inside the atom. 

Writing on the subject in 1902, Lord Kelvin expressed the opinion 
that an atom might consist of a sphere of positive electricity with 
negative electrons dotted about inside it. This idea was taken up by 
Sir J. J. Thomson, who was not happy about the electric forces 
involved in such an arrangement. He showed that, for stability, the 
electrons would have to be arranged in rings inside the atom. 
Furthermore, there is a limit to the number of electrons which can 
form a stable ring, after which there is a rearrangement and two rings 
are formed and so on. Now the Russian chemist Mendeleev had 
shown, many years previously, that if the chemical elements are 
written down in the order of their atomic weights they show a 
regularly recurring sequence in their chemical properties. It occurred 
to Sir J. J. Thomson that this might well be connected in some way 
with the number and arrangement of the electric charges inside the 
atoms. Here the matter rested for several years, during which time 
more knowledge accumulated to throw fresh light on the subject. 
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The next advance was made in 1911, when Lord Rutherford 
produced experimental evidence to show that the positive charge of 
an atom is concentrated in a small nucleus at its centre. 


Evidence for the nuclear atom 


In 1906, Rutherford had done some experiments at McGill 
University in which «-particles were passed through a thin sheet of 
mica. He noticed that they went easily through the mica without 
making holes in it as a bullet might. This led him to suspect that, 
quite possibly, the «-particles were passing right through the atoms 
themselves rather than pushing atoms out of the way. 

Rutherford also noticed something else which, to his brilliant 
mind, was even more significant. Some of the particles were deflected 
or scattered out of their straight-line paths as they went through the 
mica, and he thought it highly probable that this was caused by 
electric repulsion between the positively charged part of the mica 
atoms and the positive «-particles. 

Shortly afterwards Rutherford left Canada and became Professor 
at Manchester where, with the assistance of Hans Geiger and Ernest 
Marsden, he carried out a long series of experiments on the scattering 
of «-particles by thin metal films. 


Geiger and Marsden’s experiments 


In order to explain the scattering Rutherford began by making 
calculations to see if the angle of deflection of the «-particles could 
be accounted for on the basis of Sir J. J. Thomson’s theory that the 
positive charge on the atom was evenly distributed through it. 
He found, however, that some of the measured angles of deflection 
were far too large to be explained in this way. 

He next made a new set of calculations on the assumption that 
all the positive charge of the atom is concentrated in a tiny nucleus 
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Fig. 562. Scattering of alpha particles by gold nuclei 


at the centre. The idea behind this approach to the problem was that 
the force of repulsion and consequent deflection of an «-particle 
would depend on how close it came near a nucleus (Fig. 562). Using 
Coulomb's inverse square law, which states that the force between 
two point electric charges is inversely proportional to the square of 
their distance apart, Rutherford worked out a formula giving the 
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number of 2-particles which ought to be scattered in any particular 
direction. The task of verifying this formula was undertaken in 
1911 by Geiger and Marsden, who used the method shown in Fig. 563. 

A radioactive source contained in a small lead box sent out a fine 
beam of «-particles through a hole in a lead screen and on to a 
very thin sheet of gold foil placed perpendicular to their direction of 
motion. The scattered particles produced scintillations on a glass 
screen coated with zinc sulphide and attached to a microscope which 
could be swung round through any angle. The whole arrangement was 
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Fig, 563. Geiger and Marsden’s experiment confirmed Rutherford’s idea of the 
atomic nucleus 


enclosed in an evacuated box. Geiger and Marsden spent many hours 
looking through the microscope, patiently counting the number of 
scintillations for a wider range of angles, and finally were able to 
show that their readings were in agreement with Rutherford’s 
formula. Here was experimental evidence for the truth of Ruther- 
ford’s assumption that the positive charge of an atom is concentrated 
in a small nucleus at its centre. 


Rutherford and Royds’s experiment 


If the light from an electric discharge tube is examined through a 
prism by an instrument called a spectrometer the spectrum seen is 
not continuous, as in the case of white light, but consists of bright 
lines or bands. The same applies to the light from a bunsen flame 
coloured by the introduction of a small quantity of a chemical salt. 
Each element has its own particular spectrum, and spectrum analysis 
is an exceedingly sensitive test for the presence of a particular element. 

This was the method used by Ernest Rutherford and one of his 
students named Thomas Royds to show that «-particles were 
helium nuclei. As a source of particles they used radon, the heavy 
radioactive gas which emanates from radium (page 576). This was 
introduced into the thin-walled glass inner tube of the apparatus 
shown in Fig. 564. 2-particles from the radon passed through the 
thin glass and were stopped by the thick-walled outer tube, which 
had previously been evacuated. After about a week a sufficient number 
of «-particles had collected in the outer tube to enable a test to be 
carried out. Also by this time the «-particles had acquired electrons 
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and become helium atoms. Mercury was then allowed to enter the 
outer tube at the bottom so that it pushed the helium gas up into a 
capillary discharge tube at the top. On passing an electric discharge 
through the gas the characteristic spectrum of helium appeared. 


Atomic number and the periodic table 


Experiments carried out by Wien and Thomson showed that the 
particles contained in positive rays had the same mass as the atoms 
from which they were derived. However, they did not always have 
the same charge. This arose from the fact that sometimes the atoms 
had more than one electron stripped away from them. 

By 1914 Rutherford had satisfied himself that hydrogen, of all the 
gases, was consistent in its behaviour. The positive ray particles in a 


hydrogen discharge tube always gave the same value for < and always 


carried a single positive charge of the same magnitude as that of an 
electron. It therefore seemed feasible that the lightest atom, hydrogen, 
might consist of a single positive charge (proton) with a single orbital 


electron. This conclusion was confirmed by the observation that < 
é e . . 
for gaseous hydrogen ions was equal to ie for hydrogen ions in 


electrolysis. 

It seemed reasonable to suppose that the atoms of other sub- 
stances were constructed in the same way except that their nuclei were 
made up of different numbers of protons with equal numbers of 
orbital electrons. But a difficulty arose straight away. Rutherford 
had shown that an «-particle or helium nucleus had a charge equal 
to that of two protons, while its mass was four times as much. 
Before proceeding further it was clearly necessary to measure the 
positive charge on a number of other nuclei and to see if this had any 
connection with their masses. 

Now in the case of atoms heavier than hydrogen and helium it was 
not possible to strip off all their electrons in a discharge tube and 
so ascertain the number of protons in the nucleus. The problem had 
to be tackled from a different angle, and this was done in 1913 by 
Henry G. J. Moseley. 

A full description of the theory and details of Moseley’s experi- 
ments would take us far beyond the scope of this book, but they have 
to be mentioned here in view of the important conclusion which was 
drawn from them. Briefly, Moseley measured the wavelengths of the 
X-rays from tubes having anticathodes made of different elements 
and found that they varied in a regular pattern according to the 
position of the element in the periodic table. He then applied the 
equations relating to Bohr’s theory of X-ray emission and obtained 
conclusive proof that the atomic number of an element (i.c., its position 
in the periodic table) is equal to the number of protons in the nucleus. 
Hence, also, the atomic number must be equal to the number of 
orbital electrons. 

When Mendeleev first introduced the periodic system of classify- 
ing the elements he placed them in the order of their atomic masses. 
Moseley’s work made it clear that an element's correct place in the 
periodic table was determined by the number of protons in its nucleus 
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and not by its atomic mass. A list of the elements in order of their 
atomic numbers is given at the end of chapter 46. 


The problem of nuclear mass—lsotopes 


Moseley’s contributions to knowledge of the nuclear charge was 
a big step forward, but there still remained the difficulty of accounting 
for nuclear mass. The problem had first presented itself about a 
hundred years previously. Following the introduction of Dalton’s 
simple atomic theory at the beginning of the nineteenth century, 
chemists began to measure the atomic masses of the various elements, 
using the mass of the hydrogen atom as a unit. As the results gradually 
accumulated it was noticed that most of the atomic masses were very 
close to whole numbers. William Prout suggested in a paper written 
in 1816 that this might be explained by supposing that the atoms of the 
various elements were built up out of hydrogen atoms; in other 
words, hydrogen was the fundamental building brick of matter. But 
as time went on and improved methods gave more accurate values 
for the atomic masses, Prout’s simple hypothesis had to be abandoned. 

Some of the elements had atomic masses which were far from being 
whole numbers. Chlorine, as it occurs naturally, has an atomic mass 
of 35-5. One could not imagine that its atom contained half a hydro- 
gen atom! 

The first clue to the solution of the problem of fractional atomic 
masses came with the study of radioactive substances. By 1910, 
Frederick Soddy, who had worked with Rutherford in Canada, 
found that there were certain radioactive elements with identical 
chemical properties but different atomic masses. This meant that 
they had to be placed in the same position in the periodic table, and 
for this reason Soddy called them isotopes, a word derived from the 
Greek and meaning “occupying the same place”’. 

It was soon to be shown that radioactive elements were not the 
only ones to possess isotopes. In 1913, Sir J. J. Thomson measured 


the value of < for the positive ions of neon gas in a discharge tube 


and showed that there were two kinds of neon with masses 20 and 22 
respectively. Now the atomic mass of ordinary neon is about 20-2; 
it was therefore inferred that ordinary neon is a mixture of these two 
isotopes in such proportions as to give an average mass of 20-2. 

The final solution to the problem had to wait until 1932, when 
James Chadwick discovered the neutron. This is an uncharged particle 
with practically the same mass as a proton. It was then realized that 
the extra mass of nuclei is made up of neutrons. Thus, neon-22 
simply contains two more neutrons than neon-20. Both nuclei, 
however, contain 10 protons each, which fix their position in the 
same place in the periodic table and give them identical chemical 
properties. Similarly, it was found that chlorine, with its atomic 
mass of 35:5, consists of two isotopes of masses 35 and 37 respec- 
tively. 

Sir J. J. Thomson’s discharge-tube method of separating isotopes 
was developed and improved by Francis W. Aston, who, in 1919, 
designed an instrument called a mass spectrograph which enabled him 
to weigh atoms very accurately. Since then several hundred nuclides 
have been discovered. The word nuclide refers to any atomic species, 
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and hence is a term covering all the isotopes of the individual 
elements. 

Hydrogen has three isotopes (Fig. 565). In addition to ordinary 
hydrogen there is deuterium (heavy hydrogen), which has one 
neutron in its nucleus, and tritium, which has two. All three of the 
hydrogen isotopes contain one proton in their nuclei, and each has a 
single orbital electron. 

We explained on page 571 that a hydrogen nucleus is called a 
proton. The deuterium nucleus is called a deuteron. Both protons and 
deuterons are used as high-energy missiles in particle accelerators 
which are used for the purpose of smashing atomic nuclei (see 
chapter 46). 


Mass number, atomic number and nuclide symbols 


The total number of protons and neutrons in a nucleus is called its 
mass number, and is denoted by 4. 


The atomic number is defined as the number of protons in the nucleus 
and is denoted by Z. 


Thus if the number of neutrons is denoted by N we have 
A=Z+N 


It follows from this and what we have said in the previous section 
that 


Isotopes of an element are atoms which have the same atomic 
number but different mass number. 


If the reader has studied chemistry he will be aware that atoms of 
elements are represented by symbols. We have already met some of 
them in this book. Physicists use the same chemical symbols to 
represent the various nuclides, but with the addition of superscripts 
and subscripts giving their mass numbers and atomic numbers 
respectively. 

Thus, the two isotopes of neon mentioned earlier are represented 
by 7jNe and 7jNe; the isotopes of hydrogen by {H, 7H, and 3H; 
the chlorine isotopes by }3Cl and }3Cl. We shall meet others later on. 


Atomic mass unit and binding energy 


The mass number of an element, defined above, must not be 
confused with its atomic mass (traditionally but often incorrectly 
referred to as atomic weight). 

Since 1961 it has been ‘agreed to use one-twelfth of the mass of 
the most commonly occurring isotope of carbon ('2C) as a unit for 
the measurement of atomic mass. 

In order to distinguish this unit from older and now obsolete 
units which were based on the masses of hydrogen and oxygen atoms 
respectively, this unit is called the unified atomic mass unit and is 
denoted by the symbol, u. 

Protons and neutrons taken singly have approximately the same 
mass, but when combined in an atomic nucleus their total mass is 
always less than the sum of their individual masses. The difference 
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is called the mass defect and represents the mass of the binding 
energy which holds the particles in the nucleus together. We shall 
have more to say about this in due course. 


Symbols for protons, neutrons and electrons in nuclear 
equations 


Let us summarize what we have learned so far. 

An electron or f-particle possess the fundamental unit of electric 
charge (—e). 

A proton or hydrogen nucleus has the fundamental unit of electric 
charge (+e). 

The atomic number (Z) of a nuclide is equal to the number of 
protons it contains and hence also represents both the number of 
fundamental charges (-+-e) and the number of electron charges (—e) 
in the neutral atom. 

A proton has mass number | and charge (+e) and so we represent 
it symbolically as {H. It is also commonly represented as !p. 

A neutron has mass number | and charge (0) and is thus repre- 
sented by jn. 

An electron or -particle has a negligible mass and a charge (—e). 
Hence, following the pattern used above it is symbolized in nuclear 
processes as _{e. 

Examples of the use of these symbols will be given in the next 
chapter. 


QUESTIONS: 45 


1. Draw a simple diagram of a hydrogen atom and label the particles of 
which it is composed. (J.M.B.) 
2. Name and describe three types of radiation emitted by radioactive 
substances, two of which are affected by a magnetic field. Draw two sepa- 
rate diagrams with labels to indicate: (a) name of radiation; (4) direction 
of magnetic field; (c) effect on path of radiation. 
3. A suitable detector is held very close to a radioactive source which is 
known to emit one form of radiation only. The count rate is observed to 
decrease considerably when either a thin sheet of cardboard is placed 
between detector and source, or when the detector is moved a few inches 
away. Name, with a reason, the type of radiation which is probably 
emitted. Refer briefly to one other confirmatory test that you could apply. 
(S.) 
4. Give a labelled diagram of a pulse electroscope showing the necessary 
connections to earth and an e.h.t. supply and explain how you would use 
it to demonstrate the ionizing effect of a radioactive source. 
5. Describe any simple experiment to show that «-particles have a limited 
range in air. 
6. Draw a diagram to show the essential features of a Geiger—Miiller tube 
and briefly explain how it functions when an ionizing particle or photon 
enters it. 

If you were provided with a Geiger—Miiller tube and its associated 
counting equipment together with three radio active source swhich emit 
alpha, beta and gamma radiation respectively, state what other simple 
equipment you would require and how you would use it to identify the 
three sources. 
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7. A radium source was placed some distance away from a Geiger—Miiller 
tube connected to a scaler and the count rate measured over a period of 
1 min with a good stop-watch was found to be 707 counts per minute. Two 
further readings over minute periods gave 690 and 715 counts per minute 
respectively, Are these unequal rates to be expected or do you suspect some 
fault in the counting equipment? Give your reasons. 

The radium source was returned to its lead container and the count 
rate was again measured over three separate minute periods. The results 
obtained were 13, 8 and 10 counts per minute respectively. State two pos- 
sible sources of this activity and give the name applied to it. 

8. Give a labelled diagram of any one form of cloud chamber and explain 
its action. When an ionizing particle enters the chamber, what information 
can you obtain about the particle: (a) from the appearance of its track; 
(6) from the length of the track. 

9. Define the terms mass number and atomic number in connection with 
the nucleus of an atom. The following symbols represent nuclides of 
copper and nickel respectively: 


cu, Ni. 


What is the significance of the superscript and subscript numbers, and 
how many neutrons does each nuclide contain? 
10. What are isotopes of an element? 

Tin (Sn) has twenty-five isotopes of which the lightest is represented by 
the symbol 108Sn. Knowing that all possible isotopes exist, write down the 
symbol for the heaviest tin isotope. 

11. Distinguish between the mass number and the atomic mass of an 
element. What is meant by the term isotopes of an element? What do the 
isotopes of a particular element have in common and how do they differ 
from one another. Illustrate your answer by the aid of diagrams with 
reference to the three isotopes of hydrogen. 

12. Write down the names of the particles represented by the following 
symbols and explain the meaning of the superscript and subscript numbers. 
attached: 


1 1 0, 
ine te mower Fe 


Give alternative names and symbols for Two of them. 

13. If a proton is considered to have a mass m, what is the mass of: 

(a) a neutron, and (6) an electron? (J.M.B.) 

14. What do you understand by the term photoelectron? Describe a simple 

demonstration of the photoelectric effect and mention one practical 

application of it. 

15. State Two ways in which free electrons may be emitted from a surface. 
(J.M.B.) 
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By the year 1903, Rutherford and Soddy had formed the opinion 
that radioactivity is the result of a spontaneous explosion or disinte- 
gration of an atom during which it shoots out an «- or a f-particle. 
Simultaneously the atom changes into another element, which is 
itself radioactive, and this, in turn, disintegrates to become something 
else and so on. This sequence of changes is known as a trans- 
formation series. The radium and polonium discovered by the Curies 
are simply two links in a transformation series which begins with 
uranium-238 and ends with a stable isotope of lead. For example, 
radium emits «-particles and turns into a heavy gas called radon, 
which after emitting B-particles and «-particles becomes polonium. 
The polonium then emits a further «-particle and becomes a stable 
isotope of lead. 


Half-life 


It is not yet understood what causes a particular atom to disinte- 
grate at a particular moment. The activity is entirely random and it 
makes no difference whether a radioactive element is used in its 
pure state or in chemical combination with something else. Likewise, 
heating or cooling have no effect on the rate of decay. Experiments 
show, however, that every radioactive element has a definite rate 
of decay which may be conveniently represented by its half-life 
period. This is defined as the time taken for half the atoms in any 
given sample of the substance to decay. 

Radium itself has a half-life of 1620 years. This means that if we 
start with 1 g of radium, then 0-5 g of it will have disintegrated 
in 1620 years. After another 1 620 years half of what remains will 
have disintegrated, leaving 0:25 g and so on. Half-lives vary con- 
siderably from one element to another. That of radon, for example, 
is just under 4 days. Proceeding in the other direction, we find that 
uranium-238, which is the naturally occurring parent of the whole 
series which includes radium, has the enormous half-life of 4-5 x 10° 
years, 


Laws of radioactive decay 


Following a careful analysis of the various decay products in a 
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transformation series, Rutherford and Soddy discovered two laws 
relating to radioactivity. They are: 


(1) When an element disintegrates by the emission of an «-particle 
it turns into an element with chemical properties similar to those of an 
element two places earlier in the periodic table. 


(2) When an element disintegrates by the emission of a G-particle 
it turns into an element with properties similar to those of an element 
one place later in the periodic table. 


Rutherford and Soddy’s laws were, of course, based entirely on 
experimental observation, and at the time they were published no 
theoretical explanation was forthcoming. Since then, however, the 
discovery of the neutron has made it possible to explain the laws. 


Alpha decay 


We have seen that an «-particle consists of two protons and two 
neutrons. Hence, when an atom hurls out an «-particle its nucleus 
loses two units of positive charge, i.e., its atomic number decreases 
by 2, and consequently it moves two places further back in the periodic 
table. Radium, for example, has a mass number of 226 and an atomic 
number of 88 and is denoted by 738Ra. On shooting out an a- 
particle it loses 4 mass units and turns into radon, with a mass 
number of 222 and atomic number 86 (22Rn). 

In general, if any parent nuclide X of mass number A and atomic 
number Z emits an «-particle to form a daughter nuclide Y, we may 
express the process in symbols as follows: 


a-decay 


a-particle 
(helium nucleus) 


Daughter 
nuclide 


Beta decay 


The type of disintegration covered by the second law is not so easy 
to explain, and is involved with forces and energy exchanges 
inside the nucleus which are not yet fully understood. It appears 
that the spontaneous production of a f-particle (electron) from the 
nucleus is concerned with the simultaneous creation of other sub- 
atomic particles called antineutrinos, a discussion of which is outside 
our scope. 2 

However, the end result is that an electron is created at the moment 
of ejection and, in the process, the neutron turns into a proton. 
Consequently, the mass number of the nucleus stays the same 
while its positive charge goes up by one. Chemically, this converts 
it into an element one place further on in the periodic table. An 
example of this type of decay is provided by the radioisotope of 
sodium (?{Na), which emits £-particles and turns into magnesium 
(4Mg). (See page 587.) 

If, for our present purpose, we ignore the antineutrino, then if a 
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parent nuclide X emits a f-particle (_%e) to form a daughter 
nuclide Y the process may be represented as follows: 


B-decay 


at — seg 4 + c 
Parent Daughter B-particle 
nuclide nuclide (electron) 


How Rutherford first split the atom 


Following the success of their experiments on the scattering of a- 
particles by metal foils which gave undeniable proof of the existence 
of atomic nuclei, Rutherford and his colleagues began to try the 
effect of firing «-particles into various gases. 

Marsden set up an evacuated tube containing an alpha source 
and a zinc sulphide screen and noticed the scintillations produced 
when the «-particles struck the screen. He then increased the distance 
of the screen from the source until it was too far away for the a- 
particles to reach it. Then, on introducing a little hydrogen into the 
tube, the scintillations reappeared. Since these could not be caused 
by «-particles, Marsden came to the conclusion that they were pro- 
duced by the impact of hydrogen nuclei (protons) which had been 
struck by a-particles and projected forward with sufficiently high 
velocity to reach the screen. Calculations based on the ordinary laws 
of conservation of momentum and energy confirmed this conclusion. 
It was as though a ball of mass 4 units (-particle) moving at, say, 
16 000 km/s had hit a ball of mass | unit (proton) and projected it 
forward at about 24000 km/s, being itself slowed up to about 
8 000 km/s. 

Rutherford became very interested in these simple experiments 
and began to make further investigations of his own. Eventually he 
made the discovery that fast «-particles could be used not only to 
project a nucleus forwards but also to break it into two pieces. 

Radioactive source Silver foil 
window 


Zinc 
sulphide screen 


af 


Microscope 


Alpha Protons 

particles 
Fig. 566. Rutherford showed that nitrogen nuclei could be disintegrated by 
«-particle bombardment 


Fig. 566 shows the apparatus he used, It consists of a metal tube 
containing an adjustable alpha source. At one end there is a window 
of silver foil, and two tubes are provided for the purpose of intro- 
ducing various gases. Any particles which pass through the silver 
foil fall on a zinc sulphide screen and their scintillations can be 
observed through a microscope. 
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Rutherford first of all tried oxygen in the tube, but with no result, 
and in any case he did not expect projection of the oxygen nuclei, 
since they were far heavier than «-particles. But when nitrogen was 
allowed to enter the tube scintillations appeared on the screen. 
Rutherford made some tests and found that the particles which struck 
the screen were protons or hydrogen nuclei. Now the exceedingly 
small amount of hydrogen known to be present in the tube as an 
impurity was quite insufficient to account for the large number of 
scintillations observed. Rutherford came to the conclusion that the 
protons which caused the scintillations had been knocked out of the 
nitrogen nuclei by the fast «-particles and, in the process, the nitrogen 
nuclei were transmuted into oxygen nuclei. It was an exciting 
discovery. Here, for the first time, the alchemist’s dream of turning 
one substance into another had been realized. True, Rutherford had 
not turned lead into gold; he had only changed nitrogen into oxygen. 
But it was a vital link in the progress of research into the secrets of 
the atom, which has enabled man to transmute one substance into 
another, accompanied by the production of something of greater 
value than much gold, namely, energy. 

The nuclear reaction which occurs in Rutherford’s nitrogen experi- 
ment is represented as follows: 


13N + $He ——> {Jo 
Helium Oxygen 


nucleus isotope 
(«-particle) nucleus 


Nitrogen Hydrogen 


nucleus 


nucleus (proton) 


This may be interpreted thus. A nitrogen nucleus containing 7 
protons and 7 neutrons is struck by an «-particle (helium nucleus) 
consisting of 2 protons and 2 neutrons, forming an unstable collec- 
tive mass of 9 protons and 9 neutrons. This ejects a single high-energy 
proton and becomes transmuted into an isotope of oxygen of mass 
number 17. 

Following the nitrogen experiment, Rutherford and his colleague 
Chadwick succeeded in disintegrating more than a dozen other 
elements by alpha bombardment and obtaining fast protons. 
Calculations made from the range of these protons showed that they 
had energies far greater than those of the «-particles. This was very 
strong evidence that the alphas were actually triggering off nuclear 
disintegrations and thereby releasing nuclear energy. It was not a case 
of simple collision, whereby the «-particle conveyed part of its own 
energy to the proton, as had happened when Marsden first projected 
protons by alpha bombardment. 


Cloud-chamber studies 


Supporting evidence regarding the nature of the artificial dis- 
integrations was obtained in 1925 by by Prof. P. M. S. Blackett, who 
became President of the Royal Society in 1965. 

Blackett shot «-particles into a cloud chamber containing various 
gases and was able to study ordinary collision processes as well as 
disintegrations. Fig. 555 illustrates the common straight-line «- 
particle tracks which are observed. Occasionally, however, a cloud 
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Fig. 569. Cockroft and Walton's ori- 
ginal proton accelerator now in the 
Science Museum, London. (The 
metal stay-rods and collars have been 
added by the Museum authorities for 
greater safety and form no part of the 
original apparatus) 


track displays a forked end (Fig. 567). This results from one of the 
rare occasions when an «-particle approaches so close to the nucleus 
of a gas atom that it is deflected out of its path. The spur track is 
caused by the recoiling nucleus. Thus, when helium was bombarded, 
the two tracks were approximately at right angles and equal in length, 
as might be expected from the collision of two bodies of equal mass 


|— Proton track 


3He 
o 0. 4 %o 
a la a 
(a) (b) (c) 
Alpha particle Alpha particle Disintegration 
colliding with colliding with of nitrogen by 
helium nucleus oxygen nucleus an alpha particle 


Fig. 567. Some interesting cloud chamber tracks 


(an «-particle is a helium nucleus). But in the case of oxygen the 
spur track is much shorter owing to the greater mass of the oxygen 
nucleus compared with that of the «-particle. 

Blackett’s most striking achievement was the evidence he obtained 
to confirm the disintegration of nitrogen by alpha bombardment. 
After many trials he obtained a photograph which showed the path 
of the ejected proton on leaving the nitrogen nucleus (Fig. 567 (c)). 
The thin track going off to the left is that of the proton, and the 
thicker track that of the oxygen nucleus which results from the 
disintegration of the nitrogen nucleus. 


Cockcroft and Walton's experiment 


By the end of the 1920s the use of a-particles for bringing about 
nuclear disintegration had been studied intensively, and the need was 
felt for more powerful atom-smashing missiles. 

Two research physicists at the Cavendish Laboratory, John 
Cockcroft and Ernest Walton, conceived the idea of accelerating 
protons in a powerful electric field and using these instead of «- 
particles to bombard atoms. Encouraged by Lord Rutherford, they 
set to work and, by 1932, had built the necessary apparatus. The 
general scheme of the method they used is shown in Fig. 568. The 
electric field for accelerating the protons was produced by three metal 
tubes set up in line vertically inside an evacuated glass tube about 2 m 
long. By means of a special voltage-quadrupling circuit consisting 
of diodes and capacitors fed from a step-up mains transformer, the 
upper tube was raised to a potential of 400 000 V, the middle one to 
200 000 V, while the lower one was earthed. The original apparatus 
which is now in the Science Museum, London, is shown in Fig. 569. 

One of Sir J. J. Thomson’s hydrogen discharge tubes was used as 
a proton source. Protons from it were injected into the upper tube, 
where they were accelerated by the powerful electric field between the 
tubes and finally emerged from the bottom with the velocity of about 
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8 000 kilometres per second. Here they impinged on a plate made of 
lithium, where some managed to score direct hits on lithium nuclei, 
causing them to éxplode into two fragments. These fragments, which 
were afterwards proved to be helium nuclei, revealed their presence 
by causing scintillations on a zinc sulphide screen. Cockcroft and 


Protons injected 
into tube from 
a hydrogen 

discharge tube 


+400 000 
volts 


Glass tube 


Metal tubes 


+200 000 
volts 


O volts salts ites 


To vacuum 
pump 


Helium nuclei from 
disintegration 


| Ger 


‘Scintillation 


iLithium Screen 
‘plate Mica window 
1 


DETAILS OF TARGET 
Fig. 568. Cockcroft and Walton's proton accelerator 


Lithium target 


Lead covered 
observation 
cabin 


Walton were convinced that the scintillations could not have been 
caused by protons which had merely bounced off the lithium, since 
these had insufficient energy to give them the necessary range 
and the scintillations were characteristic of «-particles rather than 
protons. 

Subsequently the disintegration products were passed into a cloud 
chamber. The tracks of the two helium nuclei were clearly visible, 
thus confirming the conclusion drawn from the original experiment. 
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As we have already explained on page 555, the lithium nucleus 
consists of three protons and four neutrons. When it is penetrated 
by a proton it splits up to form two helium nuclei, each containing 
two protons and two neutrons. 

This nuclear reaction is represented as follows: 


Li 4 iH =—+ 4He + $He 
| | | | 
hi, Helium Helium 
ici Proton nucleus nucleus 
(«-particle) (a-particle) 


Equivalence of mass and energy 


We have already referred on page 89 to Einstein’s theory of the 
equivalence of mass and energy. In 1905 he had shown that the 
relationship between mass and energy is given by the equation, 


E = mce* 
where, in appropriate units, E = energy; 
m = mass; 
c = velocity of light. 


Apart from its importance as the first completely man-controlled 
splitting of the atom, Cockcroft and Walton’s experiment also 
provided the first piece of experimental evidence for the truth of 
Einstein's equation. 

When a nucleus disintegrates the sum of the masses of the frag- 
ments produced is always slightly less than the mass of the original 
nucleus. This loss in mass appears as energy of the fragments. 
Cockcroft and Walton calculated the total energy of the two flying 
helium particles and showed that it was related to the loss in mass 
when the lithium nucleus disintegrated, exactly in accordance with 
Einstein’s equation. 


The Van de Graaff particle accelerator 


About the same time that Cockcroft and Walton were building 
their proton accelerator at Cambridge, a physicist in America, 
named Van de Graaff, was developing an accelerator of a different 
kind. This one has an electrostatic generator which employs point 
action and the principle that the charge on a hollow conductor 
resides on the outside. 

Fig. 570 shows how it works. A transformer-rectifier circuit pro- 
vides an initial high potential toa spraycomb consisting of a series 
of sharp points adjacent to a long moving belt made of special 
insulating paper. Electric charge is sprayed off the comb and on to 
the belt by point action (page 395) and is carried up inside a large 
hollow terminal at the top of an insulating column. Here it is removed 
from the belt by another spraycomb connected to the inside of the 
terminal. Thence the charge passes to the outside surface of the 
terminal and cumulatively builds up a very high potential, limited 
only by the breakdown voltage of the surrounding atmosphere. The 
whole apparatus is therefore enclosed in a pressure vessel containing 
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a gas such as nitrogen or Freon, which considerably raises the break- 
down voltage (Fig. 571). 

Potentials up to 10 million volts can be obtained with Van de 
Graaff machines and are used for producing beams of high-energy 
ions down the accelerating tube shown in the diagram. The ion 
source used is a discharge tube containing hydrogen, deuterium or 
helium, depending on whether protons, deuterons or «-particles are 
required, At the bottom of the accelerating tube the particle beam 


++ Top terminal at 
+ 6000000 volts 


Charge 
collector 


Ion source 


4 
+ 
= Accelerating tube 
+ (vacuum filled) 
Charge + 
conveying 4 
belt 
—~_+| 
4 ¥ 
+ 
Spraycomb + 
E kd Magnet gives field perpendicular to 
paper ond bends particle 


paths according to 
their respective velocities 
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energy only fo pass 
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Fig. 570. Van de Graaff particle accelerator (insulating support and pressure 
vessel not shown) 


passes through a magnetic field at right angles to its direction. This 
bends the beam by different amounts according to the particle 
velocities. The beam then impinges on a narrow slit which allows 
only particles of uniform energy to enter the flight tube on their way 
to the target. 


The linear accelerator 


Another type of accelerator is shown in Fig. 572 (6). It is called a 
linear accelerator and consists of a series of co-axial drift tubes 
connected alternately as shown in Fig. 573 and given an alternating 
potential difference from a very high frequency a.c. source. 

A narrow beam of particles is injected into the tubes from a suit- 
able ion source and the frequency of the a.c. voltage is adjusted so 
that it reverses direction while the particles are traversing a tube. 


Fig. 571. Looking up inside the 
pressure vessel enclosing a Van de 
Graaff particle accelerator 
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Fig. 572 (a) Cockcroft-Walton high-volt- 
age generator which supplies the ion 
source for the linear accelerator at Ruther- 
ford Laboratory, Chilton 


Fig. 572 (b) Proton linear accelerator with vacuum tank cover removed 
showing drift tubes 


They are thus given an impulse and accelerated across the gap between 
tubes. Inside a tube they coast along with uniform velocity, since 
there is no electric field inside a hollow charged tube. By this method 
particles can be speeded up to very high energies. Its main advantage 
is that insulation problems are minimized. The particles are accele- 
rated by a series of small potential differences instead of one or two 
large ones as in the Van de Graaff and Cockcroft and Walton methods 
respectively. 


Cyclotrons and synchrotons 


In contrast with linear accelerators, there is another class known 
as cyclotrons and synchrotrons. These employ an alternating electric 
field together with a powerful magnetic field at right angles to it. 
By this means the particles are accelerated along a spiral path in the 
cyclotron or along a circular path in the synchrotron. The electro- 
magnets used in these machines are very massive. The picture on 
page 537 gives a view inside the proton synchrotron building at 
CERN (European Organisation for Nuclear Research). It shows 
some of the 100 units of a 3400t guiding-field electromagnet built 
in the form of a ring nearly 200 m in diameter. This machine 
accelerates protons to energies of 28 GeV. 

The unit of energy used in particle physics is the electronvolt (eV), 
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Fig. 573. Action of the linear accelerator 


which is defined as the energy acquired by an electron (or a proton) in 
moving through a potential difference of 1 volt. Other units are: 


1 keV = 1 thousand electronvolts 
1 MeV = 1 million electronvolts 
1 GeV = 1 thousand million electronvolts 


With the very high-energy particles obtained from these machines 
atomic nuclei can be disintegrated into a number of fragments and 
many new nuclides produced. 

Some of these nuclear interactions have been investigated by 
bubble chambers which we mentioned earlier on page 563. See Fig. 
574. 


Fig. 574 (2). Hydrogen bubble chamber at the Rutherford Fig. 574 (6). Interactions of 24 GeV protons photographed in the 
Laboratory, Chilton, Berkshire. (For some particle tracks see CERN 32 cm liquid hydrogen bubble chamber. Two interactions 
Opposite) are seen, one producing 14 charged particles and the other 4 


charged particles. A strong magnetic field bends their paths into 
an arc of a circle, and the range, direction and radius of curvature 
of the path gives information about the sign and energy of the 
particle concerned 


The discovery of the neutron 


The neutron, which we have already described as one of the 
nucleons or constituent particles of which the nuclei of atoms are 
composed, was discovered by James Chadwick in 1933. The story 
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behind it really started in 1930, when two German physicists, 
W. Bothe and H. Becker, found that when beryllium and certain 
other light elements were bombarded with «-particles some very 
penetrating radiation was produced which could easily pass through 
a good many centimetres of lead. Irene Curie (daughter of the famous 
Marie) and her husband Jean Joliot also experimented with the 
new radiation and found that it caused protons of very high energy 
to be knocked out of compounds containing hydrogen. They formed 
the opinion that this radiation was simply gamma radiation of 
unusually high energy. However, when they made calculations to 
measure the energies of the supposed gamma photons the results 
did not agree with the laws of conservation of momentum and energy. 

The problem was finally solved by Chadwick, who pointed out that 
all these difficulties disappeared if the radiation was regarded as 
being composed of uncharged particles instead of gamma photons. 
The apparatus he used is shown in Fig. 575. A plate made of the 
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Fig. 575. Chadwick discovers neutrons in 1933 


metal beryllium was bombarded by «-particles and the new radiation 
from it allowed to impinge on a plate of paraffin wax. Protons were 
ejected from the paraffin and detected by means of an ionization 
chamber. Chadwick measured the energies of the protons and was 
then able to show that if the process was treated as a case of simple 
collisions between protons and uncharged particles of the same mass, 
then all the calculations agreed with the laws of momentum and 
energy. This newly discovered uncharged particle was given the 
name of neutron. 


Disintegration by neutrons 


The discovery of the neutron placed a very important atom- 
splitting missile at the disposal of physicists. Apart from «-particles, 
only two controllable particles had been available for the bombard- 
ment of nuclei, namely, the proton and deuteron (heavy hydrogen 
nucleus). The positive charge on both of these particles enables them 
to be speeded up to high energies by electric fields, but at the same 
time their charge was also a disadvantage. It.meant that they were 
strongly repelled away from nuclei, and consequently very few were 
able to penetrate nuclei. Owing to the fact that it has no electric 
charge, the neutron does not possess this disadvantage. 

In the early 1930s it was found that the majority of the elements 
could be successfully disintegrated by neutron bombardment, and 
many interesting and useful products were obtained. Take the case 
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of lithium-6 for example. If this is struck by a neutron it produces the 
radioisotope of hydrogen called tritium GH), which is a beta emitter 
with a half-life of 12-26 years. 

In nuclear reactions a neutron is represented by the symbol !n, 
signifying that it is a particle of mass number one and zero electric 
charge. We can therefore represent the lithium-neutron reaction thus: 


Bm + in — a ~ ae 
Lithium Tritium Helium 
nucleus | Neutron nucleus nucleus | 


The subsequent decay of the tritium is given by 


jH —>- ijHe + - 
Tritium Helium Electron 
isotope bs 
nucleus Wactoxs (8-particle) 


Another interesting case is the action of a neutron on magnesium, 
which is typical of a number of reactions in which the end-product is 
identical with the original. On capturing a neutron the magnesium is 
transmuted into sodium-24, accompanied by the ejection of a proton. 
The sodium nucleus formed is a radioactive isotope with a half-life 
of about 15 hours, which eventually decays back into magnesium 
with the emission of a f-particle. These reactions are represented as 
follows: 


Irradiation of magnesium by neutrons 
mMe + gn — > jNa + 


i Sodium Proton 
ermaien Neutron radioisotope (hydrogen 
nucleus nucleus) 


Beta decay of the sodium isotope 


Na —>  EMe + 
Sodium 7 
joi: Magnesium Electron 
radioisotope r 
nucleus nucleus (8-particle) 


Sodium-24 decays into the harmless magnesium-24 so that minute 
quantities of it are suitable as a tracer in blood circulation studies. 
The use of radioisotopes in medicine is discussed more fully on page 
589. 


Nuclear fission 


The examples of neutron capture just described are concerned with 
the disintegration of nuclei into two parts of unequal size. In 1939, 
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(a) Patient being treated 
with radiation from a 


Gammatron 


(6) Section through the radiation head: 


(1) Housing, cast iron 
(2) Protection, lead 
(3) Source, cobalt-60 
(4) Shutter, tungsten 
(5) Light source 


(6) Reflecting mirror 

(7) Diaphragm, tungsten 
(8) Diaphragm-control 
(9) Exit port 


(c) This Theratron 80 therapy unit at Churchill Hospital, Oxford 
contains a cobalt source supplied by the Isotope Production 
Unit, Harwell. In this model the source is protected by de- 
pleted uranium. The radiographer is positioning the source 
over the patient 


Fig. 576. Gamma-ray therapy with cobalt-60 


Hahn and Strassman investigated the action of neutrons on uranium- 
235 and found that it was split into two roughly equal pieces, one of 
which proved to be barium and the other krypton. Otto Frisch coined 
the expression nuclear fission to describe such cases as this. The im- 
portance of fission is that it is accompanied by the release of about 
ten times as much energy as in the case of ordinary disintegration, 
where only a small piece is broken off the nucleus. The uranium 
fission reaction was first used successfully to produce heat energy ona 
large scale by the Italian physicist, Enrico Fermi, at the University of 
Chicago in 1942. 


In chapter 7 we have already described the fission process which 
goes on inside a commercial nuclear reactor used to produce heat 
for the production of electric energy. The reactions which go on 
inside these reactors are, of course, highly complex, but the one 
responsible for the bulk of the heat production is: 


35 + In > 73U—>'4Ba + 3Kr + 2.9n + energy 
es ey 
or other fission products 
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Artificial isotopes 


Many of the end products resulting from the capture of neutrons 
by various elements are radioactive and have proved to be beneficial 
to mankind in the spheres of medicine and industry. 

Radioisotopes are manufactured mainly by irradiating substances 
with neutrons in a nuclear reactor, but they can also be made by 
bombardment with high-energy particles (e.g., protons or deuterons) 
from an accelerator. In the previous chapter we mentioned the use 
of X-rays for the treatment of cancer. It is now possible to employ 
suitable artificial isotopes for the same purpose. One of the most 
important of these is radiocobalt ($§Co). Ordinary cobalt has a 
nucleus containing 27 protons and 32 neutrons (33Co). If placed in a 
reactor where there is an abundance of neutrons a large proportion 
of the cobalt atoms capture an extra neutron and turn into cobalt-60. 
This decays, with the emission of £-particles together with very high- 
energy y-radiation equivalent to that obtainable from 2:5 million 
volt X-rays. When properly shielded by lead the rays from cobalt-60 
may be brought under control and employed instead of the more 
elaborate X-ray equipment for cancer therapy (Fig. 576). These cobalt 
units or gammatrons are now being used to alleviate human suffering 
in hospitals all over the world. 

Certain other radioisotopes are taken internally, where they are 
selectively absorbed by certain organs, and so concentrate the 
radiation where it is most required. Radioiodine, for example, is 
absorbed mostly by the thyroid gland. 

Radioisotopes are also used as tracers. Small quantities of low- 
activity substances are administered by injection to patients, and their 
passage through the body and location in diseased tissue may be 
ascertained by means of the Geiger—Miiller counter described in the 
previous chapter. Originally designed by Geiger for the purpose of 
counting ionizing particles, this device has come to be one of the 
standard methods for detecting radioactivity (Fig. 559). 


Radioisotopes in industry 


Tracer techniques employing radioisotopes have found increasing 
application in industry. They are used to investigate such things 
as the flow of liquids in chemical plants and for the study of wear in 
machinery. In the latter case a small quantity of a radioisotope is 
incorporated in metal parts, e.g., bearings, piston rings, etc., and the 
rate of wear may then be calculated by measuring the activity of the 
abraded material carried away in the lubricating oil. 

Elsewhere, the ability of substances to absorb y-radiation has 
been adapted to give automatic control of the thickness of paper, 
plastic and metal sheeting as it goes through the production plant. 


Gamma radiography. Autoradiography 


Cobalt-60 and other gamma emitters are used as an alternative 
to X-ray apparatus to produce radiographs for the examination of 
forgings and the welded seams of boilers and other pressure vessels. 
The main advantage here is that of easier portability and the fact that 
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a high-voltage electricity supply is not required. Some examples of 
radiography using radioactive substances are shown in Fig. 577. 

In autoradiography, a thin specimen in which some of the atoms 
have been replaced by radioactive isotopes, is placed in contact with 
a photographic film and takes its own photograph by the emission of 
ionizing radiation. An example of this technique, widely used in 
biological studies, is seen in Fig. 577 (a). 


Safety precautions 


The need for extreme care when dealing with radioactive sub- 
stances cannot be too strongly emphasized. People soon learn to keep 
away from fire because the pain is immediate and obvious, but the 
great danger where radioactivity is concerned is that one can receive 
a severe dose of radiation without being aware of it. A number of 
small doses received over a long period build up cumulatively in the 
system, and may eventually lead to leukaemia or cancer later in life. 
Radiation was a contributory factor to the deaths of both Marie 
Curie and Enrjco Fermi. 

One of the earliest commercial applications of radium compounds 
was in the manufacture of luminous paint for the numbers on watch 
and other instrument dials. The paint consists of a minute quantity 
of a radium salt mixed with zinc sulphide, which glows in the dark 
as a result of scintillations from a-particles. Incidentally, the indi- 
vidual scintillations may be seen if the luminous numbers on a watch 
dial are viewed through a microscope in a dark room. The girls who 
painted the dials had a habit of applying the brush to their lips in 
order to put a fine point on it. Unfortunately the danger was not 
realized in those early days and, over a long period, some of the 
workers absorbed enough radium to produce fatal illness many years 
later. 

Dangers of this sort do not, of course, attend the use of radio- 
isotopes under proper medical control. The isotopes used have half- 
lives measured in days or weeks only, and hence cease to act after 
their proper function has been completed. Also these isotopes either 
decay into harmless substances or else are eliminated from the system. 
Radium on the other hand, remains in bones in the body. It has a 
half-life of 1620 years, and consequently undergoes negligible decay 
over a normal lifetime. The same objection applies to many other 
substances, particularly the radiostrontium and radiocaesium from 
nuclear bomb tests, which can ultimately find its way into the food 
we eat. 

Nowadays the strictest safety precautions are taken in nuclear 
research laboratories and nuclear power stations so that the workers 
there receive no more than the permitted maximum level of radiation 
(Fig. 578). No one, of course, can avoid receiving the normal back- 
ground radiation which originates from radioactive compounds in the 
earth’s crust and from particles and rays entering the earth’s 
atmosphere. 

Radioisotopes are handled by mechanical tongs operated by 
remote-control equipment from behind thick walls made of lead, 
concrete or other suitable material which absorbs the dangerous 
radiations. For transport, thick-walled lead containers are employed, 
and in laboratories radioactive samples are carefully shielded in lead 
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Fig. 577 (a). (Left) A radioisotope being used for radio- 
graphic examination of a complete circumferential weld 
with one exposure 


Fig. 577 (6). (Above) This radiograph of an electric drill was 
taken with an iridium-192 gamma source placed about 1 
metre away 


Fig. 577 (c). (Bottom left) Document dating at the British 
Museum, A distributed source of low energy beta-radiation 
is placed on one side of the paper and a photographic film 
on the other. Dating is achieved from the character of the 
watermark. This, like a trademark, varies from one manu- 
facturer to another and is changed from time to time. The 
photograph shows a beta-radiograph of a page from 
Caxton’s “Golden Legend”, circa 1484 


Fig. 577 (d). (Above) An example of autoradiography, by 
Dr. L. G. Lajtha, Churchill Hospital, Oxford. These human 
blood cells have been “labelled” with tritium, a low energy 
beta emitter. The black spots show where tritium labelled 
thymidine is incorporated in the chromosomes. (A labelled 
compound is one in which one or more of the atoms in a 
proportion of the molecules has been replaced by an active 
isotope.) Magnified approx. 7000 diameters 
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Fig. 578. Safeguarding health. A radiation monitor in use in the change- 
room at Dounreay Experimental Reactor Establishment. Hands are 
checked for contamination by inserting them in special openings, one of 
which is visible in the front of the cabinet 


castles built of lead bricks. This form of protection works both ways; 
in some experiments a lead castle is used to keep the background 


radiation out! 
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QUESTIONS: 46 


1. Describe the change which occurs in the nucleus of a radioisotope when 
it undergoes transformation by emitting: (a) an «-particle; (6) a 8-particle. 

Give one example of each process and write it in the form of symbols. 

2. In 168 seconds, the activity of thoron falls to one-eighth of its original 
value. What is its half-life? Explain this term. (S). 
3. Nameand describe one chief characteristic of each type of emission which 
may accompany the disintegration of a radioactive element. State also 
what changes will occur in the atomic number and atomic mass number of 
the element as a result of each type of emission. 

What is meant by the half-life of a radioactive element? 

Describe briefly the action of a cloud chamber used for detecting 
emissions from radioactive substances. (A.E.B.) 
4. Outline one way of detecting «-particles and describe, as far as you can, 
how it works. 

The counting rate recorded by a detector fixed in front of an «-particle 
emitter is 256 per second. This figure is an average rate worked out from 
a count lasting several minutes, What is the average counting rate twenty 
days later, for the same arrangement, if the half-life of the emitter is five 
days? 

If the number of «-particles were recorded at this time for 1 second 

precisely, would you expect to find the number you have just calculated? 
Give a reason for your answer. (0.C. 
5. What is meant by the phrase, “‘splitting the atom”? Should this be 
replaced by a more appropriate expression? If so, suggest an alternative 
and give your reasons. 
6. What effect does a transverse magnetic field have on narrow beams of: 
(i) y-rays; (ii) B-rays; (iii) -rays from a radioactive source, as they pass 
through an evacuated box? What conclusions can be drawn from observa- 
tions of these effects? 

An atomic nucleus A is composed of Z protons and N neutrons. What 
will be the composition of nucleus B left when A emits an «-particle and 
of nucleus C left when B emits a $-particle? What can we say about the 
masses of A, B and C? (O.C., part qn.) 
7. With the aid of a diagram, explain the construction and action of a 
Van de Graaff electrostatic generator. For what purpose are these 
generators used in nuclear research? 

8. Complete the following nuclear reactions and explain the meaning of 
the symbols used: 


MN 4 4He—> 
ji + |H —> 
Give the names of the physicists whom you associate with these reactions 

and briefly comment on their importance in the history of nuclear physics. 
9. What are artificial isotopes? Mention two methods for making them. 
Give ONE example in each case of their application in: (a) medicine; 
(6) industry. 
10. The radioisotope of barium, '32Ba, emits a @-particle and is trans- 
formed into the stable isotope of lanthanum (La). Express the transforma- 
tion in symbolic form. 
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List of elements 


Atomic Atomic 
et Symbol Name ri Symbol Name 
1 H Hydrogen T 54 Xe Xenon 
2 He Helium 55 Cs Caesium 
3 Li Lithium 56 Ba Barium 
4 Be Beryllium 57 La Lanthanum 
Sms Boron 58 Ce Cerium 
6 Cc Carbon 59 Pr Praseodymium 
i N Nitrogen 60 Nd Neodymium 
8 | Oo Oxygen 61 Pm Promethium 
CRN Fluorine 62 Sm Samarium 
10 Ne Neon 63 Eu Europium 
11 Na Sodium 64 Gd Gadolinium 
12 Mg Magnesium 65 Tb Terbium 
13 Al Aluminium 66 Dy Dysprosium 
14 | Si Silicon 67 Ho Holmium 
15 P Phosphorus 68 Er Erbium 
16 Ss Sulphur 69 Tm Thulium 
17 | a Chlorine 70 | Yb Ytterbium 
18 A Argon 11 Lu Lutetium 
19 | K Potassium Tz, | ooo Hafnium 
20 | Ca Calcium 73 | Ta Tantalum 
21 | Sc Scandium 144) WwW Tungsten 
226.) Tt Titanium 75 Re Rhenium 
Drei Vanadium 76 | Os Osmium 
24 | Cr Chromium 77 Ir Iridium. 
25 Mn Manganese 78 Pt Platinum 
26 Fe Iron 79 Au Gold 
27 Co Cobalt 80 Hg Mercury 
28 | Ni Nickel 81 | Ti Thallium 
29 | Gu Copper 82 Pb Lead 
30 | Zn Zinc 83 Bi Bismuth 
31 Ga Gallium 84 | Po Polonium 
32 | Ge Germanium 85 | At Astatine 
33 | As Arsenic 86 | Rn Radon 
34 | Se Selenium 87 Ee Francium 
35 | Br Bromine 88 | Ra Radium 
36 Kr Krypton 89 Ac Actinium 
37 | Rb Rubidium 90 | Th Thorium 
38 Sr Strontium 91 Pa Protactinium 
EL a ibe Yttrium 92 U Uranium 
40 Zr Zirconium 93 Np Neptunium 
41 Nb Niobium 94 Pu Plutonium 
42 Mo Molybdenum 95 Am Americium 
43 Te Technetium 96 Cm Curium 
44 Ru Ruthenium 97 Bk Berkelium 
45 Rh Rhodium 98 cf Californium 
46 Pd Palladium 99 E Einsteinium 
47 Ag Silver 100 Fm Fermium 
48 | Cd Cadmium 101 Mv Mendelevium 
49 In Indium 102 No Nobelium 
50 Sn Tin 103 Lw Lawrencium 
51 Sb Antimony 104 Ku Kurchatovium 
52 Te Tellurium 105 Ha Hahnium 
53 1 Todine || 
—— 


The elements printed in italic do not occur naturally, but have been 
produced artificially. 


Mechanics and hydrostatics 


Metre (m) 

Kilogramme (kg) 

Weight 8, 

Litre (I) 

Second (s) 

Force 

Law of gravitation 

Force of gravity 

Total gravitational force 

Friction 

Coefficient of static friction 

Coefficient of dynamic 
friction 

Resultant force 

Scalar quantity 

Vector quantity 

Parallelogram of forces 

Triangle of forces 

Moment of a force 

Principle of moments 

Couple 

Conditions of equilibrium of 
parallel forces 

Centre of gravity 

Speed 

Displacement 

Velocity 

Uniform velocity 

Acceleration 

Equations of motion 

Simple pendulum 

Parallelogram of velocities 

Newton's laws of motion 


62, 64, 
Momentum 
Newton (N) 
Law of conservation of 
momentum 


Work 


Joule (J) 82 
Energy 83 
Kinetic energy 83, 92 
Potential energy 83 
Internal energy 85 
Heat 85 
Power 90 
Watt (W) 90 
Machine 99 
Mechanical advantage 99 
Velocity ratio 103 
Efficiency 103 
Density 112 
Relative density 113 
Pressure 118 
S| unit of pressure 118 
Other pressure units 127 
Standard temperature and 

pressure (s.t.p.) 128 
Pascal's principle 134 
Archimedes’ principle 139 
Law of flotation 143 
Graham's law of diffusion 154 
Surface tension 155 
Cohesion 155 
Adhesion 155 
Hooke's law 157 
Heat 
Temperature 165 
Upper fixed point 166 
Lower fixed point 166 
Fundamental interval 166 
Coefficient of linear 

expansion 174 
Boyle's law 185 
Coefficient of expansion 

of a gas at constant 

pressure 186 
Charles’s law 189 


DEFINITIONS AND LAWS 


Pressure coefficient of 
expansion of a gas at 
constant volume 

Pressure law 

Heat Capacity 

Specific heat capacity 

First law of thermo- 
dynamics 

Specific latent heat of 
vaporization 

Specific latent heat of 
fusion 

Saturation vapour 
pressure 

Saturated vapour 

Boiling point 

Dew point 

Relative humidity 


Light 

Ray 

Beam 

Laws of reflection 
Parallax 

Principal axis of mirror 


Principal focus of spherical 


mirror 
Focal length of spherical 
mirror 
Real and virtual images 
Conjugate foci 


Magnification by a mirror 


Laws of refraction 
Refractive index 
Critical angle 

Principal axis of lens 
Principal focus of lens 
Focal length of lens 
Magnification by alens 
Angular magnitude 
Spectrum 

Dispersion 


189 
190 
211 
211 


218 
220 
221 


228 
229 
231 
233 
233 


239 
240 
243 
244 
250 


251 


251 
252 
254 
259 
265 
266 
270 
277 
277 
278 
282 
288 
294 
295 


Wave motion and sound 


Amplitude 
Wavelength 
Wavefront 
Frequency 
Hertz (Hz) 
Wave intensity 
Inverse square law 
Attenuation 
Pitch 

Tone 

Noise 

Musical interval 


304 
304 
304 
304 
304 
325 
325 
325 
340 
341 
341 
342 


Intensity of sound wave 344 


Quality or timbre 344 
Stationary wave 347 
Resonance 351 


Electricity and 


magnetism 
Magnetic pole 359 
Magnetic axis 360 
Magnetic meridian 360 
First law of magnetism 360 
Magnetic field 366 
Magnetic flux 366 
Geographic meridian 369 
Declination 369 
Inclination or dip 369 
Neutral point 372 
Firstlaw ofelectrostatics 381 
Surface density 393 
lons 394 
Electric field 398 
Electric line of force 398 
Capacitance 408 
Farad (F) 408 
Relative permittivity 411 
Electromotive force (simple 
definition) 417 
Polarization 417 
Local action 417 
Ampere (A) 424 
Coulomb (C) 425 
Potential difference 426 
Electromotive force (formal 
definition) 426 
Ohm's law 427 
Ohm (2) 428 
Volt (V) 428 
Ampere’sswimmingrule 440 
Maxwell's screw rule 441 
Right-hand grip rule 442 
Rule for polarity of coil 442 
Electrolysis 451 
Electrolyte 451 
Electrodes 451 
Anode 451 
Cathode 451 
Faraday’s first law of 
electrolysis 454 


Electrochemical equivalent 454 
Fleming's left-hand rule 464 


Resistivity 486 
Work done by an electric 
current 495 
Kilowatt hour 497 
Faraday’s law of electro- 
magnetic induction 517 
Lenz's law 517 


Fleming’sright-handrule 519 


DEFINITIONS AND LAWS 


The nature of matter 
%-particles 

B-particles 

y-rays 

Mass number 

Atomic number 

Isotope 


561 
561 
561 
573 
573 
573 


Unified atomic mass 
unit (u) 
Half-life 
Laws of radioactive decay 
Alpha decay 
Beta decay 
Electronvolt 


573 
576 
577 
577 
577 
584 


597 


598 | NATURAL SINES (left-hand column and top) 


Differences (ADD) 


NNN VY NNN NNN NNN YW WLW WHY WHY WwW WWW WHW WHY Y WW WH wWHUW w 
PRR FR BUY VEY VU Y UU BUY UAW HW UAD AAA ADD A AAA AAD aaa a 


DA AdDW VY BIW AYA AAA we wMDM mHMED Dom wm wHOM DOM DOO © DOS OSLO wow w© 


Differences (SUBTRACT: 


NATURAL COSINES (right-hand column and bottom) 


NATURAL SINES (left-hand column and top) | 599 


Differences (ADD) 


Ke BNN NNN NNN N NNN VN 


mee REN NNN N NNN NNW WHW |W WH WWW LWA F PEE FA 


COM eee 


89 | 9998] 9999] 9999 
PT [see 
The bold type indicates that the integer changes. 

NATURAL COSINES (right-hand column and bottom) 


Differences (SUBTRA‘ 


600 | NATURAL TANGENTS 6(left-hand column and top) 


Differences (ADD) 


2 
S) 


SLR FAB 


SAND AAD ARHD A ADA AAA AAG a 


Seo COS wHm wo MOY YYW YIN I 


es 


Ses 
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The bold type indicates that the integer changes. Differences (SUBTRACT) 


NATURAL COTANGENTS (right-hand column and bottom) 


NATURAL TANGENTS (left-hand column and top) 


3 Sag 


2 


S25 AARL BB 


5-850]5-912 


7-396]7-495 


10-02]10-20 
12-16]12-43 
15-46]15-89 


33-69135-80 
81-85]95-49 


Differences (ADD) 


6°535]6-612|6- 


16-041 |6-107|6-174 
6-772]6-855|6-940)7- 
7:700}7-806}7-916)8- 
'8-915}9-058|9-205 
10-58]10-78] 10-99 


13-00} 13-30} 13-62 
16-83]17-34]17-89| 


'23-86}24-90/26-03 
'40:92}44-07|47-74 


143-2]191-0/286-5) 


oN WEY ArH 


The bold type indicates that the integer changes. Differences (SUBTRACT) 


NATURAL COTANGENTS (right-hand column and bottom) 
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602 | LOGARITHMS 


17 21 25 


15 19 23 
14 17 21 
13 16 19 


12 15 18 
11 14 17 
1113 


10 12 


12 14 16 
12 14 15 
ll 13:15 


13:14 


9 
30 
31 
32 
33 
34 
35 
36 
37 
38 
39 
40 
41 
42 
43 
44 
45 
46 
47 
48 
49 
50 
51 
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LOGARITHMS | 603 
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QUESTIONS : 1 (page 12) 
1, 12-27 cm; 3-63 cm 2. 3-47 mm; 17:74 mm 


QUESTIONS : 3 (page 30) 


3. 15-6 kgf at 34° to 8 kgf; 12-8 kgf at 51° to 8 kgf 

4. 11-5 kgf at 145° to each 7 kgf 

5. 136 kgf at 25°; 63 kgf at 65° 

6. 42° 7. AC, 520 gf; BC, 390 gf 
9. Forward, 14 kgf; lift, 5 kgf 

10. (a) 56 kgf; (6) 84 kef 

12. String, 182 gf; wire, 532 gf 

13. Spring, 5-0 kgf; horizontal, 5-8 kgf 15. 8-5 kgf 

16. 283 gf normal to groove faces 

17. 3-1 kgf at 16° to vertical. 


QUESTIONS : 4 (page 44) 


2. 3 kgf; 6 kef 3. 87°5 gf; 62:5 ef 5. 32 ef 

6. 2cm 7. (a) 10-31 gf; (6) 0-11 gf 

8. (a) 29 cm; (6) 43-5 cm 

10. End nearest to knife-edge; 105 gf 

11. 18-6 cm 12. 100 cm; 50 gf 13. 45 cm mark; 100 gf 

15. 26° 34’ 16. A, 90 kgf; B, 10 kgf; 10kgf 

17. 2-3 em from centre of disc, on side away from hole, on line joining the 
centres of disc and hole. 


QUESTIONS : 5 (page 60) 


1. (a) 38-7 km/h; (6) 10-7 m/s 3. (@) 8-5 m/s; (6) SI m 
5. (a) 24 m, 84 m, 30 m; (6) 8-6 m/s 

6. (a) 5-54 km; (6) 64-8 km/h; (c) 14:8 m/s 

7. 2840 m 8. (a) 5 cm/s?; (6) 0-05 m/s? 9. 1-25 m/s? 


10. 0-14 m/s?; 139 m 11. 10m 12. 32-4 km/h 
14. (a) 19-6 m/s; (6) 19-6 m 16. 0-4 m/s? 
18. 39-2 m/s; 4s 19. 57:6 m/s 20. (a) 3s; (6) 7s 


21. (a) 25 m/s; (6) 31-25 m; 2.500 m/s* 

22. Acceptable ans., 4-9 km/h, N. 20° W.; 810 m (Calen. gives 488 km/h, 
N. 19° 40’ W.; 814 m) 

23. (a) Upstream 33° 34’ with bank; (6) 4m 21s 

24, (a) N. 13° 30’ W.; (6) 25 min 25. V,S,S, V, V,V, V 


ANSWERS TO PROBLEMS 


QUESTIONS : 6 (page 80) 


2. (a) 1-6 m/s; (6) 3-2 m 
3. (a) 0-5 cm/s*; (6) 10 cm/s; (c) 100 cm 


4. 60 kg m/s 6. (a) 29 N; (6) 2-9 m/s?; (c) 59m 
7. (a) 2500 N; (6) 1000 N 8. (a) 3-1 s; (6) 2-6 m/s 
9. 3-04 m/s? 10. No, stops 3 m away 


11. Descending; 0-75 m/s?; 0:60 m/s? 

12. 87-5 kgf; (a) 70 kgf; (6) 35 kgf; 72 kef 

14. 1-5 m/s; they either stop or rebound with velocities such that their 
total momentum is zero 

15. 0:53 m/s 16. 0:0032 N 17. 09 kg/s 18. 980 m/s 


QUESTIONS : 7 (page 96) 


5. 353 W 6. 980 J; (a) 490 J; (6) 980 J 
7. (a) 2:45 m/s*; (6) 9:8 m/s; (c) 19°6 m; (d) 384 J 
8. (a) 69 J; (6) 9-4 m/s; (c) 44.3 
9. 12:5 m/s; (a) 25 m/s; (6) 17-7 m/s 
10. 32000 N (or 32 KN) 12. (a) 690 N; (6) 9-6 kW 
13. P.E.,627J work independent of angle @ between planksand horizontal; 
effort, 392 sin @ N; k.e., 627 J; velocity, 5-6 m/s 
14. 80 kW; 1600 kg/s 15. 10:7 kW; (a) 1780 N; (6) 23-7 kW 
16. 3-1 m; 76J 17. 7t;27kJ;68kJ 18. 3:3 m/s; 16 kJ 


QUESTIONS : 8 (page 109) 


2. (a) 3; (6) 2-4 3. (a) 20; (6) 80% 4. (a) 3-6; (6) 78-5 W 
6. 1:29 kW 7. 65% 8. 75%; 3270 J 
10. (a) 441 N; (4) 3; (c) 1°67; (d) 1100 J 
11, 31 min 15 s; (a) 10%; (6) 3-92 kW 
14. (a) 10° N/m?; (6) 500 N; (c) 160 J 
15. (a) 50400 N; (4) 900; (c) 720 
16. 21.N 17. 0-18; 77% 18. (a) 8; (6) 68 


QUESTIONS : 9 (page 116) 


1. (a) 1:8 g/cm*; (6) 1 800 kg/m* 

2. 605 kg 3. 53-2 kef 4. 0-385 m* 

5. 13:6 g/cm* 6. 0-84 g/cm? 8. 49:5 cm?; 14 cm?; 2-5 g/cm? 
9. 3-75 g 10. 2320 kg/m* 11. 0:89 g/cm? 


QUESTIONS : 10 (page 128) 


2, 392 N/m? (3920 dyn/cm’, or 4 gf/cm?); 7-06 N (7:06 x 10° dyn, or 
720 gf) 

3. 4900 N/m? (4-9 x 10* dyn/cm’, or 50 gf/cm?) 5. 186 cmHg 

6. (a) 20000 tf/m?; (6) 1:96 x 108 N/m? 


8. 1180 N/m?; 13-6 cm 9. 1470 N/m? 
10. (a) 2-4 N; (6) 40 N; 1:6N 14. 10° N/m? 
16. 52 kg 17. 250 g; 40 cm*; 306 g 


QUESTIONS : 11 (page 138) 


1. 10:34m 4. 08; 17-2 cm 
6. 735 mm 7. 10:34m 
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QUESTIONS : 12 (page 147) 


1. (@) 1-8; (6) 15 ef 2. (a) 49-2 gf; (6) 7 g/cm? 
3. 0-024 m 4. 1740 kgf (or 17:05 KN) 
5. (a) 0-67 g/cm’ (or 670 kg/m*); (6) 0:89 g/cm? (or 890 kg/m*) 
6. 0:196 N 7. 0-102 4 8. 25g 9 1:14N 
., Volume of water _ density of mercury; /.. 

10. (i) Volume of mercury —_— density of water Giese 

11. 0-9 kgf; 6-25 kgf 12. 12cm? 

13. 700 kg/m? (or 0-7 g/cm*) 14. 1:17 


15. as 1.020 kg/m? (or 1-02 g/cm’) 16. 14:9 cm 


17. (i) 5g; (ii) 8 cm; (iii) 0-83 g/cm? (or 830 kg/m?) 
18, 56gf 


QUESTIONS : 14 (page 169) 
1. 35°C 2. 60:1 °C 6. (a) 140 °F; (6) 15:6 °C 


QUESTIONS : 15 (page 181) 


2. 14mm 3. 0-62 mm 4, 765 °C 

5. —100 °C 6. 800 °C; 40:4 cm 7. 209 °C 

8. (a) increases; (6) increases; (c) unchanged; (d) decreases 

9. 38cm 10. 50cm 13. Too large; 1-1 mm 


QUESTIONS : 16 (page 195) 


1. 15 cm* 2. 75 cmHg 3. 75 cmHg 

4. 75cm 5. 60:8 cmHg 

6. When level of water in bell is 3-38 m below sea level 

7. 5:33 cm? 8. 80 litre; 10-5 atm 9, 19-25 litre 

10. 387 °C 11. 1-247 litre 12. 85 cmHg; 69 °C 
13. 2 litre; 0-177 g/litre 14. 162 °C 
15. 75 cm’ 16. Pressure doubles in each part 
17. 71 cmHg; 0-003 75/°C 18, 1092 °C; 15 litre; —91 °C 
19. 1-12 litre 


QUESTIONS : 18 (page 219) 


1. (a) 690 J; (b) 120 J/kg °C (or 0-12 J/g °C); (c) 1:56 x 10° 5 
3. (a) 123 J; (6) 123 J; 1-89 °C 

4. 4-1 x 10° J/kg °C 6. 22:2 °C 7. 50°C 

8. 7-5 min 9. 2:25 J/g °C 10. 22°C 


QUESTIONS : 19 (page 226) 


1. 6082 400 J 2. 16:3 J/s 

3. 62400 J; (a) 4 min 40 s; (6) 30 min 

4. 105000 J/kg; 36 800 J 

6. (a) 504 000 J; (b) 1 695.000 J; 8 min 24s 

7. 705 g 11, 198 kJ 13. 120g 14. 158g 


QUESTIONS : 20 (page 234) 


7. 75:8 cmHg; 74-9 cmHg 
12. (a) 2 308 J/g; (6) 100 J/s. Hint: Write down two equations containing 
the unknowns / (specific latent heat of steam in J/g) and h (rate of loss 
of heat in J/s). Then solve for / and A. 
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QUESTIONS : 21 (page 248) 
4. 10°; 50° 7.45m 
8. Length of mirror 90 cm; height of base above floor 84 cm 


QUESTIONS : 22 (page 261) 


1, Object distance 18-75 cm; image distance 75 cm (both in front of 
mirror) 

2. 30 cm from mirror on same side as object; magnification 2; real 

3. 1-2 cm tall; 24 cm in front of mirror 

4. Virtual; erect; 2-5 cm tall; 6-7 cm behind mirror 

5. 30 cm behind mirror; 6 cm tall 

8. 0-4 cm tall; 12 cm behind mirror 

9. 6 cm behind mirror 10. 10 cm in front of mirror 
12. 7-5 cm in front of mirror; 1-25 cm tall 


QUESTIONS : 23 (page 274) 

2, 33° 3. (i) 35° 16’; (ii) 40° 31’; (ii) 4, 1S 

6. 37° 18° 7. 12cm below surface; appears larger 

8. 7-5 cm 10, 27° 55’ 11. 1-33 cm below surface 
12. Angle of emergence 48° 36’ 13. 1-6 
14, (a) 70°; (6) 41° 15. 48° 36°; 8:8.cm 


QUESTIONS : 24 (page 291) 


1, Virtual; erect; 15 cm from lens on same side as object; m = 2:5 
2. (a) real; inverted; 30 cm from lens on side opposite to object; m = 25 
(6) virtual; erect; 10 cm from lens on same side as object; m = 2 
3. (a) 20 cm from lens on same side as object; (6) 20 cm 
4. 3 cm tall; 87 cm from lens on same side as object 
5. Object distance 15 cm; image distance 30 cm 
6, 12 cm from lens on same side as object; 1-6 cm tall 
7. 60 cm from object; 15 cm 
8. 25cm 9. 15cm 
10. 4cm 11. (a) 13-3 cm; (6) 6-7 cm from lens 
13. 13-3 cm from lens on same side as object; 0-67 cm tall; virtual; erect 
14. (a) 12 cm; (6) 16 cm 16. 5 17. 0:3 cm tall; 4-8 cm from lens 
19. Between lenses and 20 cm from second lens; eye normally at least 5 cm 
from second lens; in second case the image is real. 


QUESTIONS : 26 (page 325) 

5. 3 cm; 21 cm/s; 7 Hz; angle of refraction 28° 7’ 

6. (a) 2°; (6) 180 8. 0-36 mm; 4-6 x 10-* mm 
11. 9:8 x 10-5 cm 16. 4:5 MHz 


QUESTIONS : 27 (page 339) 


3. 330 m/s 4. 333 m/s; 4-45 m/s 6, 336 m/s; 126m 
7. 1100 Hz 8. 333 m/s; 100m 


QUESTIONS : 28 (page 346) 
1. 512 Hz 2. 16 rev/s; 26 holes 3. 1200 rev/min 


QUESTIONS : 29 (page 355) 


2. Reduce length by a factor of 3; increase tension by a factor of 24 
3. 33:3 cm 4. 47 m/s 5. 13-5 kgf 
8. 550 Hz; 1 650 Hz 10. (a) 104 cm; (6) 325 Hz 

12. 320 Hz 


ANSWERS TO PROBLEMS 


QUESTIONS : 34 (page 422) 
7. (i) Storage capacity of P 4 


internal resistance of P __ 1 


Storage capacity of 0 


QUESTIONS : 35 (page 437) 
. 6 Veach 

. (I)4 A; GI)SA 

4A 


SrIAwe 


. (a) 0-4 Az (6) 362 


10. (a) (i) 2 Evolts; (ii) 2 R ohms; io amperes; (iv) pe 


(6) (i) Evolts; wt ohms; Gi 


(c) 2 volts; 4 ohms 
Il. (a) 1-5 V; (6) 4.2 
13. 1:38 2; 0-09 A 


15. (a) 0°8 A; (6) 16 V; (c) 202 V 


17. 1:1V;32 


QUESTIONS : 36 (page 448) 
4. 102;0:143 A 


QUESTIONS : 37 (page 460) 


1, 6670s 3. 12000 s 
5. 67400 s 


= pai 


. 1-14 V; (Internal resistance of cell = 


internal resistance of Q 2 


i454; 1; 14; 2; 30 
125 A; 0:5 V; 0-75 V 
A; (6) 3.0A 


oP o. 


2 18V;050 


Rel volts 


amperes; (iv) Para volts 


12. 2V; 059 
14. E= 15 V;r=19; pd. = 10V 
16. (a) 5 2; (6) 252 
18. 03 A 


4, 21 litre 
8. (a) 1:34; (6) 8:22 g 


9. 0:79;2 x 10-$mm/s(or20nm/s) 10. 52 500s 11. 0:198 mm 


QUESTIONS : 38 (page 469) 
6. 50% 


QUESTIONS 
1, 0:08 V 


: 39 (page 478) 


3. (a) 0:512 8 shunt; (6) 1 988Q in series 


2. 0-050 5 © shunt 
4, 2:22Q 


5. (a) 0:026 3 shunt; (6) 999-5Q in series 6. 250 
7. (i) 3600 © in series; (ii) 4-04 Q shunt 

8. 0:4 Q; assume main circuit current is unaltered 

9. (a) 0012 56 2 shunt; (6) 497-5 © in series 


QUESTIONS : 40 (page 489) 


2. 0:498 x 10-° Q m (or 49:8 x 10-° A cm) 


3. (i) 0-2 A; (ii) 1 V 
7.360 


4. Both 3 Q 
8. 2-5 x 10-°°Qm(or2:5 x 10+ Qcem) 


6. 113m 


9. Diameter of B ~ 


10. 02000; 654m 11, 8+ —! 


QUESTIONS : 41 (page 502) 
2. (a) 40 A; (6)302 

4. 86400J;2A 

6. (a) 750 W, 3 A; 1250 W, SA 


Diameter of A _ resistivity of A ) 
resistivity of B 


12. 0:34 A; 63-5 cm 


3.4h 
5. (a) 28-8 Q; (6) 14p 


(6) 750 W, 83-3 2; 1250 W, 50 Q; at 200 V, 1280 W 


71:4 8. 11693 s; 15p 
14. (a) 3-96 2; (6) 15-8 V 


13, £2:63 


11. 470s 
15. 39% 
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QUESTIONS : 42 (page 513) 


7. 2320 I/g (or 2-32 x 10° J/kg) 
8. 2240 J/g (or 2-24 x 10° J/kg) 


9. 21 Sg 10. 280000 J/kg (or 0-28 x 10° J/kg) 
QUESTIONS : 43 (page 535) 

8. (a) 18-9 kW; (6) 0-01 kW 9. (a) 91%; (6) 8p 
11. 556A 12. 1100 V; 44 V 


QUESTION : 44 (page 552) 
10. (a) 2-98 x 10° m/s; (6) 37-5 x 10-3 J/s 


QUESTIONS : 46 (page 594) 
2. 56s 4. 16 counts/s 
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acceleration, 47 
due to gravity, 52-7 
accelerator, linear, 583 
proton, 581 
Van de Graaff, 582 
acoustics of buildings, 334 
adhesion, 155 
adsorption, 20 
air bearings, 21 
conditioning, 234 
density, 127 
alpha, decay, 577 
particles, 561, 564 
alternating current, 477, 526, 531 
ammeter, 429, 473 
calibration of, 456 
hot-wire, 497 
moving-coil, 474 
moving-iron, 477 
ampere, 424 
amplitude, 304 
anechoic chamber, 335 
angular magnitude, 288 
antinode, 347 
Arago’s rotations, 523 
arc, electric, 491 
Archimedes’ principle, 139 
relative density by, 140 
atomic, mass, 571 
mass unit, 573 
number, 571, 573 
structure, 568 
atoms, 149, 385, 554, 568 
splitting of, 578 
attenuation, 325 


back e.m.f. in cells, 417 
in motors, 468 

balance, laboratory, 9 
spring, 17 


balloons, 142, 188 
bar, 127 
Barlow’s wheel, 465 
barometer, aneroid, 125 
Fortin, 125 
simple, 124 
water, 126 
beam, 240 
beats, 345 
bell, electric, 444 
beta decay, 577 
particles, 561, 566 
bimetallic strip, 173 
thermometer, 173 
binoculars, 273 
Board of Trade unit, 497 
block and tackle, 101 
boiling point, 231 
under reduced pressure, 231 
Boyle’s law, 185 
Brownian movement, 149 
bubble chamber, 563, 585 
tracks, 585 


calipers, engineer's, 6 
vernier slide, 6 
caloric, 214 
calorie, 210 
calorimeter, 215, 504 
camera, hand, 285 
pinhole, 240 
capacitance, 407 
capacitors, parallel-plate, 409 
practical, 412 
capillary attraction, 156 
Cartesian diver, 142 
cathode rays, 540 
ray tube, 550 
cells, alkaline, 422 
Daniell, 418 
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cells, dry, 420 

in parallel, 432 

in series, 432 

internal resistance of, 432 

lead-acid, 421 

Leclanché, 419 

simple, 414, 416 
Celsius scale, 167 
chain reaction, 88 
charge, distribution of, 392 
Charles's law, 189, 192 
choke, 533 
cloud chamber, 561 

tracks, 562, 579 
Cockroft and Walton’s expt, 580 
cohesion, 155 
colour, 296 

and wavelength, 317 
commutator, 466, 528 
conduction of heat, 198 
conductors, 382 

hollow, 393 
conjugate foci, 254 
constantan, 426, 480, 486 
convection, 202 
convention, new Cartesian, 260, 

289 

real-is-positive, 260, 289 
Coolidge tube, 544 
cooling curve, 221 
coulomb, 425 
couple, 34 
critical angle, 270 
Crova’s disc, 332 
crystal structure, 150 
current balance, 425 

electric, 417, 424 
cyclotron, 584 


damping, electromagnetic, 523 
dark space, Faraday, 539 
Crookes, 540 
Davy lamp, 200 
declination, 369 
demagnetization, 363, 375, 377 
density, 112, 178 
bottle, 114 
of air, 127 
relative, 113 
deuterium, 573 
deuteron, 573 
deviation, minimum, 274 
dew point, 232 
diamagnetism, 374 
dielectric, 411 
diffraction, 311 
grating, 318 
diffusion, 154 
diode, 547 


dip, angle of, 369 
circle, 370 
discharge tube, electric, 539, 549 
disintegration, nuclear, 576 
dispersion, 295 
displacement, 46 
domain theory, 374 
dynamo, a.c., 526 
d.c., 528 
dyne, 64 


echo, 334 
echelon, 334 
sounding, 336 
eclipses, 241 
eddy currents, 521, 534 
efficiency, 103 
Einstein's equation, 557, 582 
elasticity, 157 
electricity, atmospheric, 397 
electric machines, 395, 409 
installation, domestic, 498 
electrochemical equivalent, 454 
electrolysis, 450 
first law of, 454 
electromagnet, 443 
electromagnetic induction, 515 
laws of, 517 
electromagnetic waves, 323 
sources of, 325 
electromotive force, 417, 426 
electron, 385, 541, 543 
shells, 555 
theory, 385 
electronvolt, 584 
electrophorus, 389 
electroplating, 450 
electroscope, condensing, 415 
gold-leaf, 382, 405 
pulse, 563 
elements, list of, 594 
e/m, for electron, 543 
energy, 83, 86 
binding, 573 
conservation of, 84, 217 
electric, 495 
heat, 85, 210, 214 
internal, 84, 216, 218 
kinetic, 83, 92 
nuclear, 87 
potential, 83, 91, 216 
thermonuclear, 90 
transformation of, 85 
units of, 83 
engines, internal combustion, 93 
jet, 75 
equilibrant, 28 
equilibrium, 40 
of forces, 29 
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erg, 82 
ether, 242 
eureka can, 140, 146 
evaporation, 222, 228 
cooling by, 222 
expansion, coefficient of, 174 
of gases, 183, 186 
of liquids, 177 
of solids, 171 
of water, 179 
eye, 285 


Fahrenheit scale, 167 
Faraday’s rotations, 462 
ferromagnetism, 359, 374 
field, electric, 398 
magnetic, 366 
fish’s-eye view, 271 
fission, 87, 587 
fixed temp. points, 166 
flashing unit, 173 
Fleming's left-hand rule, 464 
right-hand rule, 519 
flotation, law of, 143 
fluorescence, 494 
flux, magnetic, 366 
density, 370 
focal length of lens, 278, 282 
of mirror, 251 
focus principal, 250, 277 
force, 13 
centripetal, 14 
gravitational, 13, 15 
moment of, 32 
on conductor, 463, 465 
resolution of, 26 
resultant, 24 
units of, 64, 68 
forced vibrations, 35 
forces, parallel, 34 
parallelogram of, 24 
triangle of, 28 
forging, 159 
Freon, 223 
frequency, 304, 324, 340 
of tuning fork, 343, 350 
friction, 18 
coefficient of, 19 
electrification by, 386 
equal charges by, 401 
fringes, interference, 313 
white light, 318 
frog’s leg experiment, 414 
fulcrum, 32, 99 
fuses, 500 


galvanometer, moving-iron, 476 
pivoted moving-coil, 472 
Schweigger’s, 440 


galvanometer, suspended-coil, 470 
gamma rays, 561, 568, 589 
gammatron, 589 
gas, 151 
ideal, 191 
laws, 183 
gears, 106 
Geiger and Marsden’s expt, 569 
Geiger-Miiller counter, 565 
gradient, 49 
grainflow, 158 
gramophone records, 457 
gravitation, law of, 13 
gravity, acceleration due to, 52-7 
centre of, 35 
force of, 15 
greenhouse, 208 
grid, electricity supply, 532 


half-life, 576 
Hare’s apparatus, 135 
heat, absorption of, 207 
capacity, 211 
capacity, specific, 211, 504 
definition of. 85, 210, 218 
theories of, “13 
hertz, 324 
Hooke’s law, 17, 157 
hot water system, 203 
hoverpad, 22 
humidity, relative, 233 
hydraulic brakes, 135 
press, 107, 160 
hydrometers, 144 
hygrometer, 233 
hypsometer, 167 


ice, making, 222 
slippery, 225 
sp. lat. ht. of, 221, 511 
ice-pail expts, 399 
ignition coil, 525 
Point, 200 
image, real, 252 
virtual, 252 
images, multiple, 272 
inclined plane, 104 
inductance, mutual, 519 
induction, charging by, 388 
coil, 524 
electromagnetic, 515 
electrostatic, 384, 387 
furnace, 522 
magnetic, 363, 375 
mutual, 519 
self, 520 
inertia, 63 
infrared rays, 298 
insulators, 382 
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interference, 312 
of light waves, 313 
of water waves, 312 
internal resistance, 432 
invar, 176 
inverse square law, 324, 568 
Coulomb’s, 569 
ionization chamber, 559, 563 
of air, 564 
ions, 394, 396, 416, 452 
iron filings method, 367 
isotopes, 572, 588 


jet engines, 75 

joule, 82 

Joule’s expt, 215 

Joule’s heating laws, 496 


kaleidoscope, 246 
keepers, magnetic, 377 
Kelvin scale, 190 
keyboard instruments, 342 
kicking wire expt, 463 
kilocalorie, 210 
kilogramme, 8 

kilowatt hour, 497 

kinetic theory, 149, 222 


lagging, 199 

lamps, electric, 492 

latent heat, 220-3 
specific, 220 

lattice, crystal, 150 

lead, creeping, 171 

left-hand rule, Fleming's, 464 

lenses, 277 

lens formula, 284, 289 

Lenz’s law, 517 

Leslie’s cube, 206 

levers, 99 

Leyden jar, 409, 412 

lift, weight in, 69 

lifting jack, 105 

light, nature of, 242, 310 
trays, 239 
reflection of, 242 
reversibility of, 268 
waves, 304, 312 

lightning conductor, 397 

lines of force, electric, 398 
magnetic, 448, 465 

liquids, 151 

lithium, disintegration of, 
582 

litre, 10 

local action, 417 

lodestone, 359 

lost volts, 433 

loudness, 344 


loudspeaker, 468 
lubrication, 20 


air, 21 


machines, 99 
Magdeburg hemispheres, 119 


magnetic, axis, 360 


declination, 369 
dip, 369 
flux, 366 
flux density, 370 
flux patterns, 367, 376, 441, 448 
lines of force, 448, 465 
meridian, 360 
pole, 359 
saturation, 375 
shielding, 377 
magnetic field, 366 
due to current, 440 
earth's, 368, 370 
magnetism, 359 
domain theory of, 374 
induced, 363, 375 
molecular theory, 373 
magnets, making, 361, 375 
magnification, 259, 282 
Maltese cross tube, 540 
manganin, 426, 474, 480 
manometer, 123 
mass, 8 
conservation of, 89 
nuclear, 572 
number, 573 
matter, states of, 150 
mechanical advantage, 99 
equivalent of heat, 216 
Melde’s experiment, 347 
melting point, 221 
meridian, geographic, 369 
magnetic, 360 
metre, 6 
bridge, 484 
micrometer, 7 
microphone, 533 
microscope, compound, 287 
simple, 279 
miliameter, 472 
millibar, 127 
miner's lamp, 200 


mirage, 273 


mirror formula, 258, 259 
mirrors, plane, 244-48 
spherical, 250-60 
molecules, 149 
length of, 152 
moments, 32 
principle of, 33 
momentum, 63 
conservation of, 71 
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motion, equations of, 47 


Newton’s laws of, 15, 62, 64, 71 


motor, electric, 466 
multiplier, 475 
mumetal, 365, 376 
music, 341 


navigation, air, 59 
neutral point, 372 
neutron, 87, 386, 555, 572, 585 
newton, 64 
Newton’s laws of motion, 15, 62 
nitrogen, disintegration of, 579 
node, 347 
noise, 341 
nuclear atom, 569 
fission, 87, 587 
fusion, 90 
reactions, 579, 582, 587 
reactor, 87 
nucleus, 554 
nuclide, 572 


occlusion, 20 

Oersted’s expt, 440 

ohm, 428 

Ohm’s law, 427 

oil film expt, 152 

organ pipes, 354 
oscillograph, cathode ray, 550 
osmosis, 156 

overtones, 344, 348 


parallax, 244 
parallelogram of forces, 24 
of velocities, 57 
paramagnetism, 374 
Pascal's principle, 107, 134 
pendulum, simple, 52 
compensated, 175 
penumbra, 241 
Pepper’s ghost, 247 
periscope, 247 
permittivity, relative, 411 
phonon, 198, 556 
photoelectricity, 556 
photon, 555, 557 
pigments, 298 
pipes, 352 
pitch, 340 
plan position indicator, 338 
plotting-compass method, 367 
point action, 395 
polarization, 417 
pole, magnetic, 359 
of mirror, 250 
poles, consequent, 363 
potential, 405 
difference, 404, 426 


potentiometer, 487 
power, 90 
electric, 496 
transmission of, 531 
pressure, 118, 120 
atmospheric, 119 
coefficient of, 189 
cooker, 232 
law, 190, 192 
prism, deviation by, 274 
dispersion by, 294 
total internal reflection in, 272 
projector, optical, 285 
proof plane, 387 
proton, 386, 571, 573 
pulleys, 101 
pump, common, 131 
force, 132 
vacuum, 120 


quanta, 556 
quantum theory, 556 


radar, 337 
radiation, 205, 556 
radioactive decay, laws of, 576 
radioactivity, 558 
radiography, auto-, 589 
gamma-, 589 
X-, 545 
rails, continuous welded, 171 
ray, 239 
cathode, 540 
positive, 558 
rotation of, 248 
reaction, 15 
reactor, nuclear, 87 
rectifier, 548 
teflection, laws of, 243 
total internal, 270 
of sound waves, 333 
of water waves, 307 
refraction, 264, 308 
refractive index, 266, 269, 310 
refrigerator, 223 
regelation, 225 
relay, magnetic, 446 
resistance, 426, 428, 485 
measurement, 481 
resistivity, 486 
resistors, 429-31, 480 
resonance, 351 
tube, 352 
reverberation, 334 
time, 335 
rheostats, 426 
right-hand grip rule, 442 
right-hand rule, Fleming’s, 519 
ripple tank, 305 
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rocket propulsion, 74 
Rutherford and Royds’s expt, 
570 


Rutherford-Bohr atom, 554, 572 


sailing, 27 

saturation vapour pressure, 228 

satellite, 325 

Savart’s wheel, 340 

scalar quantities, 24 

scales, musical, 341 

scintillations, 561 

screw, 105 
rule, Maxwell’s, 441 

second, 12 

shadows, 241 

shunt, 474 

sintering, 365 

siphon, 136 

Snell’s law, 265 

solenoid, 361, 442 

solids, 150 

sonometer, 348 

sound, 329 
reflection of, 333 
velocity of, 330, 335, 353 
wave intensity, 344 

specific gravity (see density, 

relative), 113 

specific heat capacity, 211 
measurement of, 504 

specific latent heat, 220, 221 
measurement of, 509 

spectrum, 294, 320 
electromagnetic, 321 
orders, 322 

spectrometer, 295 

speed, 46 
ratio, 102 

speedometer, 522 

spinthariscope, 561 

spring balance, 17 

stability, 41 

static electricity, 380 

steelyard, 39 

S.t.p., 193 

strings, vibrating, 347 

stroboscope, 306 

submarine, 142 

sucker, rubber, 131 

surface density, 393 
tension, 155 

swimming rule, Amperes’s, 440 

synchrotron, 584 


telephone, 447, 533 

telescope, 288 
reflecting, 254 

temperature scales, 166 


thermionic emission, 545 
tubes, 549 


thermodynamics, first law of, 218 


thermoelectric effect, 206 
thermometer, clinical, 168 
gas, 191 
liquid-in-glass, 165 
max. and min., 168 
thermopile, 205 
Thermos flask, 207 
thermostat, 173, 176 
thrust, 118 
ticker-timer, 65 
timbre, 344 
transformation series, 576 
transformer, 530 
transmission of pressure, 107 
tritium, 573, 587 
trolley, dynamics, 65 
tuning fork, 332, 343, 350 


ultrasound, 337 
ultraviolet rays, 298, 326 
umbra, 241 

uranium bomb, 88 


vacuum flask, 207 


Van de Graaff accelerator, 395, 582 


vapour pressure, 228 
saturated, 228-30 
vectors, 24 
velocity, 47 
of e.m. waves, 324 
of sound, 335 
ratio, 102 
relative, 58 
velocities, parallelogram of, 57 
vernier, 7, 12 
virtual image, 245, 252, 280 
vision, defects of, 286 
volt, 426 
voltaic pile, 414 
voltameter, copper, 455 
Hofmann, 451 
voltmeter, 429, 473 


Waltenhofen pendulums, 521 
water, anomalous expansion, 179 
density of, 179 
watt, 90 
wave, intensity, 325 
models, 304, 332 
waveform, 346, 551 
wavefront, 304 
wavelength, 304 
measurement, 316, 321 
waves, electromagnetic, 323 
radio, 326 
sound, 332 
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waves, stationary, 347, 353 
transverse, 303 
ultrasonic, 337 
water, 304 

weight, 8, 14, 15, 68 
in lift, 69 

weightlessness, 16 

Wheatstone bridge, 483 

wheel and axle, 106 

Wimshurst machine, 395 


work, 82, 218 
units of, 82 
Wulf electroscope, 563 


X-radiography, 545 
-rays, 543 
-ray tube, 544 


yard, standard, 6 
Young’s experiment, 313 
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